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PREFACE 

In this book an endeavour has been made to cover the syllabuses 
required in physics for the Intermediate, the Higher School Certifi- 
cate, and Scholarship Examinations of the various universities. 
Although the selection of the material which is to appear is in 
some measure a matter of personal taste, and other teachers may 
assess the various parts of the subject differently, it is hoped that 
a study of the following pages will furnish the student with a 
comprehensive knowledge of the essential principles of elementary 
physics, and provide him with a useful tool for further work in 
this and other subjects. It is this latter aspect which accounts 
for the somewhat numerous references to the applied sciences. 
In order thus to equip the student and complete the argument as 
far as space and the mathematical attainments of the student 
would permit, the author has not hesitated to use the calculus 
notation and, in one or two instances, the powerful and beautiful 
methods of the calculus itself. In this way it is hoped that 
students will acquire, in the earlier stages of their careers, know- 
ledge which is essential if t^ey are properly to appreciate the aims 
of physics, and moreover, knowledge which must be possessed 
before work for a degree in physics is attempted. The author 
firmly believes that such knowledge must be attained at an early 
stage if the task of the student in mastering the more advanced 
parts of his subject is not to be too arduous. 

In presenting this third edition to his readers, the author has 
kept in view three chief aims, viz. (i) to explain in greater detail 
the more elementary parts of the subject, as well as those parts 
which usually appear difficult on a first acquaintance with them ; 
(ii) to add an account of that portion of physics essential to scholar- 
ship candidates and to those who desire to obtain more than a 
superficial knowledge of the subject ; (iii) to endeavour to give 
definitions and to use equations which are correct dimensionally. 
Usually, in an elementary exposition of physics, the dimensions 
of a physical quantity are not considered — a course leading 
to much trouble in later" years. In order to indicate those 
parts of the book which are generally considered to be rather 
above Interm^ate standard, they have been printed in smaller 
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type : such portions shcflild certainly be omitted on a first 
reading. 

In Part I there is a general account of the properties of matter 
where the subject of surface tension has been treated on the basis 
of the idea of surface energy, i.6. molecular happenings in the 
liquid itself. The subjects of diffusion, osmosis, and elasticity, 
have been treated in a somewhat detaUed manner. A brief account 
of the theory of dimensions and examples of its use have been added. 

In Part 11 an elementary exposition of the subject of heat is 
presented. Here the author has endeavoured to give brief accounts 
of some of the more modem and accurate methods of obtaining 
thermodynamical data. In particular, the fundamental principles of 
continuous-flow calorimetry have been developed, and the method 
then applied to the determination of latent heats of vaporization 
and thermal conductivities. In order to maintain ^ uniformity 
with the rest of the book, the specific heat of a substance has been 
defined in such a way that its dimensions are, in one system of 
units, cal. gm.*^ deg.'^ G. This seems desirable, since the dimen- 
sions of all equations appearing in the subject of heat are then 
correct. The chapter on thermal conductivity remains greatly 
extended ; attention is there directed to the distribution of 
temperature in bars along which heat flows under different con- 
ditions ; a brief account of modem guard-ring methods is given 
as well as an application of this method to liquids. In the chapter 
on the first law of thermodynamics the historical development is 
emphasized. Some parts of the chapter on radiation have been 
rewritten, the development now being more logical : an effort is 
also made to draw a clear distinction between processes depending 
only on the emission or absorption of radiant energy, and those 
in which the processes of radiation, conduction and convection 
are simultaneously involved. Moreover, the determination of 
specific heats by the method of cooling is described in the chapter 
on calorimetry — ^not as usual, following an account of Newton’s 
law of cooling, for the method is independent of the validity of 
this law. 

Optics forms the subject of Part IH, and here an effort has been 
made to expound the principles of tracing rays through an optical 
system ; it is only by the actual carrying out of such tracings 
that a thorough acquaintance with the elementary principles of 
optical instruments may be obtained. In dealing with the subject 
of magnification, this has been regarded as a numerical quantity, 
so that any formulse for magnification only contain positive entities. 
These are denoted in the usual manner by |i;i, etc Students seem 
to find this method the least difficult of all. The chapter on optical 
instruments has been rewritten and considerably extended : the 
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treatment is now up to date. The subjects of interference, dififrac- 
tion, and polarization are treated in stiU greater detail. The 
theoretical part has been made to depend on ideas involving the 
time of transit between two points rather than on the number 
of waves. 

In Part IV there follows a brief survey of acoustics, where a short 
account of the modem methods of sound-ranging on land and sea 
has been given. Hero there appears a comprehensive account of 
methods for determining the velocity of sound in air and in sea- 
water : a short section on supersonics is included. The treatment 
of Lissajou’s figures is now more complete. 

Part y, that section of the book dealing with electricity and 
magnetism, has been considerably extended. This section begins 
with an account of electrostatics, in which there is included a 
chapter on the theory of isotropic dielectrics. Here the idea of 
‘ electric displacement * is developed and a brief account of Debye’s 
work on the dielectric constants of gases follows. Gauss’s theorem 
and its applications are then discussed. Electrostatic instruments 
are treated quite fully and in an up-to-date manner. A section 
on magnetism fo^ows ; here, as in electrostatics, the term * strength 
of field ’ is generally used in preference to ‘ intensity of field 
The symbol H now denotes the strength of a magnetic field, so 
that another symbol, e.g. H^, must be selected to denote the 
horizontal component of the earth’s magnetic field. In this section 
on magnetism there is given a short account of an elementary 
form of the Schuster magnetometer and of instruments used for 
recording continuously variations in the magnetic elements. In 
the opening remarks of the first chapter on current electricity, 
the connexion between electricity produced by friction and voltaic 
electricity is discussed. Many changes appear in thcf succeeding 
chapters where a fairly full account of accurate methods of measur- 
ing a current and a resistance has been given. The underlying 
ideas have then been applied to the determination of small resist- 
ances and of small potential differences. More attention has 
been given to the design and principles of construction of electrical 
measuring instruments. The chapter on the magnetic properties 
of iron and steel has again been enlarged ; it includes a brief 
discussion of paramagnetic and diamagnetic substances. The 
chapter on electromagnetic induction has been thoroughly revised. 
Here, as in other part>s of the book, greater stress has been laid 
on historical facts, the pioneer work of Faraday being followed 
step by step. Many new diagrams showing the lines of magnetic 
induction (i) due to the original field, (ii) due to the induced current, 
are shown. The last chapter gives an account of modem work 
concerning the fascinating story of the atom ; it has only been 
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touched upon briefly — ^justt sufficient perhaps to whet a student’s 
appetite for more, but not sufficient to distract him from the more 
fundamental parts of the subject. 

As in the firot edition, the treatment is mainly experimental and 
most of the graphs and numerical examples in the text are taken 
from actual observation. No attempt has been made,, however, 
to give all the practical details of the experiments which students 
are expected to try for themselves, except in some of the more 
difficult exercises. In many instances graphical methods of deab 
ing with experimental observations have been suggested. 

In the near future, the author hopes to publish a text-book of 
practical physics of intermediate standard, and also a collection 
of examples, both worked and to be worked. 

In all parts numerous diagrams will be found. These generally 
are in the form of a * section,’ and it is hoped that these will 
help in an understanding of the text and be found suitable for 
reproduction when occasion arises. Most of the original drawings 
have been executed from very sketchy material by my brother, 
Brigadier L. 6. Smith, O.B.E., and to him I wish to express xny 
very best thanks. The author also wishes to thank D. Orson 
Wood, Esq., M.Sc., for the valuable suggestions which he has 
continued to give. Thanks are also due to numerous correspondents 
who have pointed out eiTors of omission as Well as of commission ; 
also to Professor Sir Charles V. Boys, F.R.S., Professor A. Ferguson, 
D.Sc., Professor L. F. Bates, D.Sc., l)r, J. H. Brinkworth, Dr. 
H. J. T. EUingham, and J. Nicol, Esq., B.A., B.Sc., who have 
made suggestions with regard to the earlier editions or who have 
gladly given advice when consulted. Lastly, the author would 
like to ex])ress his appreciation of the continued help given by his 
wife (neb H. F. Taylor), without whose assistance in all matters 
connected with this edition its publication would have been delayed 
still further. 

Apnl 1947. 
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PART I 

FUNDAMENTAL MEASUBEMENTS AND THE 
GENERAL PROPERTIES OF MATTER 

CHAPITER I 

THE MEASUREMENT OF LENGTH, ANGLE, TIME 
AND MASS 

Natural Science. — ^That branch of human knowledge in which 
the properties of the material world are examined and then dis- 
cussed is called natural science. Throughout the ages there 
hav^e always been those who have endeavoured to become better 
acquainted with the events around them, whilst, until recently, 
there has always been a majority who have been content to live 
in the midst of phenomena about which they knew little ; to them 
science made little or no appeal. They were disposed rather to 
regard all phenomena as simple and self-explanatory. At the 
present time, however, such a state of affairs can har^y be con- 
ceived, since the advent of wireless and the extensive use of elec- 
tricity in daily life have made it almost essential for everyone to 
become acquainted with the elements of science. But even in the 
centuries which have gone there have always been those who were 
not satisfied with a cursory view of Nature, so that they sought 
to discern the natiure of things by careful experimental study. 
The experimentalist is for ever probing the inner secrets of Nature 
and, in so doing, ho becomes more cognizant of the majesty and 
mystery of the universe around him. It is very probable that a 
study of Nature was begun soon after the appearance of Man upon 
this planet, for it is very difficult to imagine even amongst a tribe 
of uncouth savages an entire lack of interest in the wonders con- 
fronting it. To these people, however, every manifestation of 
Nature’s power was a thing of awe and fear, capable only of being 
changed by prayer and intercession to the gods and demons which 
were believed to have their habitations in the material things of 
this world. Gradually, however, succeeding generations, profiting 
l.P. 1 B 
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by tho knowledge handed down to them from their ancestors, began 
to refer various effects to certain fixed causes. They learned to 
interpret the signs of the heavens, and put their frail barks to sea 
when they thought that a period of calm was likely to persist. 
They became acquainted with the footprints of various animals 
and knew the times when these animals would come for water. 
Traps were set, and with the flesh of tho animals so caught these 
people were able to provide for the sustenance of their families ; 
the skins of the animals provided them with raiment for their 
bodies and also enabled them to erect a cover to protect them- 
selves from the fury of the storm. These ancient inhabitants of 
the earth were really becoming familiar with laws, for they were 
realizing that certain causes would inevitably be followed by certain 
effects. 

In every generation a few people were able to add a little to 
the sum of human knowledge, and each now discovery made further 
progress more rapid, until, during the last few decades, tho fidvance- 
ment of scientific knowledge biis been as remarkable as it has 
been beneficial to mankind. No man is able to claim a thorough 
acquaintance with all the laws and theories of modern science, so 
that it has been necessary to divide natural science into several 
branches, physics, chemistry, biology, etc., and the great strides 
which have been made in all these branches during the last century 
and this, have made further subdivision imperative in aU these 
sections of natural science. In biology the properties of living 
matter are investigated. Hero, much of the work is at present 
only of a qualitative nature, for the proccs6e.s which are at work 
are very complicated and intricate, necessitating a vast amount 
of research before the laws governing them can aU become known ; 
recent developments in this field have made it very apparent that 
there are definite laws and that these laws must be obeyed or the 
penalty paid. In physics and chemistry the properties of inert 
matter are examined and the investigations now completed are so 
extensive that many quantitative laws are known, the discovery and 
formulation of which have been made possible by the availability of 
exact standards of measurement. These have arisen from the fact 
that, if real progress is to bo made, exact comparisons must be 
possible. Amongst the instruments of greatest service iu the 
development of modern science are the balance, thermometer, 
spectroscope, microscope, and that new and powerful tool the 
X-ray spectrometer — which has extended our knowledge of tho 
structure of atoms in a manner which would otherwise have been 
almost impossible. Another rea>son why exact standards of refer- 
ence have beoome so necessary at the present time is that industry 
is always making demands upon the scientist to supply it with 
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more accurate tools, or standards for checking the articles it manu- 
factures. A mere mention of the aeroplane, or of the thermionic 
valve, brings home to us at once the truth of the above statements. 
We shall therefore begin our study of physics with a short discus- 
sion of the fundamental units whi(ih form the basis upon which 
modern science has been built. In passing, a brief reference to the 
difference between the science of to-day and that which flourished 
at the time of the ancient Greeks may not bo inappropriate. 'I'hose 
early philosophers wore content to make obficrvations on a few 
things and proceed at once to develop a theory, and once having 
framed it they a<lhered to it most tenaciously. The procedure 
during the last few centuries has been very different. Scientists 
had realized that theories were utterly useless unless they could 
be substantiated by numerous facts, and they therefore sot aside 
the art of making theories and directed all their attention to estab- 
lishing facts. When these facts had been correlated, theories 
became possible, although modern scientists have always recognized 
that it is the facts which are true and that the theories are merely 
the product of man ; hence, like man, they may bo here to-day 
and gone to-morrow. 

The Three Fundamental Units.— The statement that the 
height of St. Paurs Cathedral is 366 ft. conveys two ideas—one 
is the unit [the foot], while the other states how many times this 
unit is contained in the height of the object measured. Later on 
WG shall find that all units, e.g. those of sj^eod, force, electric cur- 
rent, polo strength, etc., may each bo exjuesscd in terms of three 
others, viz. length, mass, and time. Those are the three funda- 
mental units p while all others are called derived units. The 
fundamental imits in scientific work are the centimetre, gram, and 
second, so that the system of units based on these particular units 
of length, mass, and time is referred to os the cm.-gm.-scc. [e.g.s.] 
system. In England and English-speaking countries, another 
system is nearly always used for domestic and commercial pur- 
poses : it is known as the foot-pound -second [f.p.s.] system 
bocauBO its fundamental units arc the foot, pound, and second. 

The Measure of Length. — In England the unit of length is 
the foot, which is defined as one-third the distance between the 
central traverse lines on two gold plugs in a bronze bar oalled the 
Imperial standard yard when this bar is at 62® F. and supported 
BO that it is not bent when comparisons with it are being made. 
[Weights and Measures Act, 1878.] A longitudinal section of this 
bar is shown in Fig. !•! (a), the two gold plugs being shown in black. 
It wiU be observed that the upper surfaces of these plugs on which 
the fiducial lines are engraved are in the median plane of the bar 
where the errors due to any possible bending are a minimum. 
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The unit of length in the' G.g.s. system is the centimetre which 
is defined as the one-hundredth part of the metre. This latter 
was intended to be one-ten-millionth part of the line of longitude 
passing through Paris and extending from the North Pole to the 
Equator. Actually this desire was not quite fulfilled, and so, for 
legal and scientific purposes, the metre is defined as the length at 
0*^ G. between two fixed lines engraved upon the central flat portion 
of a platinum-iridium bar, a cross-section of which is indicated in 



(a) (b) 

Fio. I'l. — Standards of Length. 

Fig. 1*1 (b). This bar is termed the International prototype 
metre. Its length in metres at any other temperature is given by 
+ [(8*661f + O OOKKX*) x lO^*] 
where is the length at C. 

The Measure of Mass. — In the British system the pound is 
the unit of mass ; it is defined as the mass of a certain platinum 
cylinder marked * P.S. 1844, 1 lb.’, and deposited with the "Warden 
of Standards in London. When a copy of this platinum standard 
is to be made in some other metal it is necessary to allow for the 
buoyancy of the air so that in recent acts the words ‘ in vacuo ’ 
have been added to define the standard condition of the platinum 
cylinder. 

The metric system adopts as its standard of mass the gram, 
which is the thousandth part of a mass of platinum-iridium, called 
the International prototype kilogram. This latter is very 
nearly the mass of a cubic decimetre of distilled water at such a 
temperature that its density is a maximum, viz. 3*98'’ G. when 
the pressure on the water is one atmosphere. It is just as neces- 
sary to specify the pressure as it is the temperature in the above 
statement, since the volume of a given mass of water depends 
upon the external pressure to which it is subjected. 

Time. — ^The choice of a standard of time is more difiScult than 
for the other fundamental units, since, whereas different lengths or 
masses may be compared with the same respective standard, no 
standard unit of time is available — ^time can only be measured by 
the repetition of a process. The rotation of the earth about its 
axis is an excellent standard of uniform motion, but it is not quite 
perfect. Tidal friction increases its period of revolution, while 
any contraction in its size tends to accelerate its motion. The 



LENGTH, ANGLE, TIME AND MASS 5 

other natural clocks which astronomy ofFers to us are the revolu- 
tions of the planets or of the satellites of Jupiter. These are not 
convenient standards, however, so that they are only used , as a 
last resort to confirm or disprove any variation which may have 
been suspected in some other standard clock. 

The unit of time is the mean solar second which is the 
part of a mean solar day. The solar day is the period which elapses 
between successive transits of the sun across the meridian at any 
point on the earth’s surface. The duration of a solar day is not 
a constant magnitude but varies according to the time of the year 
when it is measorod. It is for this reason that the average value 
of the solar day taken over a twelvemonth is used in defining our 
unit of time, and this mean value is called the mean solar day. 
Astronomers, however, use a different unit of time known as the 
mean sidereal second. This is derived from the mean sidereal 
day which is the average value of the period which elapses between 
successive transits of one of the fixed stars across a meridian, the 
average being taken over a period of one year. 

In consequence of the earth’s orbital motion round the sun, the 
time interval between two successive transits of the sun across the 
meridian at any place on the earth is different from that between 
two successive transits across tliat meridian of a fixed star. For 
simplicity, lot us assume that the earth’s orbit is a circle with the 
sun, S, Fig. i*2, at its centre. This circle has a radius 9-3 X 10* 
miles, and is de- 
scribed in 3 6 5 
days, 6 hours, 9 
min., 9 sec. (solar \ Toa 
time) — the length ^ 
of a so-called 
sidereal year, or ^ 
the time interval 
between two suo- 
ccssive appear- 
ances of the sun 
in the same position relative to the fixed stars. Let Ei be the 
position of the earth when a transit of the sun and of a star occur 
simultaneously. When the earth has made one complete revolution 
about its axis, i.o. the next transit of the star takes place, it will be 

at Eg but, as the diagram shows, a further rotation through 
must occur before the sun crosses the meridian. Hence the solar 
day is longer than the sidereal day. Actually the mean sidereal day 
is equal to 23 hours, 56 minutes, 4-09 seconds of mean soLor time. 
[N.B. — If the earth rotated about its axis in the opposite direc- 
tion, the solar day would be shorter than the sidereal day.] 
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The Vernier. — ^When ifc is desired to determine the distance 
between two given points it is quite fortuitous if that distance 
happens to bo an exact multiple of the unit of length used ; in 
general there will reinain a fraction of a unit for which the rela- 
tively coarse divisions on the scale cannot account. This small 
fraction is determined with the aid of a vernier, the principle 
of which may be learned from the following : Let AB, Fig. 1*3 (a), 
be a line 9 cm. in length, and let AG and BD be two parallel lines 
each 10 cm. long. By dividing these two paraUel lines into ten 
equal parts and joining corresponding points by straight lines the 
line AB is divided into ton equal divisions. This constitutes the 
vernier scale. Suppose now that the one extremity of a body 
being measured lies somewhere between the divisions marked 41 
and 42 on the main scale. To locate the position of the end of 
the body more exactly the vernier scale is placed with its zero 
end in contact with the extremity of the object, when it is observed 
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that the sixth division on the vernier scale coincides with a 
division on the principal scale — cf. Fig. 1’3 (6). Since each division 
on the vernier is one-tenth of nine divisions on the principal scale, 
i.e. in this particular instance one- tenth of 9 cm., and therefore 
0-9 cm., it follows that tho difference between one division on the 
principal scale and one on tlie vernier is one-tenth of one division on 
the principal scale, i.e., 0*1 cm. on tho vernier constructed above. 
Hence the difference between six scale divisions and six vernier 
divisions is 6 X 0*1 cm., so that the required reading is 4'l-6 cm. 

In actual practice this method of constructing a vernier is always 
applied to the smallest divisions on the principal scale, i.e. one finds 
that the vernier is generally 9 mm. long, so that each division on 
it, if it is divided into tenths, is 0-9 mm. = 0*09 cm. The difference 
between one division on each of tho two scales is then 0*01 cm. 
When greater accuracy is required, nineteen small divisions on the 
principal scale are divided into twenty parts so that the difference 
between one small division on it and onvt on the vernier is one- 
twentieth of a small division on the principal scale. 
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Slide Callipers. — Ah an actual example of the use of a vernier 
to determine tenths of a millimetre reference may bo made to 
a pair of slide calli])er8, Fig. ]-4. Q is the main scale, graduated 
in cm. and mm., while the vernier V is attached to a movable jaw 
B. The jaws A and B are perpendicular to the scale Q ; the body 
P whose length is required is inserted between these jaws. When 
the jaws are closed the zeros of the scale on Q and the vernier V 
should coincide, whilst when 
the jaws are open the posi- 
tion of the vernier zero 
gives, on Q, the perpendic- 
ular distance between the 
jaws. In this particular 
instance, 10 vernier divisions 
are equivalent to nine small 
scale divisions, i.e. to 9 mm., 
so that each vernier division p-io. 1 . 4 .— Slide Callipers, 

is equal to 0-9 mm. Now 

the difference between one small division on iho ]n*in(;i])al scale and 
one division on the vernier is [0*1 — 0*9 (O-l)] cm. = (0*1 - 0 09) cm. 
= O'Ol era. From the figure it is seen that the diameter of the 
object P is between 7 mm. and 8 inm., and that the seventh 
division on the vernier coincides with a division on Q ; hence the 
small fractional part which is rccpiirod is the difference between 
7 small scale divisions and 7 vernier divisions. This differenco is 
scv(?n times the difference between 1 principal scale division and 
1 vernier division, viz. 7 X 0*0 1 cm. — 0*07 cm. The length of the 
object is, therefore, 0-7 + 0-07 ~ 0*77 cm. 

The Micrometer Screw. — ^Tho micrometer screw gauge is 
another device for measuring small distances accurately. A linear 
scale in millimetres is engraved parallel to the axis of a cylindrical 



Fia. 1-5. — Micromotor Screw Oaugo. 


tube A, Pig. 1*6, this latter carrying a curved arm BC. Inside the 
tube A moves an accurate screw S, the pitch of which is 0*5 mm. 
— the pitch of a scjrew is equal to the length through which 
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the screw moves when it is rotated once about its axis. This 
movement is obtained by rotating the head H. This rotation 
also causes the collar K to turn around its own axis. The 
bevelled end of E is divided into 60 equal divisions, so that a 
rotation of K through one division corresponds to a movement of 

mm. = 0*01 mm., these divisions being used for inters 

polating the distance between the mm. divisions on A. The ex- 
tremity of S and the face of C are perpendicular to the axis of 
the screw ; between these two jaws the object to be measured is 
placed. When these jaws are in contact the zero on the bevelled 
edge should coincide with the zero on the mm. scale ; before 
using the instrument this point should always be tested, and if 
the instrument has a zero error the corresponding correction ^ 
must be applied. The head H is arranged so that when the jaws 
of G and S are in contact, either with each other or some object, 
a further rotation of H fails to impart any movement to K. 

Screws. — ^The micrometer screw gauge just described is an 
example of the use which is often made of an accurately cut screw. 
The threads of screws are generally triangular or square in section 
as in Fig. 1*6 (u) and (c). Perhaps the most important thread used 




(a) (6) (c) id) 

Fio. 1-6. — SoTOws. 


by engineers is the Whitworth V thread in which the angle of 
the thread is 65 degrees — cf. Fig. 1*7. In all screws the distance 
through which the screw advances when it makes one complete 
revolution is called the pitch of the screw. In diagrams screws 
are conventionally represented as in Fig. 1*6 (6). 

Back-lash. — Screws may be used to impart a translatory motion 

' The words correction and error are sometimes used as if they were 
synonymous. This is not so, it being preferable to define the correction 
as the quantity which must be added algebraically to the observed reading 
in order to obtain the true reading. The error is then equal to the negative 
value of the correction. Thus if a thermometer reads — 0*6^ 0. when in 
melting ice, the temperature of which is defined as 0" 0., then the correc- 
tion is -f 0*6® C. and the error — 0*6® C, 
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to a nut in which they work, and the amount of rotary motion 
which can be imparted to a screw without causing any movement 
of the nut is known as back-lash. It is sometimes due to wear 
or to imperfections in the manufacture. Very often, however, 
especially if the screw is intended for precision work, a certain 
amount of back-lash is allowed when the screw is being cut. 
The reason for this is that if an attempt is made to make the 
screw and nut fit exactly then the fit is soon destroyed by wear 
owing to the somewhat largo forces operating upon screw threads. 



Fia . 1*7 . — Whitworth Sorew Thread. 


It is therefore better to design the screw so that only one of 
its faces is in contact with tho nut — in this* way the wear is 
reduced to a minimum. When using screws for th«^ purpose of 
estimating small distances, care must always be taken to turn 
tlie screw in one direction through a relatively large distance 
when setting the screw before an observation. Fig. 1.6 (d) will 
perhaps help to make these remarks more clear. 

The Travelling or Vernier Microscope. — In order to measure 
short vertical or horizontal distances, a vernier microscope is fre- 
quently used. A precision form of this instrument is shown in 
Fig. 1*8. It consists of a microscope, M, clamped to a tube, A, 
supported in a rigid frame, B. When the microscope is thus 
clamped, a maximum displacement of 4 cm. may be imparted to 
it by means of a screw, S, operated by tho milled head, H. The 
amount of this displacement is measured by a horizontal scale, D, 
which gives the complete number of revolutions of the milled head, 
the fractional part of a rotation being given by the divisions on the 
wheel, F, attached to the screw. The microscope may, however, 
be clamped in position at any point along the tube so that longer 
distances are measured by a succession of smaller displacements of 
the microscope. Tho microscope is fitted with an achromatic 
objective and eye-pieco with cross-wires. The object under 
examination is supported on a small sliding table, resting upon 
geometric clamps, and provided with aligning adjustments operated 
by screws. A steel spring placed inside the tube, A, and attached 
to the stud, K (fixed to the stand, B), and to the end, L, of the tube, 
80 that the spring is stretched, keeps the»end, N, of the tube, A, in 
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contact with the extremity of the screw, S. [When the instrument 
is to be used to measure vertical distances, it is provided with a 
tripod base with levelling screws, so that the microscope may be 
traversed vertically.] 

In order to measure with the aid of this instrument the diameter 
of a brass disc, for example, the eye-piece is first adjusted so that 
the cross-wires can be seen clearly — when this adjustment has 
been performed the eye-piece must not be disturbed again. The 
microscope is then raised or lowered ty the rack and pinion, R, 
until the details in the object are visible. This having been done, 
the microscope is moved either horizontally or vertically until 
the image of the edge of the disc coincides with the cross- wire in 
the eye-piece, the microscope being adjusted so that there is no 
parallax. The appropriate scale is then read, and the microscope 



afterwards moved so that the other extremity of the object coin- 
cides apparently with the cross- wire. The difference in the read- 
ings on the scale gives the diameter required. 

Whenever it is necessary to determine tlie diameter of a circular 
object it is always advisable to measure two diameters in directions 
at right angles to each other. If the body has a cross-section which 
is slightly elliptical its mean diameter is the mean of any two 
diameters at right angles to one another, for it may be shown 
that the mean of any two mutually perpendicular diameters of an 
ellipse which is almost a circle is a constant for any given such 
ellipse. 

Experiment. — ^The following exercise, which is to determine the 
number of centimetres equivalent to one inch, provides a means of 
becoming familiar with the use of a travelling microscope and illustrates 
also how to obtain a mean value from a series of observations. A 
steel scale graduated in inches and tontlis of on inch is attached to 
the bed of the microscope and the microscope focussed on on image of 
one of the dividing lines on the inch scale, the eyepiece having pre- 
viously been adjusted so that the cross-wires in the microscope are 
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clearly seen. The microscope is arranged so that there is no parallax 
between the cross-wires and the image of the particuhir dividing line 
which is being observed. The reading on the centimetre scale attached 
to the microscope is noted. The next dividing line is then observed 
and a similar reading obtained. The process is continued until about 
ten observations have been obtained. The fractional part of a centi- 
metre corresponding to one-tenth of an inch may be found as follows. 
Let us suppose that when the microscope is moved by successive 
increments (tenths of an inch), the corresponding readings on the 
scale of the travelling microscope are Oj, Oj, . . . (say). How 
are we to obtain arithmetically the best value for the shift of the 
microscope corresponding to 0*1 inch ? If we deduce (ag — a^), 
(a 5 — a 2 )t etc., and then calculate the mean of these quantities wo only 
utilize the first and lost observations, for 

(Og — Oi) + (ag am) -{-•••+ (^*10 <* 9 ) ~ (^10 ^i)* 

This may be avoided by calculating 

(Og (Uf Cg), . . . (OjQ — Ug). 

The mean of those quantities, viz., 

+ ^7 + • • • aio) (®i 4- ttg • • • Og)] 
then givas the average length in centimetres equivalent to 0*5 incli, 
and wo notice that the calculation involves each reading once, anil 
once only. 

The Spherometer. — ^This instrument, which * was specially 
designed for determining the radii of curvature of spherical sur- 
faces, is shown in Fig. 1*9 (a). The circumference of the screw 
head H is divided into 100 equal divisions ; the pitch of the screw is 
0*5 mm., so that each division corresponds to 0*005 mm. The 
scale S gives the number of complete revolutions which the head 
makes. The points of the legs A, B, C are all in one plane and 
form an equilateral triangle. To set the instrument when, for 
example, the radius of curvature of a convex surface is being deter- 
mined, it is placed on a sheet of glass and the screw-head, H, 
turned until D, the central leg of the instrument, is a little lower 
than A, B and C, Fig. 1*9 (6) ; if the instrument is tapped gently 
it rocks about an axis passing through the points of contact with 
the surface of D and of one of the fixed legs. The screw-head N 
is moved until this rocking ceases — the points A, B, C and D are 
then all in one plane. In estimating the position where the rocking 
just ceases, rotate the head through five divisions at a time when 
the position is being approached. Do this until the rocking ceases. 
Then, having rotated the head back through several divisions to 
avoid errors due to back-lash when the screw is advanced, turn the 
head in the initial direction through one division. Test for rocking 
on each occasion and proceed until the exact position of no rocking 
La located between two successive readings of the position of the 
head H. H is then raised until, when the spherometer is placed 
on the spherical surface, the instniment just ceases to rock. The 
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difference in the readings gives the height through which the screw 
D has been moved— let this be h. Let a be the distance between 
the outer logs and D when all four legs have their extremities in 
one plane. Then in Fig. 1-8 (c) 

OA* = AD» + OD» 

i.e. R» = o* + (R - A)* = R» - 2RA + h* + a' 


i.c. 



h 

2 ‘ 


If a is the distance AC, a — oVS, so that 


a* h 



In using tiiis instrument it is convenient to obtain first a reading 
with the central leg in the lowest position which it will occupy in 
any experiment, for, unless this procedui*e is adopted, the fractional 
parts are (1 — the reading on H) ; this tends to be confusing. 
The head is then rotated so that the screw D moves upward. The 
number of complete revolutions made by this head is best deter- 
mined by counting, since it is not always easy to locate the position 
of the periphery of H on the vertical scale S. The fractional part 
of a rotation is determined in the usual way. 
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Example , — In determining the thickness of a piece of glass with a 
sphorometer the pitch of whose screw is 0*6 mm., the readings wore 
(i) 0*47 mm., (ii) three complete turns and a fractional part 0*25 mm. 

/. Thickness = [(3 x 0*5) + 0*26] — 0*47 mm. = 1 *28 mm. 

Circular Verniers. — ^When it is essential to measure angles 
with an accuracy greater than th%t obtainable with a protractor, 
use is made of a circular vernier. The actual vernier found on 
any particular instrument will depend upon the smallness of the 
divisions on the main scale. As an example let us assume that 
this scale reads directly to half a degree. If the ultimate aim is 
to measure an angle correct to one minute the following procedure 
may be adopted. Twenty-nine divisions on the main scale are 
divided into thirty equal small divisions, so that the difference 
between one scale and one vernier division is one-thirtieth of 
half a degree, i.e. one minute. Hence if the 12th division on the 
vernier coincides with a division on the main scale, the fraction 
of a degree to be added to the reading of the main scale is 12 
minutes. [Note that the main scale is divided into half-degree 
divisions.] 

Indirect Methods of Measuring very great Distances.— 
Hitherto only direct methods of measuring a length, i.e. methods 
involving the repeated application of a standard or sub-standard 
rod of known length, have been mentioned. Lot us see whether 
it is legitimate to apply indirect methods to measure lengths, such 
as the distance between two mountain peaks or that between the 
earth and a heavenly body. In these indirect methods a base line 
is selected — it may be the diameter of the earth's orbit — and 
various angles are measured. The required distance is then calcu- 
lated by means of some trigonometrical formula. In this method 
certain light rays are identified with 
straight lines defining the sides of a 
triangle : but this is an assumption, 
finally to be tested experimentally. It 
is now known that for terrestrial dis- 
tances the assumption is justified, but 
in an astronomical survey involving 
immense distances certain corrections 
have to bo applied. These remarks 
are made here in order to show that 
there may be inherent difficulties 
when indirect methods are used to 
determine an apparently simple physical quantity such as a 
length. 

The equation y = a + bx^ — ^Let PL, Kg. I-IO, be a straight 
lino making an intercept of length a on tlic axis O Y. Let P bo any 
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point (sr, y,) oji this line. Draw PM jierpendicular to OX and LN 
parallel to OX. Then 


y - PM == PN + NM 
= PN + OL 

If we call -= 6, tlds equation becomes 

y = a + hx. 


Any equation of this type therefore represents a straight line, i.e. 
it is a linear equation between the variables x and y ; if an 
equation contains powers of x it may be said at once that it is 
the equation to some form of curve. The constant 6 in the 
above equation measures the slope of the line. 

The Graphical Determination of Laws .—Whenever possible 
the results of an experiment should bo shown graphically and if 

the results happen to lie on a straight 
line its equation determined. The 
oonsiants in such an equation will 
often convey useful information to 
us. Moreover, if all except one or 
two of the points lie on a straight 
line, then such a graph tells us what 
observations should be repeated, for 
they are most likcl}^ to bo in error. 
If the points do not lie on such a 
line, a fact which is best revealed by 
stretching a piece of black cotton 
across the paper, it may be advan- 
tageous to plot the logarithms of one or both of the quantities 
involved. The method of attack in such an instance may be 
gathered from the following example. 



Example, The following numbers were obtained in a certain 
laboratory experiment. 


Q 

3*84 

6*43 

6*80 

P 

M3 1 

1*42 I 

1*66 


7’66 ! 9-82 

I 

1-80 I 2*11 


Discover the law connecting Q and P. 

The graph obtained by plotting Q, as ordinate, against P is not 
a straight line. If, however, log Q is plotted against log P, as in 
Fig. l-ll, it is apparent that these two quantities are related to each 
other by a linear law. The intercept on OY is 0*60, while the slope 
is 1*61. [In measuring the slope of a line always choose two points 
on the line os far apart as jTossible — shown □.] If we call log P » 
and log Q = y, the equation to the line is y = 0*60 + V&lx, i.e. 
log Q « 0*60 + 1-61 log P. 
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The relationship between Q and P is therefore 

Q _ IQO.iOpl.il 

or Q « 318Pi 

The Measurement of Mass. — ^The mass of a body is usually 
found by comparing that body with a set of standard masses, 
invariably referred to as a ^ box of weights/ The comparison is 
carried out by means of a balance, which is really an equi-arm 
lever poised about a fulcrum. The masses to be compared are 
placed in pans which are BU8X)cnded on Imife-edgos from the ex- 
tremities of the beam. The accuracy of the balance depends, to 
a Large extent, uiJon the design of the beam, wliich must be h’ght 
but rigid. It must be light in mass if the sensitivity of the balance 
is to be high, and yet siifliciently rigid that its shape is not deformed 
under the greatest load for whicli the balance has been designed. 
The knife-edges are usually made of agate, this substance being 
chosen on account of the facts that it is hard, does not tarnish, 
and may be worked until a straight edge has been obtained. 

The equality of the masses is ascertained by observing the 
deflections of a long vertical pointer perpendicular to the beam. 
When tills pointer swings through the same distance on either side 
of its zero position, then the two masses in the pans are equal. 
The balance is protected in a glass case and the humidity of the 
atmosphere inside the case is greatly minimized by the use of 
concentrated sulphuric acid or solid cai(3ium chloride contained in 
a glass receptacle. When the balance is not in use the beam and 
pans are not free to move, the beam being raised so that there 
is no permanent load on the knife-edges, whilst the pans rest on 
supports, all these conditions being obtained by the rotation of a 
small handle or wheel, wliich is outside the balance case. 

Measurement of Time, — ^The evolution of watches and clocks 
is a result of man’s desire to divide the moan solar day into smaller 
intervals of time. Most clocks depend upon the motion of a pen- 
dulum which, in its most simple form, consists of a heavy bob 
flxed to the end of a string, the other end being attached to some 
definite point. If the size of the bob is small compared with the 
length, I (cm.), of the string, then the time, T (sec.), of a complete 
swing, i.e. the time which elapses between the successive transits 
of the bob in the same direction past some fixed point or lino, is 
given by the equation [cf. p. 38] 

\where g is the intensity of gravity [981 cm. sec.~* in England]. 
^ This equation enables the length of a seconds pendulum to be found. 
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this being the special pendulum making half a complete swing each 
second so that T = 2 sec. Its length is given by 

I = ^ == 99-3 cm. 

Errors of Observation. — ^In this introductory chapter some 
remarks should be made concerning the accuracy of one’s 
experimental results. The instruments available for determining 
the quantity in question should be ontically examined to see 
what accuracy they can give, and care must be exercised to see 
that the final result recorded does not express an accuracy beyond 
the limits which the instruments can give. Suppose, for example, 
that the dimensions of a rectangular piece of wood are found by 
one student to be 3-96 cm. x 4-72 cm. x 1-74 cm. He may state 
that the volume is 32-522CS8 cm^ Is this result justifiable ? Let 
us suppose that a second student measures the same'^ block with 
the same pair of callipers. His observations are 3*98 cm., 4-75 
cm., and 1'71 cm. respectively. If he proceeds to calculate the 
volume as the first student did, i.e. without thinking what ho is 
doing, he will obtain 32-327550 cm.® Why the difference ? It is 
simply because their observations, just like all other observations, 
are subject to error so that they were not justified in stating any- 
thing more than 32*5 cm.® and 32*3 cm.* respectively. 

It must be emphasized that when the first student assorts that tlie 
volume is 32-5 cm.*, he implies that his result is accurate to within 
0-1 cm.*, i.e. the error is ± 0-1 cm.* K, for example, there were 
reason to suppose that the error were i 0-4 cm.*, he should indicate 
it by writing the result as (32-5 i 0*4) cm.* 

These few remarks may bo further exemplified by extracts from 
the writings of a correspondent to The Times, 22 February, 1928. 
A few days before the result of a speed record had been quoted as 
206-95602 m.p.h., a figure which implies that the speed was more 
than 206-95601 and less than 206-95603 m.p.h. If it does not, then 
the last figure has no meaning. To use tliis figure means that the 
error in the observations did not exceed one part in 20,695,602 ; 
thus, if the speed were measured over a distance of one mile exactly, 
then the timing gear gave results accurate to within one-millionth 
of a second. If, on the other hand, the timing gear was absolutely 
accurate, the distance of one mile must have been accurate to one 
three-hundredth of an inch. The correspondent ends by saying 
that a round figure of 207 m.p.h. is about the utmost that the 
actual measurements are likely to justify. 

Errors due to Parallax. — ^The accuracy of the observations, 
for example, of the positions of the two points, whose distance 
apart is required, made with an ordinary scale graduated in cm. and 
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mm. is limited by the fact that the graduation marks have a 
finite thickness and because the eye cannot estimate accurately 
differences of length less than 0*1 mm. The error introduced 
in the measurement of a length in this way is likely to be at 
least 0-2 mm. Frequently, however, the observations may bo 
much less accurate un- 
less precautions have been 
taken to eliminate ‘errors 
due to parallax * — ^i.o. to 
the apparent change in 
the position of an object 
with reference to some 
fixed object due to a 
change in the position of 
the observer. Such errors 
arise in the present in- 
stance if tiie scale is used 
as in Fig. 1-12 (a) owing 
to the thickness of the 
bar on which the^ scale is 

engraved. 'Flius, with the eye at Ej, the position of A appears to 
be 91 cm. ; from E, it is 9-2 cm., etc. To eliminate such errors 
the graduated edge of the scale should bo placed in contact with 
the points between which the distance is to be measured — cf. 
Fig. M2 (6). 



A li 

Fia. 1*12. — Errors duo to Parallax. 


EXAMPLES I 

1 — Calculate the circular measure of an angle of 47*’. By means 
of a diagram calculate its sine, cosine, and tangent. What is the 
angle whoso circular measuro is unity ? 

2. — Describe a vernier and its use on a pair of callipers. 

3. — ^Describe, with the aid of a diagram, a micrometer screw gauge. 

4. — If the diameter of the earth wore increased by 1 ft., calculate 
the increase in its circumference. 

5. — Calculate the length of a simple pendulum which will beat 
half -seconds. 

6. — Criticize the following : A rectangular block measures 7- 10 cm. 
X 6*73 cm. X 4*05 cm. Its volume is therefore 195*1665 cm.' 

7. — Discuss the advantages of representing a series of observations 
by means of a graph. How would you plot a series of observations 
of the time token by a trolley to travel different distances down an 
iuolinod plane, so as to bring out the law involved as clearly as 
possible ? 

8. — Describe a spherometer and deduce the formula necessary when 
using this instrument to determine the radius of curvature of a 
spherical surface. 



CHAPl’ER II 

THE liLEMEN^rS OF DYNAMICS 


Mechanics. — ^The science of mechanics deals with tlie properties 
of bodies, and it is usually studied under the headings, or sections, 
called Dynamics, Statics and Hydromechanics. The first 
branch, viz. Dynamics, deals with bodies which are in motion 
relative to their surroundings ; the second, viz. Statics, concerns 
bodies at rest, whilst Hydromechanics is the science of liquids. 
This latter subject is again subdivided into Hydrostatics and 
Hydrodynamics, the former section dealing with liquids at rest 
whilst in Hydrodynamics the motion of liquids is studied. 

The Material Particle. — At this stage, perhaps, reference ought 
to be made to the size of the objects wo discuss in an elementary 
treatment of the subject of dynamics. The equations which are 
deduced only apply to a body which is so small that it may be 
regarded as a mathematical point — such a body is known as a 
material particle. If the body is not small, attention must be 
paid to the fact that it is capable of rotation and therefore pos- 
sesses energy due to rotation, A material particle may therefore 
be defined as a body which is so small that its energy of rotation 
may always be neglected. 


Motion in a Stoaight Link 

Displacement.— The motion of a body is only detected by 

observing its position 
with reference to its 
surroundings. If the 
position of the body 
changes with reference 
to its surroundings, 
then that body is said 
to be undergoing a dis- 
21. placement. Thus, if 

at some initial time, a 
body~here represented by a point— is in the position 0, Fig. 2'l(a), 
and later on it is at A, then the body has been displaced, and the 
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diKplaoement is expressed by the length and direotion of OA. At 
some later period in its history tlie body may be at B, so that its 
furtlier displacement is AB, whilst the actual displacement from the 
origin is OB. The idea of dis^jlacemcnt must always convey that 
of Erection as well as that of magnitude. Tims, if O, Fig. 2*1 (6), 
is the original position of a body, whilst P, Q, R, etc., points on 
the circumference of a circle wliose centre is O, are its subsequent 
positions, then the magnitude of the displacement is fixed but the 
direction is variable. 

Sense of Direction. — Every displacement has magnitude 
and direction ; they all have ‘ sense ’ too ; for example, a body 
may bo displaced from O to A, or from A to O. The sense of the 
direction is opijosito in these two instances, the sense of the 
displacement being indicated in a diagram by the use of small 
arrow-heads. 

Representation of Displacement. — A displacement is repre- 
sented on a drawing by a straight line whose direction and sense 
are thiit of the displacement and whose length is proportional 
to the magnitude of the displacement. Any quantity which 
can be represented in magnitude, direction, and sense, is called a 
vector. Other quantities are scalars. Velocity, force, magnetic 
intensity, etc., are vectors, whUo potential, energy, money, etc., 
are scalars. 

Relative Displacement and Rest. — two trains are moving 
in the same sense along parallel tracks, a passenger in one of the 
trains may observe the following facts : — If he is travelling in the 
faster train, the other train will appear to him as if it were reced- 
ing, whilst if he is in the train which is moving less rapidly, he 
will observe a forward motion of the faster train. Relative dis^ 
placement is defined as the displacement of one body with respect 
to another. In fact all displacements must of necessity be relative 
ones, although wo are accustomed to think of absolute displace- 
ment because our idea of rest is generally associated with non- 
moving bodies on the surface of the earth. Actually the earth is 
moving on its own axis, round the sun and through space, so that 
when it is said that a body is at rest, tbe statement is only intended 
to convey the fact that its displacement, with respect to its sur- 
roundings [generally on the suiiace of the earth], is ziero. 

The Composition of Displacements. — In order to fix our 
ideas let us consider the displacement of a marble which rolls across 
the floor of a moving carriage. Let PQRS, Fig. 2*2, be the carriage, 
while 0 is the initial position of the marble. Let us further assume 
that in the time required for the marble to travel from 0 to B 
the point in the carriage corresponding to 0 has moved to A, i.e. 
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A occupies the same position relative to the final position P'Q'R'S' 
of tho carriage as 0 did with respect to the initial position PQRS. 
If C is the point corresponding to B, it follows that C is the final 
position of the particle and that the actual displacement is com- 
pletely represented by OG. We say that it represents the actual 
displacement, but it must be understood that this implies the 
existence of a reference body absolutely at rest. Such a body is 
unknown. The result just obtained is a particular instance of a 
general theorem — ^we refer to the parallelogram law of vectors 
which may be stated as follows : — Two vectors of the same 
type may be added together by constructing a parallelogram 


SR S' R' 



Fio. 2*2. — ^The Oomposition of Dusplaoements (Vectors). 

the adjacent sides of which are proportional to the vectors. 
The diagonal drawn through the point of intersection of 
these two sides represents the resultant of these two vectors 
completely. Thus 00, Fig. 2-2, is the resultant of the two like 
vectors OA and OB. Tho vectors OA and OB are said to have 
been added veotorially. 

The magnitude of the resultant is easily found, for if CD is drawn 
perpendicular to OA to meet OA produced in D, then 

00* = OD* + CD* [ ODC = 90'] 

= (OA + AD)* + CD* 

= OA* + (AD* + CD*) + 2 . OA . AD 
= OA* + AC* + 2 .OA .AC cose 
= OA* + OB* + 2 . OA . OB .cose, 

where 6 is the AOB. 

Speed. — ^Tho idea of speed is obtained by associating the con- 
ception of time with that of displacement. If, for example, a diip 
goes from one port to another in one day, while another occupies 
two days for the same journey, then the speed of the former vessel 
is twice that of the second. The speeds which are referred to here 
are average values of the speeds of the vessels, because the vessel 
starts from rest and ooines to rest at some other point, so that 
its actual speed at some times will have been less than its average 
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speed, whilst at others it will have been greater. The average 
speed of a body is given by the expression 

. distance traversed 

average speed = 7 ^ r-v- ; r-; — . 

^ time occupied m so doing 

[Care must be taken to avoid such expressions as ‘ the speed 
of the ship was 22 knots per hour/ since knot is a nautical term 
used to imply a speed of one sea-mile per hour. A sea-mUe is 
intended to be such a distance on the earth’s surface that an angle 
of one minute is subtended by that arc at the earth’s centre. The 
British Admiralty takes this to be 6020 feet.] 

Velocity , — ^When a body moves in a definite direction the speed 
of the body in that direction is called its velocity. It is important 
to remember that velocity always implies speed in a fixed 
direction. 

Uniform Velocity. The term uniform velocity is used to 
convey the idea that the distance traversed in any small interval 
of time is the same for all such intervals, however small the interval 
of time may be. Thus, if a body moves in a given direction 20 ft. 
in 5 secs, it is not justifiable to say that its velocity is uniform, 
for it is conceivable that if the position of the moving object had 
been observed at the end of every second, say, then the displace- 
ments in those seconds may have been found, for example, to be 
3, 6 , 6 , 4 and 2 ft. respectively. The velocity (strictly, the mean 
velocity) in the first second is 3 ft. sec.”^ ; in the second second 
5 ft. sec.*"^ ; in the third second it is 6 ft. sec.“^, etc., whilst the 
average velocity over the interval is 4 ft. sec."*^ But if the velocity 
had been uniform and the body had been displaced 20 ft. in 
5 secs., then in 1 sec. the displacement would have been 4 ft. ; in 
0*5 sec. 2 ft. ; in 0*25 sec. 1 ft., etc. 

Velocity-time Curve or Graph. — Suppose that a particle has 
an initial velocity of 2 ft. sec."^ and that at the ends of the first 
3 sec. of its motion its velocity is 3*4, 4*0 and 4*2 ft. sec.'^ 
respectively. Its motion can be shown graphically as follows : 
axes OX and OY are chosen at right angles to each other ; one 
division along OX representing 1 sec., while one division along 
OY represents a velocity of 1 ft. sec.*"i — of. Pig. 2*3 (a). The 
point A indicates the initial velocity, while the points B, C and 
D indicate the subsequent velocities of the body. Now the points 
A, B, C and D can be joined together either by short straight lines 
[shown dotted] or, since it is legitimate to presume that the velocity 
•of the body does not change abruptly but continuously, they may 
be joined together by means of a smooth curve. This smooth 
curve is called the velocity-time curve. 

It is now necessary for the significance of the area under this 
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ounre, i.e. the area OABGDRQP, to be foupd and its meaning 
interpreted. Since velocity means displacement per unit time, 
the statement that the uniform velocity of a body is 10 ft. sec.~^ 
implies that the distances traversed in 1, 2, 3 and 4 secs, of its 
motion will be 10, 20, 30 and 40 ft. respectively. In Fig. 2-3 {h) 
the velocity-time curve for such a motion has been constructed ; 
this curve will be the straight line AE, because the velocity is 
constant. Now an area of 1 sq. unit represents a distance traversed 
of 6 ft., because the unit length parallel to OX re])res(5nts 1 sec. and 



the unit length parallel to OY represents a velocity of 5 ft. sec." 
so that the area OABP indicates a distance traversed of 10 ft., since 
OABP is 2 sq. units in area. The complete rectangle has an area of 
8 sq. imits, so that the distance traversed in 4 sec. is 8x5 = 40 ft., 
a value which agrees with that obtained from the definition of 
velocity [cf. p. 21]. 

Now when the area under the curve is an irregular one, as in 
Fig. 2*3 (a), it is still true that this area represents the distance 
through which the body has moved. In this particular example 
the area is 10-51 sq. units, and since I sq. unit represents a distance 
traversed equal to 1 ft., the actual distance traversed is 10-51 ft. 

Algebraic Formula for Distance Traversed. — If the velocity 
of a body is uniform and equal to u ft. scc.”^, the velocity-time 
curve will be a straight line paraUol to the time-axis. If unit 
distance along the axis OX represents 1 sec. and unit distance along 
OY represents unit velocity, after t sec. the area of the velocity- 
time curve will be ut units of area, so that s, the distance traversed 
is ut, because unit area represents unit distance, 
i.e, 8 = ut. 

Acceleration and Retardation. — Consider the velocity -tinie 
curve obtained from the following observations : — 
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Time in seconds • . . 

0 

1 

1 ^ 

1 ^ 

1 ^ 

6 

Velocity in ft. sec." ^ . . 

40 

4*6 

1 60 

6*6 

L*li 

1 66 


The graph is shown in Fig. 2*4, and it is at once apparent that the 
' curve ’ is a straight line, i.e. it is 
linear. Whenever the velocity-time 
graph is linear, the motion is said 
to have been uniformly acceler- 
ated if the velocity has been increas- 
ing, and uniformly retarded if the 
velocity has been diminishing. 

These terms indicate that the velo- 
city has been increased or diminished 
by equal amounts in equal intervals 
of time. 

Definition. — Acceleration, i.e. 
the rate of change of velocity, 
is said to be uniform when the 
velocity increases by equal 
amounts in equal intervals of 
time, however small those inters 
vals may be. 

A glance at the above table shows that the change in velocity 
is 0-5 ft, per sec. every second ; or, as it is more usually written 
0-6 ft. per sec. per sec., or 0-6 ft. sec.""*. 

When the velocity-time curve is not a straight line the velocity 
does not increase by equal amounts in equal intervals of time ; i.e. 
the acceleration is non -uniform . The acceleration at any particu- 
lar instant may be determined as follows. Let P and Q, Fig. 2*3 (c)» 
be two neighbouring points on a velocity-time curve LM. Draw 
PA and QB parallel to OY, and PC parallel to OX. Then PC and 
CQ represent small increments in the time and velocity respectively : 
we denote them by dt and dv. Since these two quantities are 
Sv 

small their ratio ~ is the mean acceleration of the moving particle 
ot 



Fio. 2*4. — ^Velocity -time Curve 
for Uuiformly Accelerated 
Motion. 


during the interval of time when its motion is represented by P 
and Q. As' the points P and Q move toward one another, the 

ratio ~ remains finite and approaches a limiting value which is 

the acceleration of the particle at P. This limit is denoted by 
dv 

or V, and measures the slope of the tangent to the curve at 
P. Thus, to determine the acceleration at a given time, the tangent 
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at the corresponding point on the velocity-time curve must be 
drawn. Its slope gives the acceleration required. In general, 
it is difficult to draw a tangent accurately, so that to obtain the 
acceleration at any instant we must measure the slope [accelera- 
tion] of the curve at several points and construct a curve showing 
the relation between the slope and the time. When this curve has 
been drawn the acceleration at any instant may be read off at once 
and the value obtained will be more reliable than that found by 
drawing the tangent at the point in question, since several tangents 
have been drawn in constructing the final curve. 

Angular Velocity and Angular Acceleration. — ^When a 
particle, P, is rotating in a plane about a fixed point 0 the rate at 
which the angle between OP and a fixed line OX changes is termed 
the angular velocity of the point P. It is generally denoted by 
the symbol co. The rate of change of the angular velocity is called 
the angular acceleration, (a), i.o. a = w. 

Algbbraio Formulae fob Ukifobmly Accelerated Motion 

To find the Velocity after a Given Time.— Let u be the initial 
velocity, a the acceleration, i the time and v the final velocity of a 
moving body, all these quantities being expressed in the same 
system of units. Now a, the acceleration of the moving body, is 
the increase in velocity per unit time, so that the velocity at the 
end of the first unit time interval is -f a. Similarly the velocity 
at the end of the second unit interval will be (w + a) + «> or + 2 o. 
Hence, at the end of time, i, the velocity will have increased by 
an amount of, so that the actual velocity which has already been 
called t; is then u 4 - ai, 

V = + 0(. 

1*0 find the Space Traversed In a Given Time Interval.— If 

the motion of the particle is re- 
presented by the symbols used in 
the last paragraph, the velocity- 
time graph is easily constructed ; 
since the acceleration is uniform, 
we know from the definition of 
such an acceleration that the 
graph must be a straight line. 
This is represented by AB in 
Fig. 2*6. If BG is drawn perpen- 
dicular to the axis OX the area 
OABC represents the space 
traversed in time OC = i. 



Fio. 2*5. — ^Velooity-time Curve 
for Uniformly Accelerated 
Motion. 
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Now area OABC = rect. OADC + A ABD 
= OC.CD + JAD.DB 

= 

and this is s ; consequently a =sut+ 

The two equations which we have proved can be combined 
to form a new one. We have 

!;• = (u + of)* 

= li* + 2o('Uf + Jof*) 

= u* + 208. 

Motion under Gravity. — When a body moves either towards 
or from the surface of the earth it is said to be moving under the in- 
fluence of gravity. Such motions have been considered from the days 
of the Greeks, foremost among whom was Aristotle, who taught 
that heavier bodies fell towards the earth more rapidly than lighter 
ones. The validity of this doctrine was not disputed until Galileo 
[1564-1642] showed that two bodies, the mass of one being ten times 
that of the other, fell together when released at the same instant. 
These experiments, which were conducted from the leaning tower 
of Pisa before thb eyes of his opponents, may be said to have 
sounded the ^ last post ’ over the old doctrines which were founded 
on speculation, and which, in time, have been superseded by 
teacUngs based upon experimental fact. The ideas of Galileo were 
developed by Sib Isaac Newton [1642-1727], who devised the 
so-called guinea -and-feather experiment. He allowed a guinea 
and feather to fall in air and showed that the guinea reached the 
ground first. The cause of this apparent exception to the teach- 
ings of Galileo was discovered by performing the experiment in an 
exhausted tube. Under such conditions the feather and guinea 
fell together^ for there was then no resisting medium to retard 
the motion of the feather. 

The Acceleration of Falling Bodies. — All bodies fall towards 
the earth with a constant acceleration which is equal to 
32 ft. sec."*, or 981 cm. seo.“* in these latitudes. The value of 
g varies at different places because the earth is neither a true 
sphere, nor is it homogeneous. In addition, the earth’s surface is 
not smooth, so that the variation of the intensity of gravity 
with altitude always has to be considered. 

When a body moves under the influence of gravity its motion is 
determined by the equations, 

v — u±gt 
s==ui±igfl 
v* = tt* ± 2g8. 


1 ‘ ^ * is now termed the intensity of gravity — of. p. 27. 
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The plus sign is used for falling bodies, the negative for those which 
rise, and the distance s is considered positive when it is measured 
vertically upwards. [For bodies starting from rest, w === 0.] 

Momentum and Force. — ^Bodies only move relatively to their 
surroundings if they are acted upon by some external agency , and 
by experience we know that it is more difficult to move some bodies 
than others. This is because the bodies have different masses, 
where mass is defined as the quantity of matter in a body. To 
this statement must be coupled the idea that two masses are 
equal if, when moving with equal velocities but in opposite senses, 
they are reduced to rest after a collision in which there is no 
rebound. The external agency which is capable of imparting 
motion to a body is called /orcc. Now when a force acts on an 
object it cannot increase the mass of the body, and yet wo know 
that the larger the force which acts on a body, the more difficult 
it becomes for the motion to be arrested. It is the momentum of 
the body which has been increased by the larger force, and it 
continues. to be increased by the force during such time that 
the latter is operative. The momentum I is defined as the 
product of the mass, m, of the body and its velocity v, so that 
I == mv. 

Newton’s Laws of Motion. — 

Law I.— Every body continues in its state of rest or uniform 
motion in a straight line, unless impressed forces are acting 
upon it* 

Law II . — Change of momentum per unit time is proper- 
tional to the impressed force, and takes place in the direction 
of the straight line along which the force acts. 

Law III . — Action and reaction are always equal and oppo- 
site, 

Oaijleo discovered tJie first two laws quoted above towards the 
end of the sixteenth century, whilst the third was known to Hooke, 
Huyghbks and Wbbk. The three laws were formally stated by 
Newton in his Principia in 1686. 

A formal proof, analytical or experimental of these laws is not 
possible, but on them is based the whole system of dynamics, 
including astronomy. Since the results obtained and the predic- 
tions made by astronomers are in good accord with facts, it b^omes 
difficult to imagine that the laws on which their arguments finally 
depend are erroneous. 

Force. — ^Newton’s second law provides us with a means of 
measuring forces. The proportionality implied in the law may 
be made into equality by an appropriate choice of units. If the 
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velocity of a body changes from to in time the force F is 
given by 




ma 



only when this particular choice of units has been made ; the force 
then is equal to the change of momentum per unit time. 

Units of Force. — When the mass of a body is given in i)ounds, 
and the acceleration in feet per secqnd per second, the force is 
expressed in poundals. The absolute unit of force in the f.p.s. 
system is the poundaU which is defined as that force which, 
acting on a body of mass 1 lb., will impart to it an acceleration 
of 1 ft. sec.~‘^. In the c.g.s. system the absolute unit of force 
is the dyne, which is that force which, acting on a mass of 
1 gm., will impart to it an acceleration of 1 cm. sec.''^. 

Mass and Weight. — Whenever a body of mass m moves under 
the influence of gravity it acquires an acceleration g. The magnitude 
of the force which causes this motion is mg, and it must be attributed 
to the attraction which the earth has for aU matter. This force is 
called the weighi of the body. We can therefore find the weight 
w, of a mass of 1 lb. It is ta = 1 x g = 1 X 32 = 32 poundals. 
Mence a mass of 1 lb. has a weight of 32 poundals, by which state- 
ment it is to be imderstood that the force due to gravity on a 1-lb. 
mass is 32 poundals. 

Engineers find that the poundal is too small a unit of force for 
practical purposes and so choose one which is 32 times as large. 
This is the pound-weight unit — ^abbreviated to 1 Ib.-wt. The 
statement that a force of 0 lb. acts on a body has no meaning. 
The idea which it is intended to convey is that the force is equal 
to that which is operative on a 6-lb. mass due to gravity, so 

( 6 X 32\ 

— 22 "“ ) = ® Ib.-wt., 

the correct statement being that a force of 6 Ib.-wt. acts on the 
body. 

Absolute and Gravitational Units of Force. — A poundal and 
a dyne are termed absolute units of force, since their values are 
independent of g, the acceleration duo to gravity, a quantity which 
varies at different places. A pound- weight (1 Ib.-wt.) and a 
gramme-weight (1 gm.-wt.) are called gravitational units of 
force since they depend on the value of g. 

The Intensity of Gravity. — ^Thc force due to gravity acting on 
a small mass d7n near to the earth’s surface is dm,g == dF (say). 


The force per unit mass is tlierefore 


dF 
dm ’ 


From analogy with 
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the definitions of the strengths of electric and magnetic fields, 
g is termed the intensity of gravity. 

Newton’s Third Law of Motion. — ^Let us examine the state- 
ment ‘ Action and reaction are always equal and opposite ’ in 
more detail. 

When a book rests on a horizontal table, the action or thrust 
of the book on the table is equal to the reaction or thrust of the 
table on the book. In this instance, the action and reaction must 
be equal and opposite, for if not, motion would ensue. This example, 
dealing with bodies at rest, presents no difficulty. But Newton’s 
third law of motion postulates that action and reaction are 
always equal, i.e. even when the two bodies move. Newton 
considers the particular instance of a horse drawing a cart, 
‘ If action and reaction are equal and opposite, how is it that the 
horse and cart move forward 1 ’ is a question not infrequently 
asked. 

Before attempting to solve this difficulty, which is often a very 
real one, it must be emphasized that in attempting to solve any 
mechanical problem, the first essential thing is to fix upon the 
system whose rest or motion is to be discussed. The system may 
comprise one body, several bodies, or many bodies, but the system 
must be clearly defined before the solution is attempted. 

In the present problem three possibilities for discussion are 
as follows : — (i) the motion of the cart, (ii) the motion of the horse, 
and (iii) the motion of the horse and cart together. If we begin 
with the first then we nrust imagine the cart to be isolated firom 
the horse and all other objects by some imaginary closed surface. 
The forces acting on the cart are 

(a) an attraction due to the earth — ^this is called the weight of 
the cart ; 

(b) an upward thrust (the resultant of the thrusts at the points 
where the wheels arc in contact with the ground). 

But by tlie third law of motion to each of the forces (a) 
and (6) equal and opxK)site forces are exerted by the cart on 
the earth. These are no concern at present, however, for we 
have agreed to discuss the motion of the cart, and accordingly 
have isolated it and have to consider the forces acting on the 
cart only. 

Now the forces (a) and (6) must be equal and opposite, for if 
not, the cart would rise or fall according as the thrust of the 
earth on the cart were greater or less than the attraction of the 
earth on it. Since there is no motion of the cart in a vertical 
direction these forces balance, and we do not have to consider 
them further. 

(c) Let T be the tension in the traces. 
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(d) Let B bo the force due to friotion, air resistauce, eto. Then 
if T ^ B the cart will move forward, its acceleration being 
T-B , , 

-M; (say) 

where is the mass of the oart. 

Similarly, if the motion of the horse is discussed, we shall find 
that the external forces (not balanced) acting on him are 

(i) the tension in the traces (acting backwards), 

(ii) the horizontal component, F, of the thrust of the earth on 
the horse. 

If P > T the horse moves forward with an acceleration a, given by 


F~T 



where Mu is the mass of the horse. 

Since ai = a,, the common acceleration of the horse and the 
cart is 

F~R 
M* + M, 

If we consider the horse and cart together, the unbalanced 
forces are and R, the acceleration being 

F-R 
M, + M, 

as before. In tliis instance it is not necessary to consider the 
tension, since it is now only an internal reaction between two 
parts of the system ; this cannot affect the motion any more than 
do the intermolecular forces in the horse and cart themselves. 

Example , — mass of 16 lb. is pulled along a horizontal table by 
a light inextonsible string passing over a amooth pulley and carrying 
a mass of 1 lb. Find the tension (T) in the string, and the acceleration 
(a) of tho system. 

Consider the forces acting on the 15 lb. mass. They are : — 

(i) In a vertical direction the weight (15 x 32 poundals) acting ver- 
tically downwards which is balanced by the upward reaction of the 
table. 

(ii) In a horizontal direction there is the tension T (poundals). 
Hence 

T = 15a. 

Now consider tho forces on the 1 lb. moss. 

(i) There are no forces in a horizontal direction. 

(ii) Vertically, the weight (1 x 32 poundals) acts downwards, an.i 
tho tension T acts upwards. 

The resultant force downwards is 

32 ~T 

and since this acts on a mass of 1 lb., we have 
32 — T — 1 X a. 
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Solving these equations 

a == 2 ft.seo.“* and T = 30 poundals. 

Example. — ^Two masses, mj and (Wj > are connected by a 
light string passing over a smooth pulley. Discuss the motion and find 
the tension, T, in the string. 

Let a be the acceleration ; consider the mass Resolving verti- 
oally, the downward force is — T, and this acts on a mass my 

Similarly, for the moss w,, the upward force is T — m^. 

Hence 

m^g — r T — m^g 
a = or • 

. „ ^ and T = JM-j,. 

-h wii + 

Example. A cage of moss 0-6 ton is drawn up a mine shaft by a 
rope passing over a smooth pulley at the top. The pull is constant 
and the cage 'iioves through a distance of 30 ft. in 6 sec. from rest, 
ff the mass of tlio men inside the cage is 1*5 tons calculate the tension, 
T, in the rope and the thrust, F, on the floor of the cage. 

A 1 A* ^ ^ ^ JU. 

Acceleration = ~ ~ — •-=- — ft.sec.”* 

oo o 

The upward pull on the cage, if T is exj)ressod in is 

(T^2to = 2.«. 

T ~ 2*10 ton.-wt. 

Consider now the vertical forces on the men ; there is F, the upthrust 
of tlie floor on them, and their weight h6g downwards. Hence 
(F — = § . 5 == -5, [F is ex[»ro 8 S 0 d 

F = 1*68 ton.-wt. in ton.-wt.] 

Atwood’s Machine. — an attempt be made to determine the 
acceleration due to gravity by observing the motion of a freely 
falling body, one will soon realize that the method is not susceptible 
of any great precision since the time of fall is so short that it cannot 
be measur^ directly and accurately. The time of fall may be in- 
creased by diminishing the downward forces acting on the body. 
Atwood's machine, in which this principle is involved, is shown in 
Fig. 2*6 (a). It consists of two columns, AB and CD, supported on 
a common base fitted with levelling screws so that the instrument 
may be made vertical. The upper ends of these pillars are joined 
together by a piece of wood upon which is supported a pulley wheel 
E carried by four other wheels — in this way the friction is reduced to 
a minimum. Two equal masses, P and Q, usually in the form of 
cylinders, are attached to a cord passing over E. The mass Q carries 
a rider of the shape shown at (6). Initially Q and its rider rest on 
a drop bridge L maintained in a horizontal position. When this 
bridge is lowered the driving force acting upon the system is 
mg, where m is the mass of the rider and g is the acceleration 
due to gravity. The load moving is (2M -j- ^ where M is the 
mass of each cylinder and ic is a term added to represent the 
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inertia of the puUey system. If the whole moves with accelera- 
tion a, then 

mg =• (2M + m + K)a 
or (2M 4- ^ + ^) =■ 

In order to eliminate k the experiment may be repeated using two 
other equal cylinders of mass 
M' when 

{2M' + m + K)-^f. 

Subtracting these two equa- 
tions we have 

From this equation g can be 
calculated when a and a' are 
known. To determine the 
acceleration of a^ body it is 
necessary to measure the velo- 
city at two different times. 

In the present example the 
body moves from rest, so that 
its initial velocity is zero. In 
order to find its velocity, v, at 
some other time, let us say 
when the body has moved to 
R, a ring is placed at this 
point so that the rider is auto- 
matically removed when it 
reaches this point, and the 
system continues to move with 
constant velocity. This is 
found by observing the time (fiL) 

required for the system to Fia. 2 t).— Atwood’s Machine, 
move to the lower platform 

T. If i? is the distance RT and the observed time t, the velocity 

is If we assume that the acceleration over the distance LR is 
I 

uniform 

y* = 2ax 

2x 2xt^‘ 



where x = LR. 
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A Modern Form of Atwood’s Machine. — Cusson and Johnson 
have recently designed a form of Atwood’s machine in which the method 
of timing has been considerably improved. The two masses ore 
joined together by a piece of paper in the form of a very light ribbon. 

Fig. 2*7. This moves 
jD ® vibrat- 

ing arm' making a 
definite number of 
vibrations per second. 
Tho experiment is 
carried out in exactly 
the same manner as 
before, except that tho acceleration is now 
d(‘diicod from tho wavy trace recorded on the 
ribbon. An example of such a trace is given 
in Fig. 2*8. It wiU bo noticed that the initial 
part of the curve is not very distinct, but by 
proceeding in the following manner this portion 
of tho curve can be neglected. Imagine a 
straight line drawn parallel to the edge of the 
ribbon so that it passes down tho centre of tho 
trace. Lot A, 13, and C bo three ijoints at which 
tlie wavy line is cut by tlio straight one and such 
that tho same number of vibrations has been made 
in the two intervals A13 and BO. Lot this number 
bo n. If tho velocity of tho ribbon at A was and 
tho time taken to make n comx>leto waves t, then 

1 = V' H- 

where is equal to AB, and a is tho acceler- 
ation of tho system. Similarly the distance 
BC, is given, by 

52 = Vjt -h Jot®, 

where is tho velocity at B. Since this is equal 
to Vq at, 

52 = v^t + at® + Ja«*. 

By subtraction wo have 

52 ”” 5^ ” Cti®, 

so that a may bo calculated. Care must be takon 
to see that no portion of the wavy curve used 
corresponds to the time after tho rider has been removed, for the 
acceleration is then zero. But this portion of the curve may be used 
to demonstrate that tho velocity is then constant. 
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Welander’s Apparatus for Determining * g.’ — long pendulum. 
Fig. 2*9, consisting of a thin steel wire and an iron ball Bj about two 
inches in diameter, is suspended from tho ceiling or wall bracket. 
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The pendulum is held at an angle to the vertical by an electromagnet. 
Ml. Another electromagnet. Mg, wired in series with the first, holds a 
release ball Bg, also of steel. By openijig the switch, S, the pendulimi 
and ball Bg are released simultaneously. On falling to a vertical 
position the pendulum operates a gate switch, G. A trap switch, T, 
operates when struck by the falling ball. 



To begin the experiment the gate and trap switches are sot and the 
switch 8 closed. The three oloctroraagnots are now excited so that 
the pendulum and two spheres may bo fixed in position. The trap 
having been placed at a distance H below Bg, the switch S is opened 
when the pendulum and ball Bg are sot free iogothor. Let us suppose 
that the ball Bg hits the trap switch and closes it before the pendulum 
strikes the gate G. The electromagnet Mg will still be excited and Bg 
will remain in position. If, however, the gate G is opened before the 
trap T is closed by impact of the falling sphere, the magnet Mg is no 
longer excited and Bg is released. The trap is therefore moved an 
incli at a time until two positions of the trap are found such that at 
one the baU Bg remains in position while at the other Bg is set free. 

By moving the trap O-l inch at a time two positions are determined, 
the lower of which releases the indicator ball while the higher loaves it 
attached. 

Let H bo the height through which the ball Bg falls, and t the periodic 
time of the simple pcndulvim used [this must bo measured as explained 

t 

on p, 38]. The release ball strikes the traji after a time - so that its 

velocity is ^ cm. sec.~i if e.g.s. units are used. But this is equal to 
cm. sec,-^. Wo therefore have 

V2grH — or g == ~ 2 sec.~“. 

Work. — a constant force F acts on a body and the point of 
application of the force moves a distance a along the line of action 
of the force, work is said to have been done on the body. It 
is given by W = Fa. 

i.p. 


0 
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Units of Work. — ^When a force of 1 potindal is applied so that 
its point of application moves 1 ft. along the direction in which 
the force is acting, the work done is 1 Jt.^poundaU Engineers use 
a larger unit called the ft. which is the work done under 

conditions similar to the above when the force is 1 Ib.-wt. 

In the c.g.s. system the absolute unit of work is the erg^ and 
this is defined as the work done when the point of application 
of a force of 1 dyne moves 1 cm. along its line of action. 
The practical unit is the joule, or 10^ ergs. 

Energy. — ^If a body is capable of doing work it is said to possess 
energy, i.e. the energy of a body is a measure of its capacity for 
doing work. An agent performing 550 ft. Ib.-wt. of work per second 
does work at a rate of one horse -power. In the e.g.s. system 
the power, or rate at which work is done, is often measured in 
watts, a watt being cMpiivalent to 10^ erg. sec.”^. Electrical en- 
gineers find this unit too small for ])ractical juirposes so that they 
generally employ as their unit one which is equal to a thousand 
watts ; it is termed a kilowatt. One horse-power is 0*746 kilowatt. 
Electrical energy is measured in Board of Trade units, one of 
which is equal to one kilowatt-hour. 

When a mass m is at rest at a height h, it is attracted to the 
earth by a force mg [its weight]. If it falls to the earth’s surface 
it does work mgh. But 2gh == v*, whore v is the final velocity of 
the body, so that the work done is Jwv*. The body possessed 
energy when at rest, for it was capable of doing work equal in 
amount to \mv^. The energy which a body possesses in virtue of 
its position is called its potential energy and is measured by 
the amount of work the body performs in passing from its 
original position to a standard position, where the potential 
energy is considered to be zero. The potential energy of a body 
at the earth’s surface is taken as zero, whilst the energy associated 
with its motion is called its kinetic energy. 

/, Energy = mgh = imv*. 

Although the expression has been obtained for motion under 
gravity, it is true in general as an expression for the kinetic energy 
of a mass m moving with velocity v. 

Principle of the Conservation of Energy. — From the above it 
is seen that potential and kinetic energy are mutually convertible 
— a property which is possessed by all forms of energy, whether 
they be magnetic, electric, kinetic, etc. When such changes of 
energy take place the principle of the conservation of energy 
states that the total energy in any system is always 
constant. 

^ Tills is often called a foot<pound, but the notation adopted hero leads 
to less confusion. 
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Motion in a Horizontal Circle.— If a particle of mass m is 
moving in a horizontal circle of radius r, with uniform sj)eed r, 
its velocity cannot be said to bo uniform because its direction is 
continuously changing, and this im- 
plies the existence of a force which, 

in turn, gives rise to an acceleration 

which can be calculated as follows. / \ 

Let A and B, Fig. 2*10, be two posi- / r J ^ 

tions of a particle of mass m rotating j 1 

in a circle, centre 0 and radius r. \ 

Let V be the speed of the particle, \ 

and lot us assume that the time re- l/y \\ 

quired for the body to move from A 

to B is small. The velocity at A is c 

V and is direcjted along the tangent/ . 

Ar. At B the velocity is v along c,>cie. 

BS. If fl is the AOB, the velocity 

at B is equivalent to a velocity v sin 0 along BD, where BD 
is parallel to vAO, together with a velocity v cos 0 along BC, 
where BC is parallel to the tangent AT. If 0 is small tliese 
are respectively vO and v. At A the component velocity along 
AO was zero so that the change in velocity in this direc- 
tion is vO and this has occurred in a time or — . The 

V V 


A’ (' 

Jua. 3-10. — Motion in a Hori- 
zontal Circle. 


tO ’ 

acceleration is therefore vO i.e. Since the velocity in the 

direction of the tangent at A does not change by a iinite amount, 
the acceleration along the tangent is zero. The only force acting 

TUV^ 

on the particle is therefore and this is directed towards the 

centre O ; it is called the centripetal force. This force is due to 
the action of some other body, and since, according to Newton’s 
Third Law of Motion, action and reaction are equal and opposite, 
it follows that this other body is being pulled by a force which 
tends to move it from the centre of the circle. This latter is the 
centrifugal force. Thus, when a atone, attached to one end of 
a string, is caused to rotate, the pull on the hand of the person 
performing this experiment is the centrifugal force. The existence 
of this centrifugal force may also be demonstrated in the 
following manner. A small container, partly filled with w&ter, 
is suspended from a string and caused to rotate rapidly in a 
vertical circle. No water is lost because the velocity is so great 
that the water exerts a thrust on the bottom of the container which 
is greater than the weight of the water. 
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In chemical laboratories centrifugal force is utilized in the separa- 
tion of smaU crystals from the mother-liquors. Dairy farmers also 
use this force when they separate cream from milk by mechanical 
meansi and in the purification of honey. Dyers are in the habit of 
rotating their yarns in this way so that they may lose their moisture 
more readily. In preparing flake nickel for use in Edison storage 
batteries, the flake is washed and then centrifuged in order to 
remove the water. 


The Banking of Tracks. — ^Fig. 2*11 represents struck of mass 

m moving with speed v on 
a circular track banked 
at an angle 0. If G is 
the centre of gravity of 
the truck, mg will act 
vertically downwards 
along GA whilst the 

centrifugal force 

will be operative in a 
horizontal plane along 

Fio. 211.— Truck on a Bonked Track. prevent the 

truck from leaving the 

rails the track must be banked to such an extent that the result- 
ant of these two forces is perpendicular to the track. Under these 
conditions wo have 







where 0 is the angle of greatest tilt on the track surface. 

If the outer rail is not thus elevated the flanges of the wheels 
will grind against it in order to create a force sufiicieiit to enable 
the truck to take the curve at the desired speed. 


Simple Harmonic Motion. — 

Let us imagine that a point is 
moving with uniform angular velo- 
city 0 ) along the circumference of a 
circle whose centre is O — ef. Fig. 
2*12. If PM is drawn perpendicular 
to the diameter AOC, M will move 
to and fro across this diameter as 
P moves round the circle. The 
point M is said to execute simple 
harmonic motion, so that we may 



say that simple harmonic motion 212.-Simple Harmonio 

[S.H.M.] is the projection of uniform Motion. 
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motion in a circle upon a diameter of the circle. The distance 
OA is called the amplitude of the oscillation and the time, T, 
required for one complete oscillation, i.e. for the point M to move 
from A to C and back again, is referred to as the i)oriod of the 
oscillation. It is given by the equation coT == 27t, for T is the time 
required for the moving particle to rotate through an angle 27 €, 
Let time be reckoned from the instant when the moving point 
is at A. At time t the moving particle will have reached a point 

P where AOP -= a)t. 

Now the velocity of M is equal to the velocity of the point P 

projected upon AOC, i.e. (uo X cos HPN, where PR — v - - acy, 
and is tangential to the circle at P, and PN is parallel to AO. 

/. vjf = aco sin cot. RPN = 90° — cot. 

These equations show the velocity of M is zero at A and C, and 
reaches a maximum value oo) at O : the acceleration, on the other 
hand, is a maximum when M is at A or C, i.e. at either extremity 
of its path, but it is zero when M is at O [cf. below]. 

Formulae for Simple Harmonic Motion. — Let a be the 
amplitude, while co is the angular velocity of the point P. 
The actual speed of P is therefore am so that its acceleration is om* 
in the direction PO. The acceleration of M is equal to the com- 

ponent of the acceleration of P parallel to AO, viz. am* cos POM. 
^ OM 

But since cos POM = this reduces to o)® . OM. We 

therefore see that the acceleration of M is directly proportional 
to its distance from 0 since m* is a constant. When a body 
moves so that its acceleration is always proportional to its dis- 
tance from some fixed point in the line of motion and directed 
towards that point, its motion is said to be simple harmonic. 

The periodic time, T, is equal to the time occupied by P moving 
once round the circle. Now in this time P moves with a speed v 

2jra 271 

a distance 27ra, so that T = — = — . 

’ V O) 

Since m* is the acceleration when the particle is at unit distance 
from the origin, we have 

T=2;r/ Vacceleration for unit displacement = 27i \/ — — rr — • 
' ^ V acceleration 

To Determine the Period of a Simple Pendulum. — A simple 
pendulum is really a mathematical ideal to which we can only 
approximate in practice, for it is defined as a heavy particle sus- 
pended from a rigid support by a massless inextensible string. The 
pendulum we have to use consists of a heavy ‘ bob ’ suspended by 
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a light cord. I«t A, Pig. 2'13 (a), be the ‘ bob ’ of mass m, C the 
point of suspension, so that AC is the string of length 1. Lot 

00 be the rest position of the pendulum. Let 0 be the AGO. Then 
when the mass is at A the force acting upon it in the direction of the 
tangent is mg sin d, which wo may replace by mgO if 0 is small. The 


acceleration of A is therefore 


OA 

i.6* ff , ^ f or 




arc OA. 


Hence, when 0 is small, the acceleration is proportional to the dis- 



Fia. 2*13. — Simple Pendulum. 


tanco of A from O bo that A will execute a siinplo harmonic 
motion, the jnsriod of which is 

T = 2n A /I 
ff 

To Determine the Acceleration due to Gravity. — ^The simple 
pendulum furnishes us with a ready means of finding ‘ g/ A lead 
sphere about one inch in diameter is suspended by a thread held 
between two blocks as shown at (6) so that the length of the pen- 
dulum does not vary as it swings. If the lower edges of these 
blocks ore not in the same plane or have become rounded as in 
(c), considerable errors will be introduced. This pendulum is 
placed in front of some vertical line to indicate the rest position, 
or it may be viewed with a telescope which is adjusted so that the 
vertical cross- wire in the telescope coincides with the zero position 
of the extremity of the pendulum. The pendulum is set in motion 
and the time of twenty complete oscillations found. The observa- 
tions are repeated and the mean time calculated. To determine 
this more accurately the *time is noted when the pendulum swings 
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past its zero position. The swings are not oountcd, but after the 
lapse of some minutes, or previously if the motion is damped con- 
siderably, the time is again observed when the pendulum moves 
through its zero position. The time between these two * coinci- 
dences ’ divided by the approximate value of the periodic time 
would be an integer if the observations were not subject to error. 
The integer nearest to the quotient actually obtained is therefore 
the number of swings made between the two coincidences ; since 
this is known the period can bo calculated. This method of measur- 
ing a period should always bo resorted to whenever possible. 

The length of the pendulum is then changed and the period deter- 


mined. In tliis way a series of corrosjjonding values connecting 
T and I are obtained. Since I is equal to it follows that if 


T> [abscissa] is,plotted against Z [ordinate] the slope of the line will be 


7 ^ ■ if this is measured g may be deduced [cf . p. 14]. 

In evaluating the ‘ slope ’ of a straight line it must bo under- 
stood quite clearly that it is not the tangent of the actual angle 
which the straight lino makes with the axis of x, for this depends on 
the scales used to plot the variables. If A and B are two points 
on a straight liner, and C the point of intersection of straiglit lines 
through A and B parallel to the axes Oo; and Oy respectively, then 
the slope of the line is equal to 

the quantity represented by CB 
the quantity represented by AC’ 

Motion of a Liquid in a U-tube. — Let I be the total length of 
liquid [say mercury] contained in a U-tubo of uniform cross-section. 
Let m bo the mass of liquid per unit length of the tube. If the 
mercury is depressed in one limb so that it rises an equal distance 
in the other, on releasing the mercury it will continue to oscillate 
with a definite period wliich may be calculated as follows. When 
the mercury in one limb is at a height x above its zero position the 
force operative on all the mercury in the tube is equal to the weight 
of a mercury column of length 2a;, i.e. W == 2rnxg. Since the total 
mass of mercury is ml the acceleration, a, at this particular instant 
is given by 


2ma:g == mto, or a ■ 


We therefore see that the acceleration is proportional to the dis- 
placement X ; i.e. the motion is simple harmonic and the periodic 
time is 
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since ^ is the acceleration for unit displacement, i.e. the periodic 

It 

time is the same as that of a simple pendulum of lengthy. 


Motion of a Body Suspended by a Spring. — ^We now oonsider 
the motion of a heavy body, suspended from a fixed support by a 
helical spring of negligible mass. Let M be the mass of the body. 
When the spring is at rest its lower end will be at some definite 
position. When a small additional mass m is added, let x be the 
distance through which the lower *end of the spring descends. 
Experiment shows that if a mass m had been removed from the total 
load carried by the spring the equilibrium position of the lower end 
of the spring would have been raised by an amount x. It also shows 
that X is directly proportional to m. 

If therefore the load is M and the spring is stretched further by 
an amount y, the force tending to restore the load to its equilibrium 
position is the resultant of tlie weight acting vertically down- 

wards and the upward pull (M -f -y )j7, viz. — ~ . The accelera- 
tion, o, of the mass M will therefore be given by a == i.e. it is 


proportional to the displacement y. The motion is therefore simple 
harmonic with a period T given by 


•^/(acceleration for unit displacement) 


= 27t 



The Theory op Dimensions. 

The Dimensions of a Physical Quantity. — It has already 
been seen that the magnitude of a physical quantity may be ex- 
pressed in terms of an appropriate unit, i.e. a given quantity is 
said to be so many times a certain unit. The statement that the 
length of a particular wall is a metres implies that its length is a 
times a certain unit of length — ^the metre. The above statement 
really consists of two parts — 

(i) the pure number or numeric a which is the measure of the 
quantity in terms of the unit employed, 

(ii) the name of the unit. 

Now the measure of a physical quantity varies according to 
the size of the unit employed, but the product of the measure of 
a physical quantity and the unit employed remains constant. 

nnviiia 

’ 2 metre. = 200 centimetre. 
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If n and are the measures of a particular physical quantity 
when the units are [(7] and [CT’j] respectively, then 

n[17] = n^U i], 

i.e. ” ^ [tJ]’ 

or the measure of a physical quantity is inversely proportional to 
the size of the unit in which that physical quantity is expressed. 

In selecting the units of length, mass, and time the choice is 
arbitrary. When we have to deal with velocity for example, 
however, we could still choose a certain velocity as the unit velocity. 
The unit chosen must satisfy the following requirements : — ^It must 
be reproducible and capable of being easily applied. Such a unit 
of velocity is not easy to find, but the difficulty is overcome in 
the following way. Suppose that the engine known as the ‘ Royal 
Scot,’ when travelling at its maximum speed, takes a seconds to 
pass from one end of the platform of a certain station to the other, 
the distance between these ends being h cm. The velocity of the 
engine may then be said to be unity. According to this scheme, 

the velocity of Cjn object moving 1 cm. in a sec. would be ^ X (the 

above unit of velocity). If the distance moved were 1 cm. in 1 see., 
a 

the velocity would be ^ units. If an object travelled I cm. in t secs. 

d I 

its velocity in terms of the unit selected would be r’-. In all 

0 t 

such expressions the factor ~ occurs. Why not get rid of it by 

choosing a more suitable unit 1 Let the unit of velocity be such 
that an object moving with unit velocity travels 1 cm. in 1 sec. 

Then the velocity of a body describing I cm. in t secs, is ~ cm.sec."^. 

t 

The unit velocity is therefore expressed in terms of the units of 
length and of time. Such a unit is known as a derived unit. 

The unit of velocity thus selected is directly proportional to the 
unit of length and inversely proportional to the unit of time, for 
if a body moves 1 metre in a second its velocity will be 100 times 
that of a body moving with unit velocity, while if it moves 1 cm. in 
1 minute, its velocity will be 60 times less. We say that the 
dimensions of the unit of velocity are 1 in length and — 1 in time, 
a fact represented symbolically as [L][r“^] = [F]. 

Dimensional Equations. — ^The interrelationship between the 
units of length, mass, and time — ^the so-called absolute units — 
and a derived unit may be expressed by means of a dimensional 
equation, where by the statement that the dimensions of a certain 
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physical quantity are a, p, and y in length, mass, and time respect- 
ively, we mean that the unit in terms of which the quantity is 
expressed varies as 

[LY [Mf [T]y, 

where [L] denotes the unit of length, [M] that of mass, and [T] 
that of time. 

An expression such as n[L] implies that the length of a certain 
object is n times the unit of length, n is itself a mere number. 
To discover the manner in which the unit of area depends on that 
of length let us consider the area of a rectangle whose adjacent 
sides are b and c. Then its area, a, is 

a[A] = b[L] X c[L] 

= bc[LY. 

This equation shows that if, for example, the unit of length is 
doubled, that of area is quadrupled, i.e. the number expressing 
the area in terms of the new unit will be reduced to one-foui1>h of 
the number expressing the area in terms of the old unit. 

Let us consider the dimensions of the unit of density in respect 
to the dimensions of the three fundamental units. We liave 

density == mass/volume. 

Therefore 

The dimensions of density are therefore one in respect to the 
unit of mass and — 3 in respect to that of length. 

Such equations as these are useful in two ways : — 

(i) wo can express a density given in one system of units in terms 
of any other possible system of units, 

(ii) in any equation in which a number of terms are added 
together the different terms must be homogeneous as far as their 
dimensions are concerned, i.e. each term must be expressed in the 
same units of dimensions. This fact was first pointed out by 
Foxjbixb, a celebrated French mathematician. 

The Dimensions of Some Physical Quantities in Mechan- 
ics. — In determining the dimensions of a unit in which a physical 
quantity may be expressed, it is only necessary to write down any 
equation, so long as it is valid, connecting this quantity with others 
whose dimensions are known. The particular equation may be 
either one applicable to a particular instance or one that is true 
in general. 

(i) Velocity. We have 

s =^vt 

whore s is a numeric representing the distance traversed in t seconds 
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by a body moving with constant velocity v, [< and v are numerics]. 
Then 

3[Li = vlV].t[T] 

where [F] denotes the dimensions of the unit in which a velocity 
is expressed. Erom the above it follows at once that 

[F] = [L][rri. 

(ii) AeedercUion. We have a = so that 

where [A] denotes the dimensions of the um’t in which an acceleration 
may be expressed. Hence 

[A] = [L](T]-» 

(iii) Momentum (I). We have 

7 == mo, 

BO that 

7[7] = . w[7,!r-»] 

.*. [7] = 

(iv) Force- (F). We have Ft = 7. 

[E] ^ [7lf][L][T]-®. 

(v) If offc (IF). IF = 7^. a, 

[If] = [MLT-^[L\ 

= \MJJJ\\TY^. 

(vi) Power (P). Pi — W. 

[P] = [if][L]*[5r]-». 

Some Applications of the Method of Dimensions. — 

(i) The Period of a Simple Pendulum, This may depend on 

(а) the massi m, of the bob^ 

(б) the length, i, of the string, 

(c) the aooeleration, due to gravity. 

Let us suppose that i = where a, P and y are the ‘ ex- 

ponents of the dimensions,’ and k is the constant. 

Equating like exponents, we have 

a = 0, /? + y = 0, 1 = — 2y. 

Y^-h P = h 

t = K . 

The constant k may be determined experimentally. 
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(ii) The, Natural Frequency {/) of a Uniform Stretched Wire. This 
may depend on 

(a) the mass, m, of the wire, 

(b) its length, /, 

(c) the stretching force, F. 

If / = tmH^Fy, where a, and y are the ‘ exponents of the 
dimensions,’ and ic is a constant. 

/. [T-^] = [MnLf[MLT-^]y. 

2y = 1, a + y = 0, + y = 0. 

a = - I, y = J. 



If fi = mass per unit length of the wire, m = and 



EXAMPLES n 

1. — A body, initially travelling with a velocity of 10 ft. seo.*^, is 
observed to be moving with a velocity of 13*1, 15*2, and 16'3 ft, sec."* 
at the end of the 1st, 2nd, and 3rd seconds of its motion respectively. 
Deteimine the distance traversed. 

2. — A train is travelling in a curve of 1 mile radius at a rate of 
20 m.p.h. ; through what angle has it travelled in 15 secs. 7 

3. — What do you understand by the term acceleration 7 A particle 
has an initial velocity of 14 ft. sec."*. After traversing 100 ft. its 
velocity is 19-6 ft. sec.“*. What is the acceleration, and how long 
has it been moving 7 

4. — A body storting from rest is observed to traverse 60 cm. in the 
8th second of its motion. What is the acceleration 7 

6. — A body is thrown upwards with a velocity of 153-2 ft. sec."*. 
What time elapses before it reaches the highest point in its motion 7 
How high does it rise 7 

6. — TVo buckets, each of mass 7-5 lb., are supported by a thin rope 
over a smooth pulley and are at rest. A mass of 1 lb. is dropped from 
a height of 4 ft. into one of the buckets. Calculate the time which 
elapses before the system has moved through a vertical distance of 10 ft. 

7. — Explain what information may be obtained from a graph in 

which velocity is plotted against time. A train starting from rest 
accelerates uniformly until it has traversed 1} miles ; its speed then 
remains constant for the next 2^ miles when an application of the 
brakes produces a uniform retardation bring^g it to rest after a 
further | mile. If the whole journey occupies 7} minutes find the 
maximum speed in miles per hour. (L.S.C.) 

8. — ^A ball is thrown at an angle of 45^ to the horizontal so that at 

the top of its flight it enters a window 36 ft. above the thrower. Find 
the speed at which it was thrown and the distance of the waU contain- 
ing the window from the thrower. (L.S.C.) 

9. — Distinguish between momentum and kinetic entrgy. Wliich is 
conserved during a collision and what happens to the other 7 A 
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bullet weighing 30 gin. and travelling at 600 metre. soc.~^ embeds 
itself in a suspended lump of wood of mass 7-47 kilograms. How far 
will this block have risen above its original position when it roaches 
the end of its swing ? If the length of the suspension is 60 cm. how 
far will the block have swung in a horizontal direction ? (Take : g 
1,000 cm.scc.”*.] (L.S.C.) 

10. — boy weighing 8 stone and riding a bicycle weighing 211b. 
rides up a hill with a gradient of 1 in 21 at 9 ml.hr. Ass uming that 
friction is equivalent to a force of 2 Ib.-wt. resisting his motion up 
the hill, find how much work he is doing per second. 

11. — ^Two bodies initially at rest and of mass 10 gm. and 60 gm. 
respectively are each acted on by a force equal to the weight of a body 
of mass 4 gm. Compare the times for which these forces must bo 
operative to produce (a) the same kinetic energy, (b) the same 
momentum. 

12. — ^Describe the variations of velocity and acceleration of a body 

moving with simple harmonic motion. If, in a simple harmonic 
motion, the amplitude of the displacement is 10 cm. and the period 
3 seconds, what are the maximum values of the velocity and the 
acceleration ? (B.S.S.C.) 

13. — ^Define two units of force which are in common use. Calculate 
the force necessary to bring to rest a motor-car weighing 2 tons travel- 
ling at a speed of 30 ml.hr.*”^, in a dislanco of 20 yds. 

14. — ^Derive an expression for the period of a body moving with 
simple harmonic motion, in terms of its acceleration and displacement. 
A vertical U-tube of uniform cross-section contains mercury to a 
height of 20 cm. If the liquid on one side is depressed, and then 
released, the mercury oscillates up and down the two sides of the 
tube. Show that the motion is simple harmonic, and calculate its period . 

16. — ^Define potential energy and kinetic energy, and state the units 
in which each is measured. A block of wood weighing 600 gm. is 
allowed to fall down on inclined plane which makes an angle of 30^ 
with the horizontal. After sliding a distanoe of 20 cm. from rest it 
is moving with a velocity of 60 cm.sec."^. How much energy has 
the block lost at this point 7 What has become of the energy 7 

16. — Distinguish between momentum and kinetic energy. 

A simple pendulum I metres long has a bob of mass m gm. Derive 
expressions for the momentum and the kinetic energy of the bob at 
its lowest point, if the pendulum swings 30** from the vertical. 



CHAPTER III 


THE ELEMENTS OF STATICS 

In tho previous chapter it has been shown that whenever a 
force acts on an object which is not fixed, then that body moves. 
If the body is to remain at rest it must be acted upon by an equal 
and opposite force or its equivalent. Under such conditions the 
body is said to be in equilibrium, and statics is that branch of 
physics which studies the properties of bodies in equilibrium. 
The bodies are supposed to be rigid, homogeneous and not too 
large, for otherwise the linos of action of all tho gravitational 
forces acting on the individual parts of the body would not be 
parallel to one another and the problem of determining the line 
of action of the resultant of such a system of forces is, in general, 
not capable of solution. 

Just as a velocity can be represented by a straight line, so can 
a force be similarly represented, for this latter has magnitude, 
direction, and sense. 

Resultant of Two Non-Collinear Forces. — If OA and OB, 
Fig. 2-2, p. 20, represent two forces, Fi and F*, the resultant, F, 
is represented by the diagonal OC, since forces are vectors. Its 
magnitude is given by 

F* = F,a + F,* + 2F,F. cos 0, 

where 0 is the angle AOB. 

The Experimental Verification of the Law of Forces. — The 
experimental arrangement is shown in Fig. 3*1. Three spring 
balances L, M, and N are supported on hooks, and joined together 
by means of three pieces of string knotted together at 0. The 
readings of the two balances M and N are observed, and these 
are a measure of the tensions in the strings. Immediately below 
the strings a piece of paper is attached to the board which supports 
the apparatus, and upon this paper straight lines are drawn 
parallel to the strings leading to M and N. Along these lines 
distances OA and OB respectively are marked off, their lengths 
being proportional to the readings of M and N respectively. The 
parallelogram OACB is then completed, and the tension in L 
should be proportional to the length of OC whilst the direc- 
tions OL and OC should be parallel. 

46 
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Now the reading of the spring balance L measures that force 
which prevents O from moving when acted upon by the forces 
in M and N, i.e. the force in L is the equilibrant of these two other 



I'lG. 3*1. — ^Verification of the Farallolograin Law of 
Forces. 


forces, whereas the resultant of the forces rei)resented by OA 
and OB is represented by OG and is equal and opposite to the 
equilibrant. 


Parallel Forces. — When 
forces act upon a rigid 
body the line of action 
of the resultant may be 
found very easily in the 
following way. If OA 
and O'A' Fig. 3-2, repre- 
sent completely two par- 
allel forces acting on a 
rigid body, join 00' and 
at 0 and 0' insert two 
equal and opposite forces 
OB and O'B'. These will 
not aSect the equilibrium 
of the body. The two forces 
at O and 0' are combined 
according to the parallelo- 
gram law, and so we have 


two or more noii-coUinear parallel 



Fig. 3*2. — Grapliical Dotenniiiation of the 
Besultant of two Parallel ForcoB. 


their resultants OC and O'C'. The lines of action of these two 
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resultants are produced backwards to meet at L and are there 
resolved into their components LM, LN, etc. This step is justi- 
fied, for a force can be represented by a line of suitable length 
drawn from any point in its line of action. The four forces at 
L now give a resultant LM + LM' parallel to the fines of action 
of OA and O'A', for the forces LN and LN' nullify each other. 
By producing LM to cut 00' in O", the point in 00' througfi 
which the line of application of the resultant passes is determined. 

Moment of a Force. — Let AB, Pig. 3*3, represent a force P 

completely, and let OL be the per- 
pendicular from any point 0 upon 
AB. Then P . OL is called the 
moment or torque of the force 
about 0. This moment is repre- 
sented graphically by twice the area 
of the A OAB, for P . OL is 
AB . OL which is twice the area of 
the triangle. 

Couples. — Two equal unlike parallel forces which are not 
collinear constitute a couple, the moment of which is equal to the 
magnitude of one of the forces multiplied by the perpendicular 
distance between the linos of action of the forces. 

Centre of Gravity. — If a body is sufficiently small, its weight 
may be regarded as the resultant of the parallel forces acting on 
its constituent particles. It is found that fur all such bodies there 
is some point, not necessarily in the body, but which has a defi- 
nite position with regard to any point in the body taken as reference, 
and through which the line of action of the resultant of all these 
parallel forces passes irrespective of the actual position of the body. 
This point is called the centre of gravity [c.g.] of the body. 
The centre of gravity of any plane body, i.e. a lamina, such as a 
triangular sheet of metal of uniform thickness, may be found by 
suspending the body from any point and placing a plumb line 
immediately in front of the triangle and in such a position that 
it passes in front of the point of support. Under these condi- 
tions the plumb line indicates the line of action of the weight of 
the suspended body. This direction can then be marked on the 
triangle. The above procedure is repeated, the lamina being sup- 
ported from another point. The centre of gravity is then that 
point at a distance one-half the thickness of the material behind 
the point of intersection of the lines indicating two positions of the 
plumb line. 

The centre of gravity of a body such as a chair, or bird-cage, 
is more difficult to find since it is not easy to mark the position 


O 


A L 

Fig. 3*3. — Moment of a Force. 



49 


ELEMENTS OP STATICS 

of the plumb line which must invariably be used. It may be done» 
however, by attaching small pieces of plasticine to the cage and 
fixing straws therein so that the extremities of the straws touch 
the plumb line. The extremities of the straws are then joined by 
a silk thread attached by means of glue. A second determination 
gives the position of the centre of gravity, for it will be the point 
at which the two silk threads intersect. 

Stable and Unstable Equilibrium. — Whenever a body is in 
statical equilibrium the resultant force upon it must be zero, but 
the nature of the equilibrium is not always the 
same. To illustrate tliese remarks let us con- 
sider the equilibrium of a sphere resting in 
turn on a concave, a convex, and a flat surface 
as shown in Pig. 3*4. When the sphere is 
given a slight displacement from its zero 
position on a concave surface it tends to 
return to this position as soon as the con- 
straining force is removed. The equilibrium is 
said to be stable. The equilibrium, however, 
when the sphere rests on a convex surface is 
unstable, because if the sphere experiences 
even a very small displacement it never 
returns of its own accord to its former posi- 
tion. In the third case when the sphere rests on a flat surface 
the equilibrium is called neutral because the body may be at 
rest at any point on the surface. 

Machines. — <a result of experience man has found that ho 
can work better in some positions than in others ; it is always 
more convenient to pull a rope downwards rather than upwards, 
and it is generally more convenient to apply a small force through 
a given distance when it would be impossible, for example, to apply 
a force ten times as groat through one-toTith that distance. Hence 
it is desirable to have a contrivance for changing {a) the point of 
application, (6) the magnitude of a force and (c) its direction. A 
mechanical arrangement whereby a force acting at one point 
is made available at another point under different conditions 
as regards its magnitude and direction is known as a simple 
machine. If F is the effort or force necessary to bo applied to 
a given machine to overcome the weight W of a load which it 
W 

carries, ^ called the mechanical advantage of the machine. 

Another quantity often evaluated in connexion with a machine 
is its velocity ratio. This is defined as the ratio of the distance 
through which the point of application of the effort moves to the 



Fio. 3*4. — ^Typos of 
Equilibrium. 
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distance through which the point of application of the resistance 
or weight moves in the same time, i.e. 

I .. distance through which P moves 

e oci y ra lo distance through which W moves* 

If a machine is perfectly smooth and no energy is used in 
moving the component parts, the work done against W is equal 
to the work done by P, 

i.e. W X distance through which W moves 

ss P X distance through which P moves. 

Hence, W __ distance through w hich P moves 

F distance through which W moves^ 


or the mechanical advantage of a machine in wliicli there is no 
friction and in which the parts have no weight is equal to its velocity 
ratio. In any actual machine the mechanical advantage must bo 
determined experimentally but in simple machines it is povssible to 
calculate the velocity ratio. 


The efficiency of a machine is defined by the tHpiaiioii 


. work done by the machine 

Efficiency = 

_ load (W) X distance load moves 
effort (F) X distance effort moves 
W 

~ F ^ velocity ratio, i.e. 


. moc'haniijal advantage 

Efficiency = - — -t- - . 

velocity ratio 

The Principle of Virtual Work. — ^Mechanical problems, especi- 
ally those dealing with simple machines, i.e. machines without 
friction and in which no work is required to move the components, 
may be solved by a principle first pointed out by Stevinus in 
connexion with pulleys. He noticed that when a load of weight 
mg or W is raised by a cord passing over a single fixed pulley, 
that the effort is equal to the weight and that the point of applica- 
tion of the effort descends through a vertical distance equal to 
that through which the weight is raised. In the instance of a 
single movable pulley, the effort is only one-half of the weight 
of the load raised, but its point of application moves through 
twice the distancO. Stevlnus argued that this principle applied 
to all simple machines and wrote " Ut spatium agentia ad statiam 
patentis, sic potentia patentis ad potentiam agentis,’ a free 
translation of which is ‘What is gained in power is lost in 
speed.’ A better statement of this principle is that mechanical 
advantage is always gained at a proportionate diminution in 
s^eod. 
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In 1717 Beenoxtuj, an eminent mathematioian, extended the 
above principle to all cases of equilibrium. He maintained that 
if any number of forces acting on a body undergo infinitely small 
displacements consistent with the configuration of the system, 
then the total work done is zero, i.e. 

SF cos a. ds = 0 

where ds is the displacement of the point of application of P, 
and a is the angle between F and ds. The necessity for the dis- 
placements to be infinitely small follows at once from the fact 
that if they are finite the system may assume another configura- 
tion in which equilibrium is only maintained under conditions 
different from those for the given system. This principle, the so- 
calJed principle of virtual work, ^vill be used in discussing some 
of the problems wliich follow. 

Wince no machine is without friction, etc., the ])iinciple of work, 

W 

as J]cro used, only allows us to calculate ^ on the assumption that 

the machine is ideal, i.e. it gives us the velocity ratio in all cases 
but the mechanical advantjige only if the machine is ideal. 

Levers. — One of the simplest forms of machine is the lever, of 
which there are three classes according to the position of the 




point or fulcrum about which they turn. The three classes are 
shown in Fig. 3*5. In addition to the forces F and W there is 
the reaction at the fulcrum C, and since there is equilibrium the 
reaction must be equal to the algebraic sum of F and W. In all 
three instances when the levers axe in equilibrium 

F . AC = W . BC., 

W a 
F ~ V 

This is the mechanical advantage in so far as friction and the 
weight of the lever are negligible. The velocity ratio is calculated 
as follows : — 

If the beam rotates through an angle 0, the point of appU- 
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cation of the efPort moves a distance a sin 0 while that of the load 

moves a distance b sin 0, i.e. the velocity ratio is ^ 

In the above it has been assumed that friction and the weight 
of the lever are negligible. If the weight is Wj, and acts at G, 
the condition for equilibrium in the first class is 
W . BC = . GO + F . AC. 

Similar expressions are easily written down for the other two 
classes of lever. 

The Balance. — The physical or analytical balance, the main 
features of which arc shown in Mg. 3*6, consists of a light but rigid 
metal beam, supported so that it may rotate in a vertical plane 



Fig. 3*6. — ^Main Features of a Physical Balance. 

about a horizontal axis vertically above its centre of gravity. Pans 
are suspended from the extremities of the above beam and turn 
freely about axes parallel to its axis of rotation. The beam has 
three agate knife-edges : the central one, O, edge pointing down- 
wards, supports the beam wfien it rests upon an agate plate attached 
to the pillar (indicated by the broken lines) of the balance, while 
the outer ones, edges pointing upwards, carry the agate plates to 
which the scale-pan supports are fixed. The whole is enclosed in 
a glass case to protect it from air currents and rapid temperature 
changes, the air within the case being kept dry by means of some 
desiccating agent such as concentrated sulphfiric acid. When the 
balance is not in use the knife-edges are shifted slightly so that they 
are not in contact with the agate plates : in this way the knife- 
edges are kept in working order for longer periods. The position 
of the balance beam is defined by a long metal pointer, P, rigidly 
attached to it, its length being normal to the line joining the outer 
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knife-edges. The observation of the motion of the pointer, and 
consequently that of the beam, is facilitated by means of a scale S 
fixed to the pillar of the balance. Small masses, Sj and Sg, capable 
of moving on screws attached to the beam, enable the balance to 
bo adjusted. When the balance is in proper adjustment the pointer 
should swing through equal distances on either side of the central 
mark of the scale S when the line is horizontal. The bob B, 
also moving on a screw attached to the beam, permits the position 
of the centre of gravity of the beam and its attachments to be 
raised or lowered with respect to the central knife-edge 0. 

Simple Theory of the Static Equilibrium of an Equi-arm 
Balance. — In principle the common balance is simply a lever of 




Fig. 3-7. — Sensitivity of a Balance. 

the first elass in which the two arms are equal and the central 
knife-edge 0, Pig. 3*6, is the fulcrum. As a first approximation 
let us assume that the effective lengths of the arms are equal and 
invariable and that the three knife-edges are coplanar, horizontal 
and parallel to one another, as suggested in Fig. 3*7 (a). Let M 
be the mass of the beam, and its attachments, while G is their 
common centre of gravity. Further, let p be the mass of each 
pan and suppose that a mass m is placed in one pan, while {m + //) 
is the mass in the other pan, where /z is a small mass. Let I be 
the length of each arm and h the distance 06. When the beam 
is loaded as above, let it take up an equilibrium position inclined 
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at a small angle ^ to the horizontal — cf. Fig. 3*7 (6). Then, if g 
is the intensity of gravity, by taking moments of forces about 0, 
we have 


^ cos (f> == Mgr h sin ^ + (p + 7n,)gl cos 

/, III cos Wb sin 0 


Since ^ is small, tan ^ may be rei)laced by its circular raeasun^ 
ul 

so that <p — 

Now the sensitivity of a balance is defined as the change in 
<f> caused by increasing /« by a given small amount, usually taken 
as 10“® gm., i.e. if 


or 


is the change in <f> thus caused, 
{fi + 10 - 3 )? 

MA ’ 

10 - 3 ? 

^ MA ‘ 


<f> + 


Thus, for the ideal balance, in which the knife-edges are coplanar, 
the sensitivity is independent of the load in the pans. Frorji the 
above expression for the sensitivity it foUows that, for a given 
balance, it may be varied by altering A, i.e. the |) 08 ition of G with 
respect to 0. This, as already mentioned, is etibeted by means of 
the bob B, Fig. 3*6. 

When the knife-edges are not coplanar let the outer edges, when 
the beam is at rest, be at a depth a belc)w the horizontal xdane 
through 0—cf. Fig. 3-7 (c). Then, as before, 

{p + m -\- n)g(l cos (f) -- a sin ~ 

Mg A sin ^ + (p + m)g{a sin (f> -f- ? cos (j)), 
i.e. cos <^[(p + m + /i)l — (p -h m)l] 

sin ^[MA -1- n(p -| 7n)-\ a(p -f m + /Ol- 
Since ^ 0, cos ^ — > 1 and sin 0 — > <f). 

• . 

MA + «[/<« + 2(p + m)^ 

MA + 2a(p + m) ^ p ^ 

The sensitivity is therefore given by 

8<k = 

MA -f 2a(p h m) 

Thus, if the three knife-edges are not coplanar, the sensitivity 
decreases with increasing load: since all beams are deformed 
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slightly by the load, so that the knife-edges never remain coplanar 
when the balance is loaded [in fact a varies with the load, also], 
the sensitivity of all balances decreases with the load. 

If a balance is to be classified as a good one, it must possess the 
following characteristics : — 

(а) Its indications must be reliable; i.e. the beam must be 
horizontal when equal masses are placed in the two pans. This 
is secured by making the arms exactly equal in length and mass ; 
the suspended pans must also be of equal mass. 

(б) The balance must be sensitive, i.e. a small difference between 
the two masses compared must cause an appreciable deviation of 
the beam from its zero position, i.e. ^ must be relatively large. 
This is obtained by making M and h small. Hence the beam must 
be long and light, and have its centre of gravity near to 0. 

(c) A good balance must be stable, i.e. it must not suffer any 
change in shape, e.g. by bonding of the beam, etc. For this reason 
the sensitivity cannot be increased indefinitely, for such a con- 
dition can only be attained by using a light beam, whereas the 
beam must be fairly massive if it is to be rigid. Evidently these 
conditions aio at variance and, in practice, a compromise must be 
effected. 

(d) The period of swing should be short, so that * weighings * 
may be made rapidly — unfortunately this implies a less sensitive 
balance, so that again a compromise is made. 

(e) The balance must be stable, i.e. when the balance is in 
equilibrium it must return to its zero position after being deflected. 

(/) In addition the knife-edges [which, it must bo noted, are 
always fixed to the beam] should be parallel and lie in the same 
horizonDal plane. This 
latter condition is essential 
if the sensitivity of the 
balance is not to vary with" 
the load in the pans. 

A Micro -Balance. — Simill 
masses, such as(li'opsofliqni<l 
absorbed in bits of filter pa]30T, 
or small quantities of powth^r, 
may bo estimated by mcians 
of a micro-balaneo shown in 
Eig. 3*8. A light thread, II, 
has its extromitios attachfMl 
to the lower ends of a i^air 
of nearly vortical rods 2 ft. 
apart, each of which is pivotet I 
at a point just above its centre 
of gi'avity . Thus, a very J ight 
load suspended at the middle 
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of bho thread oaoses a considerable depression of that point. The 
apparatus is calibrated by observing the depression for a toown load. 
The contrivance can be constructed out of ‘ Meccano * parts. The 
friction at the fulcrums A and B is reduced by using short glass tubes 
as the supports for the uprights. By making the uprights in two parts 
as shown and moving the upper portions C and D the sensitivity may 
be altered considerably. The ‘ pan * of the balance consists of a small 
circular disc bent across one of its diameters so as to form a clip which 
can be suspended from the thread, as at E. Small objects can then be 
supported between the jaws of this clip. Such an instrument as this 
has many uses, especially in the study of bacteriology. It was origi- 
nally designed for use in Flanders, during the war of 1914-1918. 

The Single Movable Pulley. — In this very simple type of 
machine a string, fastened at one end to a beam, passes round a 
pulley, K, Fig. 3*9, carrying a load of weight W. The portions 
of the string passing round 


the movable pulley are par- 
allel to one another. The 
effort, or force, P, necessary 
to raise the load, is applied 
at the free end of the string 
which, for convenience, may 




Fio. 3*9.— A Movable Pulley. Fio, 3*10. — Systems of Pulleys. 


pass round a fixed pulley, L. To determine the force required 
to maintain W in equilibrium a spring balance, S, is placed as 
indicated in the diagram. From observations made with such an 
apparatus it is soon realized that, if friction and the weight of the 
pulley be neglected, the tension in the string, which is measured 
by 8, is one half the weight of W ; this means that one half the 
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load is supported by the string attached to the beam and the 
second half by the string passing round the fixed pulley — ^the free 
end of this string may be held in any convenient direction. The 
fact that a movable pulley- wheel with parallel strings reduces by 
one half the effort required to raise an object is a principle which 
may always be applied to such pulleys when they are free to 
move. 

Of the various systems of pulleys with parallel strings, and the 
ways in which pulleys may be combined to form a machine, 
only two will be considered ; they are shown in Fig. 3*10 (a) 
and ( 6 ). 


In the Archimedean or First System of PulleySfFig. 3*10 (a), 
a separate string passes round each pulley. If the load W ascends 
a distance x, the string round is shortened by an amount x on 
each side, so that Aa moves a distance 2x. Similarly A 3 moves 
a distance 2 X 2x = 2^x and the point at which F is applied descends 
a distance 2^x. The velocity ratio is therefore 2 ® = 8 . In the 
case of n movable pulleys the velocity ratio is 2 ". 

To calculate the' mechanical advantage of the system in the 
absence of friction and neglecting the weights of the pulleys we 
make use of the fact that the work done on W is equal to the work 
done by F, i.e, if there are three movable pulleys 

W.» = F.2»a?, or ^ = 


Alternatively, let the tensions in the different strings be as 
shown. Then 


= ^W, T, = Tj = JTj. = JW. 

W 


Since Tg F, ^ == 8, as above. 


In the case of n movable pulleys the mechanical advantage, 
W 

that is is 2 **. 


In the above argument the weight of the pulleys has been 
neglected. Suppose that there are three movable puUoys, each of 
weight w. Then T^ = J(W + w ) ; 


Ta == i[4(W + w) + w] = iW + |m; ; T 3 = 4[4W b Iw b w] 


.•.F = T3 = + 
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Calling -j,-, the mechanical advantage, and ^ = ar, we have 

y = S — -^-wx. 

This equation suggests that if corresponding values of x and y are 
plotted, the resulting graph will be a straight line whose slope is 

— "iir. Hence w can be determined. 

In the Second or Common System of Pulleys there is only 

one continuous string and this passes round all the pulleys, its one 
end being fixed to the upper support, and the pull P applied at 
the other extremity [of. Fig. 3-10 (b) ]. If the load rises a distance 


X, the amount of rope ‘ set free ’ i 



C}x, since each string supporting 
the lower block is shortened 
by an amount x. To keep 
the string taut the point of 
application of the effort must 
descend a distance 6x : the 
velocity ratio is therefore 6. 
When there are n strings 
supporting the lower sheave 
pulley block the velocity 
ratio is n. 

In actual practice the pul- 
leys in each block in the 
common system are all con- 
centric so that the two 
blocks can be drawn nearer 
together. The great dis- 
advantage of these systems 
is that a long length of rope 
is required ; this is avoided 
in the differential pulley. 

Weston’s Differential 
Pulley. — In this system the 
rope is replaced by an end- 
less chain, slip being pre- 
vented by depressions in the 
grooves of the pulleys, and 
into these depressions fit the 
links of the chain. The 
system is represented in Fig. 
3*11, in which the two pul- 
leys of the upper block move 


Fig. 3‘11. — Weston's Differential 
Pulley. 
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as one round a common axis. The effort F is applied as shown. 
If W is the load and T the tension in the string, the necessary 
condition for the equilibrium of the load, on the assumption that 
the machine is an ideal one, is W = 2T, whilst, by taking 
moments of forces round 0, the relation 

F.R + T.r = T.R 

is obtained. Hence 


F T =--- -W ^ 

R 2 R • 

W 2R 

The mechanical advantage, is therefore ^ and since the 

rt — r 


machine has an efficiency of 100 per cent, this fraction is also the 
velocity ratio. 

The value for this ratio c«an be found for a differential pulley, 
even when it is not an ideal system, as follows : — 

Su])poKC that the upper pulley block makes one complete revolu- 
tion and that W rises. The length of chain wound in = 2 ;eR, 
while that let out == 27rr. Therefore the length of chain actually 
supporting the lower pulley and W is shortened by an amount 
27r(R — r), i.e. W rises a distance 7r(R — r). Since the point of 
application of F descends a distance 2 vtR, the velocity ratio is 
2R 

Hence in this non-ideal machine the efficiency is 


W(R - r) 
2FR 


The Inclined Plane. — ^When a body S, Fig. 3*12, rests on a 
smooth inclined plane it is acted upon by two forces, the weight 
of the body acting vertically downwards, and the reaction of the 
plane on the body which is normal to the sui’face. The body wiU 
therefore move under the influence of the resultant of these forces 
unless it is constrained by some other force. The two cases which 
we shall study are when this third force, F, is either parallel to the 
line of greatest slope in the plane, or to the base of the plane — cf. Fig. 


AB 


3-12 (a) and (6). The velocity ratio is i.c. cosec 0 in the first 


instance and i.e. cot 0 in the second. These expressions are 

valid indo])ciulontly of whether friction is present or not. For any 
actual plane, as indeed for any actual machine, the mechanical 
W 

advantage w must bo determined experimentally. If the plane 

is smooth the mechanical advantage may be calculated as follows. 
To determine the magnitude of the effort F required to hold a 



60 


PROPERTIES OP MATTER 


body of weight W on a smooth piano whoso inclination is 0 and 
when F is parallel to tho line of greatest slope AB in the plane we 
resolve the forces acting on S along AB. This gives 

cos - e) = F, 
i.e. mg sin fl = P, 



Similarly, by resolving forces perpendicular to the plane, we get 
the normal reaction, N, of the plane on tho body, viz., 

N ~ cos 0. 

In these equations it must be remembered that if m is expressed 
in pounds, F and N are in poundals. The more usual practice is 
to express the weight as W Ib.-wt., when the above equations 

W sin e = F etc., 


where F and N are now measured in Ib.-wt. 


W 

Since is the mechani- 


cal advantage of the system it follows that this is equal to cosec 0 
in this instance ; in the second it can be shown to be cot 0. 

The Screw. — If a triangle PQR, Fig. 3'13, in wliich QPR is equal 



to 0, is constructed out of thin paper or aluminium foil and wrapped 
round a right circular cylinder so that the base PR remains in a plane 
perpendicular to the axis of the cylinder the trace of the hypotenuse 
on the surface of the cylinder is a spiral. Let LM be a line 
perpendicular to the base of the A PQR such that when the paper 
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is round the oylinder the point M coincides with P, and L is 
vertically above P. Then, regarding the trace of the edge PQ as 

the thread of the screw, LM is the pitch of the screw. The QPR 
is called the angle of the screw and it is clear from the diagram that 

tan 0 = = pitch of screw - 7 - circumference of cylinder. 

Actual screws differ from this ideal screw in that they always have 
a protuberant thread of metal or wood, etc. This enables the screw 
to work in a nut, but of course introduces so much friction that the 
mechanical advantage of a screw never approaches equality with 
its velocity ratio which we now proceed to obtain. 

The Velocity Ratio and Efficiency of a Screw. — Let us suppose 
that we have a screw working in a 
nut and that the screw is supporting 
a load of w^eight W, as in Pig. 3*14, 
while a fon e P, which we assume to bo 
in a horizontal plane, is applied to the 
end of the arm AB. Now when the 
arm AB has made one complete revo- 
lution the point of application of F 
has moved through a distance 27 rr 
where r is the distance of B from the 
axis of the screw. Under the same 
circumstances the load W will have 
moved through a distance p, where p 
is the pitch of the screw. The velocity 
2nr 

P ‘ 

W 

If the mechanical advantage, is 

W V 

determined experimentally, the efficiency is 


ratio is therefore 



Fjq. 3- 14. — ^Mechanical Ad< 
vantage of a Screw. 


Weighing Machines.— The mass of a heavy load may be ascer- 
tained with the aid of a weighing machine the principle of which 
is indicated in Pig. 3*15. It consists of three levers ACD, EK, and 
LR respectively. The platform upon which the load is placed is 
attached to the lever EK, whilst the end D of the first lever carries 
a scale-pan. The fulcrum for the lever EK is not fixed but is 
attached to the lever LR moving about a fixed fulcrum R. If a load 
of mass M, and therefore weight Mg, is placed on the platform we m£by 
regard its weight as being distributed at the points E and K. The 
actual distribution will depend upon the position of the load on the 
platform, but let us suppose that there is a load mg at K so that the 
load at E is (M — m)g. The load mg at K can be replaced by a load 
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t?^g/n at L if LR == n . KR. Now the load at L may bo considered 
to be acting at A, and may therefore bo replaced by a load n times 
as largo at B if AC = n . BC, i.e. the equivalent load at B would be 
mg. But the load at E may be replaced by an equal one at B so that 


B CJS A 



(3Pni}ff 

Fig. 3*15. — A Weighing Machine. 


the total load at B is now and this is independent of the actual 
position of the object on the platfonn. To measure this load at A 
the length of the lever CD may be made 10 or 100 times that of AC. 
When this is done the mass N of the load on tlie scale-pan is the 
corresponding fraction of the mass M. 

The Common or Roman Steelyard. — This is another machine 
for determining the mass of a heavy load, and consists of a long non- 



uniformrod,AB, Fig. 3'16, movable about a fixed fulcrum, C, situated 
a little to the left of 6, the centre of gravity of the bar. A hook, or 
scale-pan, hung from E, is used to carry the load of mass M, whUst D 
is a bob of mass m movable along AC. The point at which D must 
be placed to maintain the steelyard in a horizontal position enables 
one to determine the mass of the load M. 
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To calibrate the steelyard let be the position of D when the 
load is zero ; this point is given by the equation 

m . PqC = [i . CG, 

where fx is the mass of the steelyard. [All masses are expressed in 
stones, where 1 stone = 14 lb.] When the load in the scale-pan is 
1 stone let D be at Pj. The position of Pj is determined by 

m . PjC = /i . CG + (1 X EC). 

Subtracting the first equation from this we have 
m . PoPi = 1 X EC. 

Similarly, when the load is 2 stones the position of T> is given by 
m . PoP, 2 X EC. 

We see therefore that tliis instrument may be graduated by engrav- 
ing marks uiioii the bar such that their common distance apart is 
equal to EC/wa, the zero division being at Pj, as defined above. 

The Danish Steelyard. — This consists of a bar, AB, Fig. 3*17, 
terminating in a sphere at B. The other extremity of the bar carries 
a scale-pan to rec<dVe the 
load whoso mass is re- 
quired. The pan is fixed, 
so that the mass of tlie 
load is determined by 
observing the point in 
the rod about which it 
balances. To graduate 
the steelyard let m be the 
mass of the whole includ- 
ing the pan, and let G be the centre of gravity. If C is the fulcrum 
when the load in the pan has a mass M, by taking moments of 
forces about C we have 



Fig. 3- IV. — Danish Steelyard. 


Mg. AC ^ mg. GC rng . (AG - AC). 


Therefore 


w 


AC == — • AG. 

M + m 


This equation indicates that to graduate the steelyard it should 
first be balanced about its centre of gravity, i.e. G is found. Let us 
further assume that the mass m is 1 stone. The middle point of AG 
is the fulcrum when the load in the pan is 1 stone. Similarly, when 
the load is increased to 2 stones the fulcrum must be at a ^stance 
J AG if the whole is in equilibrium. We therefore see that if the 
load is n stones the point of balance must bo such that 

— r-i AQ. 
n + 1 


AC = 
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Friction • — Hitherto it has been supposed that the sur&ces of 
bodies in contact have been perfectly smooth, so that the reaction 
of one on the other was always directed along the common normal 
to the surfaces at the point of contact. In practice this condition 
is only satisfied if there is no tendency for relative motion between 
the surfaces; when there is such a tendency, forces are called into 
play and oppose the motion. These forces are due to friction 
between the surfaces in contact. 

The Laws of Static Friction.^ — ^The efifects of firiction were 
investigated experimentally by Coulomb in the following manner. 
A, Fig. 3*18 (a), is a board resting on a horizontal table. B is 
a slider which could be suitably weighted in order to vary the 



thrust between the surfaces of A and B in contact. Attached to 
the slider is a cord passing over a pulley D and carrying a scale- 
pan, S. 

When there is no pull in the cord, the thrust of the board A 
upwards on the slider balances the weight of the latter and the 
system is at rest. When S is loaded there is a pull exerted in 
the string, but, provided that this is lower than a certain limit, 
no motion ensues. Forces exactly balancing the tension in the 
cord have been brought into play and resist the motion. These 
are the frictional forces. It is found that up to a certain limit, 
in any given instance, just enough friction is called into play to 
prevent motion. If the pulling ceases,, the forces due to firiction 
also cease, for if they did not the body would move. Friction is 
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a self-adjusting force, for no more firiction is called into play than 
is necessary to prevent motion. The amount of firiction which 
may be exerted between two surfaces in contact is not, however, 
unlimited, for if the pull in the string is increased gradually a 
stage is finally reached when the body just begins to move ; the 
friction is said to have reached its limiting value, and if the pull 
is further increased the slider is accelerated. 

From experiments carried out on the lines suggested above. 
Coulomb established the following facts : — 

(i) The limiting friction is independent of the area of contact 
between the surfaces so long as the thrust l)etween them is un- 
changed. 

(ii) The limiting frictional force, or limiting firiction, is directly 
proportional to the normal thrust between the surfaces in contact, 
when the materials and nature of the surfaces remain unaltered, 
i.c. if F is the limiting value of the friction and N the normal 

F 

reaction between two given surfaces, then the ratio || is & <^on- 

stant. It is denoted by /e, and is termed the coefficient of 
limiting friction, or the coefficient of static friction. Hence 

F = ^N. 

When the above slider is just about to move the forces acting 
on it are as shown in Fig. 3*18 (6), where R is the resultant of 
the normal reaction N and the friction F. The reaction R is 
inclined at an angle 0 to the vertical, given byO == tan^^/i. This 
angle is called the angle of friction. 

Experimental Determination of the Coefficient of Static 
Friction. — If the siu-face of the body under examination is flat, 
the coefficient of friction may bo found as folloWB ; The body iS 
placed on a flat surface, AB, Fig. 3*19, pivoted about a horizontal 
joint at A. The other end, B, is attached to a bucket, G, into 
which lead shot may be poured to increase the tilt of the surface. 
Eventually a stage is reached when the body is just on the point 
of moving down the plane. Let 0 be the inclination of the plane 
at this moment. The force acting down the plane is then 
Mg . sin 0 which is equal and opposite to the frictional force, F, 
acting on the body. The normal reaction, N, the value for which 
is obtained by resolving forces in a direction normal to the plane, 
is Mg cos 0. We therefore have 

P 

^ = - = tan0. 

The value of $ given by this equation is called the angle of 
repose. 

Kinetic Friction. — ^When slipping oooun between two bodies 

i.r. D 
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iu contact a frictional force continues to oppose the motion but, 
in general, the magnitude of this force is less than the frictional 
force existing just before slipping occurs. Experiment shows that 
as long as the motion is not too great, the frictional force P' is 
directly proportional to the normal reaction between the surfaces 
and is independent of the velocity, i.e. 

F = vN 

where v is the coefficient of kinetic friction. 

Suppose that a body of mass m rests on a horizontal table which 
is not smooth. Then N = wig, and F' = vmg when the body is 
moving. Suppose Pi is the force applied to the body. Since Pi 
and P' act in contrary senses, on a body of mass m, its acceleration 
a is given by 

P 

F, — P' = ma, or a = — ' — vg. 


P 

In the absence of friction the acceleration would have been — 

m 


so that the effect of friction is to reduce the acceleration. 

If the body is in motion and P, mg, a will be negative and 
the body will be brought to rest. To start the motion again a 
force greater than vmg will be required — it will bo /img. 


Perry’s Apparatus for determining the Coefficient of Kinetic 
Friction. — ^The essential parts of this apparatus ore shown in Fig. 3*20 
(a) and ( 6 ). A is a heavy wheel capable of rotation about a vertical axis, 



Fig. 3*20. — Perry’s Apparatus for determining the Coefficient of Kinetic 
Friction between two Surfaces. 


Cl C 3 . DF is a lever carrying a scale pan. Si, and having its fulcrum 
on the vertical axis C 1 C 3 . Wlien the pan is loaded, as indicated, a 
thrust is exerted by the lever on a block, H — the surface of this block 
in contact with the wheel is flat. Attached to this block is a pan, S, — 
the attachment is made by a cord passing over a pulley. The coefficient 
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of kinetic friction to be determined is that appropriate to the surface 
of H and that of the rotating wheel. When the system is stationary, 
H rests against a stop, Q^. Tlie wheel is rotated so that H remains 
about half-way between the stops Gj and — it is said to be in * float- 
ing equilibrium.* This condition is obtained by varying the load in 
Sg. Under these conditions the friction is equal to mg, the weight of 
the pan Sg and its load. The normal reaction between the surfaces 
a 

in contact is Mj/ where M is the mass of Sg and the load in it. 
[We neglect the mass of the lever.] 

m b 

.*. V =* coefficient of kinetic friction tTk “ 

M a 

Example, A body of mass 4 lb., lianging freely over the edge of a 
rough table, is connected by mt3ans of a light string passing over a 
smooth pulley at the edge, to a body of mass 2 lb. resting on the table. 
Tliis is pulled 2 ft. along the table in 0*5 sec, from rest. What is the 
coefficient of friction ? 

Let F poundals bo the friction ; T poundals the tension in the cord. 
Then the resultant force pulling the 2 lb. mass is T — F, so that its 
acceleration is given by 

T - P = 2a. 

'Using 8 Jai*, wo have a = 16 ft. sec.”'* 

/. T — F = 32 poundals. 

Considering the 4 lb. mass, the resultant downward force acting on 

** 128 - T = 4 X 16. 

F «== 32 poundals »= I Ib.-wt. 

F 

v=^ = 0.6. 

The Friction Dynamometer. — ^The principle of this instrument, 
which is an application of the 
frictional forces existing be- 
tween surfaces in contact to 
measure the rate at which 
work is^done, is as follows : A 
large pulley wheel of radius fj, 

Fig. 3*21, is rigidly fixed to the 
axle of the engine under test. 

A flexible belt having wooden 
blocks on its under side is 
placed over the outer lim of 
the wheel. One end of this 
belt carries a bucket W into 
which lead shot can be poured 
to increase its mass. The 
other end is fixed to a spiral 
spring attached to some rigid 
support [the floor]. Let be 
the outer radius of the belt. Suppose that the shaft makes n revolu- 
tions per second when the ooiuhtion of * floating equilibrium * has 



Fiq. 3-21. — ^iYiction Dynamometer. 

fN.B. — The oirow on r, Indicates that r, is 
the radius of the outer sumce of the wlieel.] 



68 PROPERTIES OP MATTER 

been obtained ; let W be the weight of the bucket and its con- 
tents, while S is the reading on the spring balance. The moment 
about the axis of the shaft of the forces due to the weight W 

and the tension in the spring is (W — S) must 

be balanced by the moment of the frictional forces F about 
the same axis, viz. Ffi. Now the distance through which the 
edge of the wheel moves against F is every second, so that 
the work done per second in overcoming friction is • F. 

Eliminating F from this equation we find that the work done 
per second is jtn (r^ + r,) (W — S ). This is the power of the 
engine, since it is the rate at which work is being done. 

Rolling Friction. — ^To fix our ideas let us consider an engine 
wheel moving along a rail. There is never only contact at a point 
or even along a line normal to the rail, but always over a surface 
due to the elastic deformation of the bodies. Thus there is a 
small sliding motion of those parts of the surface in contact. 
There is thus brought into existence a frictional torque retarding 
the motion. 


EXAMPLES lU 

1. — ^A force of 7 Ib.-wt. acts on a mass of 20 lb. for 6 sec. How 
far has the body moved from rest 7 What is its final momentum 7 

2. — ^Find the resultant of two forces, 6 and 8 Ib.-wt. respectively, 
acting on a body with an angle of 67^^ between them. If this resultant 
acts on a mass of 1 cwt., determine the acceleration. Construct the 
velocity-time curve for the first 4 sec. of its motion. 

3. — ^Enunciate the theorem known as the parallelogram of forces, 
and describe an experimental arrangement whereby this law may be 
verified. 

4. — ^A circular disc has a radius of 10 cm. At a point 7 cfii. from 
its centre a circular hole 4 cm. in diameter is punched. Calculate the 
position of the centre of gravity of the remaining metal. 

5. — ^A uniform beam 18 ft. long, whose mass is 1 cwt., is inclined at 
60° to the vertical. It is held in position by means of a horizontal 
cord 13*8 ft. from its lower extremity. Calculate the tension in the cord. 

6. — ^What force is required to raise a load of 2 cwt. by means of the 
second system of pulleys if there are 4 pulleys in the lower block 7 
A similcur load is also raised by means of Weston’s differential pulley 
in which R = 1 ft. and r = 11 in. Compare the velocity ratios in 
the two systems. 

7. — ^Describe a balance, indicating the features which a good balance 
should possess. 

8. — ^A body requires 20*01 gm. to hold it m equilibrium when placed 
in one pan of a balance, and 20*73 gm. when placed in the other. 
Calculate its true mass. 

9. — ^Two masses, 5 and 12 lb. respectively, are attached to the ends 
of a uniform rod 6 ft. long, mass 3 lb. Where must a 20-lb. mass be 
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placed so that the whole will balance about a point 2 ft. 6 in. from the 
6-lb. mass T f 

10. — mass of 10 gm. placed at the 97 cm. division on a uniform 
metre scale causes the whole to balance when the fulcrum is at the 
66*3 cm. division. Calculate the mass of the scale. 

11. — ^Two forces, 3*6 and 5*8 Ib.-wt. respectively, have a resultant 
equal to 8*1 Ib.-wt. What is the angle between the forces T Check 
by a graphical method. 

12. — ^Derive an expression for the time of oscillation of a simple 
pendulum. Explain how the intensity of gravity may be determined 
by means of such a pendulum. 

13. — ^A uniform board ABC in the form of an equilateral triangle 
of 12 in. side weighs 3 lb. and has weights of 4 lb. and 5 lb. hanging 
from A and B respectively. Find a point from which the board may 
be suspended so that it sets in a vertical plane with AB horizontal 
and C pointing down. Is there more than one such point T (L.S.C.) 

14. — ^Explain, giving diagrams of the forces acting in each case, 
(a) how it is possible to sail a boat against the wind, (6) why the nose 
of a racing motor-boat rises out of the water, (c) why a railway ticket- 
collector leans backwards when alighting from a moving train. 

15. — How would you compare accurately (a) the length of a standard 
yard with that of a standard metre, (6) the period of torsional oscillations 
of a horizontal rod suspended by a fine wire with that of a seconds 
pendulum 7 \ 

16. — A uniform cylinder of height h and radius r rests with its plane 
base on a rough inclined plane. The angle of inclination of the plane 
may be increased gradually from zero. Show that the cylinder will 
topple over before it slides if 2r/h is less than the tangent of the angle 
of friction. 

17. — What is the radius of the sharpest bend which may be turned 
without skidding by a motor-car travelling at 30 ml. hr.-^ on a level 
road if the coefficient of friction is 0*7. 

18. — ^A body slides from rest down a rough plane in 6 sec. If the 
coefficient of friction is 0*42, and the inclination of the plane 26*^, 
what is the length of the plane f 

19. *— The distance between the Bcale-pan knife-edges in a balance 
is 30 cm. The central knife-edge is at a perpendicular distance of 
1 cm. above the middle point of the line joining the scale-pan knife- 
edgesk The centre of gravity of the beam is 2 cm. below the central 
knife-cKlge. The mass of the beam is 850 gm. ; that of each scale- 
pan 100 gm. Find the defiection of the beam when masses of 50 and 
51 gm. are placed in the pons. 

20. — ^Explain the construction of a good beam-balance, pointing 
out the factors which determine (a) its accuracy, (6) its sensitiveness. 

How could you find the mass of a body if you had to use a balance 
which was not true 7 
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Density and Specific Gravity. — ^The density of a substance is 
defined as the mass of the substance per unit volume. A priori 
this statement calls for little comment, for whether 1 cm.* or 1000 
cm.* are used in the experimental determination the same value 
for the density is obtained within the limits of experimental error. 
If, however, one adopts the modem view that all substances consist 
of molecules or atoms which are not in contact with one another, 
and which do not fill the whole of available space, some further 
remarks are necessary. Suppose that some imaginary being is free 
to move in and out amongst the molecules ; his idea of the density 
of the medium will be very different from ours, for the particular 
volume which he chooses may contain many or a few such molecules, 
or even none at all. These statements are made hero to show the 
student that some of our most commonplace ideas, i.e. ideas gained 
from a macroscopic view of things, are very different when the 
structure of matter is considered microscopically. 

The idea of density is frequently confused with that of specific 
gravity, which is defined as the ratio of the mass of a given substance 
to that of an equal volume of water at the same temperature. 
Since this value is a ratio it is independent of the system of units 
used in the experimental determination, whereas the density, being 
a mass per unit volume, must always be expressed in gm. cm.**, or 
lb. ft."*, etc. 

Fluids. — Solids are those substances which offer a considerable 
resistance to any force endeavouring to change their size or shape. 
On the other hand fluids, such as alcohol or nitrogen, cannot offer 
any permanent resistance to impressed forces tending to alter their 
shape. The term fluid is used to include both liquids and gases, 
the fundamental ^fferonce between liquids and gases being that 
the latter always occupy the whole of the space which is available, 
whereas liquids are always characterized by the presence of a free 
surface. This free surface is horizontal for such masses of liquid 
as are found in pools, etc., but becomes curved when the mass of 

70 



71 


ELEMENTS OP HYDROSTATICS 

liquid is larger, as in the case of a sea ; in both instances the surface 
is everywhere perpendicular to the earth’s radius at that point, 
but it is only in the second that the curvature can be detected easily. 
The thrust on any solid surface in contact with a fluid at rest 
is everywhere normal, i.e. perpendicular to the surface. If this 
were not so the thrust could be resolved into forces perpendicular 
and parallel to the surface, and this parallel force would cause motion 
of the body. 

Pressure. — Whenever a force, F, is applied to an area, s, so 
that it is distributed equally and acts normally to the surface, 
F 

then — , the force per unit area, is termed the pressure on that 

area. If the force is not distributed equally we may determine 
the pressure at any point on that area by constructing a small 
area round the said point. If dF is the force acting on such a 



Fig. 4*1. — Pressure at a point in a Liquid at rest. 


small area ds, then when ds is sufficiently small we may con- 
sider the force to be distributed uniformly over ds, so that the 

^F dF 

pressure 5 limit this becomes ^.* [In the c.g.s. 

system the absolute unit of pressure is one dyne. cm.“* ; in the 
f.p.s. system it is one poundal. ft-®. The coiTesponding gravi- 
tational units are the gm.-wt. cm."*, and the Ib.-wt. ft.“*] 

To Show that the Pressure at a Point in a Fluid at rest 
is the same in all directions. — Consider any point in the fluid, 
and suppose that a wedge in the form of a triangular prism of 
arbitrary section ABC, Fig. 4*1 {a), surrounds the point. Then 
the fluid inside the wedge is in equilibrium under the action of 

(i) its weight acting vertically downwards, 

(ii) the thrusts on its faces. 

If the wedge is very small the weight of the fluid in it, dei)ending 
on the product of three small quantities, is negligible in comparison 
. dF 8F 
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with the forces acting on the sides, each of which depends on 
the product of two small quantities. Now the forces acting 
normally on the two ends of the prism are equal and opposite so 
that they may be omitted in the problem before us. T^et the forces 
acting normally on the three other faces be dPi, 6Pt, and dPa : 
these must be in equilibrium since the fluid is at rest. If the 
angles of the section are a, fit and y, the angles between the lines 
of action of the forces are {n — a), {n — jS), and (n — y) respec- 
tively — cf. Fig. 4‘1 (6). Then 

(S Fi _ dF, ^ 

sin (;r — a) sin (n — p) sin (n — y)' 

eina sin/8 siny fa, 6, and care the 
a ’ sidesof AABC.] 

• _ J?L == ^ 

" a ,dx i) . dx c .dx* 

where dx is the length of the wedge, i.e. the pressures over the 
faces of the prism are equal. 

Pressure at a Point in a Fluid. — ^To determine the pressure 
at a point distant h below the free surface of a liquid which is at 
rest, and whose density is p, we imagine a small horizontal area s 
drawn round P and consider the liquid contained in the right cylinder 
having this area as its base — cf. Fig. 4-1 (c). This cylinder of 
liquid is in equilibrium under (a) the upthrust on the base, (6) its 
own weight, (c) the thrusts due to the pressure of the surrounding 
liquid on its sides. Since these are everywhere normal to the 
surface they have no vertical component, so that for equilibrium 
the weight, W, of the cylinder of liquid must be equal to the 
upthrust on the base. 

Now, using the c.g.s. system of units, 

W (dynes) = weight of a column of liquid of height h (cm.), and 
cross-sectional area a (cm.*^), 

= mass of this column x g, the acceleration due to 
gravity, 

= [volume of this liquid, v, (cm.*) x its density, p, 
(gm. cm.-»)] X g, 

= (8hp)g (dyne). 

Hence, F, the total thrust on the area a is {8hp)g (d 3 me). The 
pressure P at any point in the base is therefore given by 

P 

P = - = (gph) (dyne. om.~*). 

From the above we see that the pressures at two points in the 
same horizontal plane in a liquid at rest must be equal. This may 
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be shown by cutting a piece of braes tubing at right angles to its 
axis and arranging the two new ends thus formed in the same 
horizontal plane. To facilitate this adjustment a flat sheet of 
metal and a spirit level may be used. A beaker containing liquid 
is then placed so that the ends of the brass tubes are immersed. 
When the liquid is at rest the ends of the tubes must be at the 
same depth below its surface. If the two tubes are connected 
together by means of a T-piece and rubber tubing, bubbles of gas 
appear from the two ends at the same time when pressure is applied 
to the open end of the T-piece. In carrying out this experiment 
narrow tubes must not be used since other forces become appreciable 
so that the simplicity of the experiment is lost ; the reason for 
this will be noticed later [cf. p. 119]. 

Archimedes’ Principle. — When a body is immersed either 
wholly or partly in a fluid at rest, it displaces a volume of fluid 
equal to that of the immersed portion, and experiences an upthrust 
due to the liquid displaced ; the magnitude 
of this upthrust is equal to the weight of the 
displaced fluid. Let A, Fig. 4*2, be such a 
body. If the body is supposed to have been 
removed, and the space it occupied filled 
with some of the fluid, the forces arising 
from the superincumbent fluid are unaltered. 

Now the resultant of these forces just balances 
the gravitational force acting on this mass 
of the fluid, viz. its weight — ^the above resultant must act vertically 
upwards. When the body was in the fluid these forces were still 
existent and must therefore have reduced the effect of the earth’s 
attraction on the body, i.e. its weight was apparently diminished 
by an amount equal to the weight of fluid displaced. If the 
body A were suspended from a balance this apparent loss in weight 
would be detected as an apparent loss in mass. 

A similar argument holds when the body is only partly immersed 
in the fluid. 

Experimental Verification of Archimedes’ Principle.— The 
apparatus commonly employed to demonstrate the truth of the 
above principle is shown in Fig. 4*3. It consists of two cylinders 
A and B which are of such dimensions that the solid cylinder B just 
slides into A and fills it completely. When in this position the 
whole is suspended from the arm of a balance and the balance 
equilibrated, [sand may be used]. B is then withdrawn and 
su8X)ended in a beaker containing liquid from below A with the 
aid of the hooks provided. The equilibrium of the balance is 
thereby destroyed, but it may be restored by pouring some of the 
same liquid into A as that in which B is immersed. Equilibrium 
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4*3. — Apparatus 
verify Arohi- 
principle. 


will be established when A is completely filled with h'quid. This 
verifies that the upthrust on B when this is 
completely immersed in a liquid is equal to 
the weight of the liquid displaced by B. 

The experiment should also be repeated 
when B is a closed hollow cylinder such that 
it floats in the liquid. The procedure is 
exactly as above except that a piece of lead 
sufficient to cause the cylinder to sink is 
suspended from A and immersed in the 
liquid throughout the whole time that the 
experiment is being performed. 

In order to vary this second -paxt of the 
experiment the cylinder B is made of iron 
and mercury is the liquid used. A piece 
of tungsten, density 18-4 gm. cm.”*, will 
be required to si^ the iron. Brass or 
copper must not be employed in place of 
iron since these metals form amalgams 
with mercury. 

The Principle of Flotation. — the resultant of the forces 
acting on a body partly submerged in a liquid at rest and due to 
the liquid exactly balances the weight of the body, then that body 
floats. But it has been seen above, that the resultant of these 
forces is equal to the weight of the liquid displaced, so that for a 
floating body it may bo said that the weight of the liquid displaced 
is equal to the weight of the body. 

Experimental Methods for the Determination of Density. 
— (a) The density of a solid substance insoluble in water can be 
found by determining its mass in air and then in water. The 
apparent loss in mass of the solid is equal to the mass of the water 
displaced, and since 1 cm.* of water has a mass of 1 gm. the volume 
of water displaced and hence the volume of the solid are known. 
For accurate work account must be taken of the fact that it is 
only when the temperature of the water is 4** G. and the external 
pressure 1 atmosphere that 1 cm.* of water has a mass of 1 gm. 
If an experiment were made at 20° C. how could the volume of 
the BoUd be found ? From tables it is known that the density 
of water at 20° C. is 0-998 gm. cm"’*. Suppose that the apparent 
loss in mass of the submerged body is 13*61 gm. Then the volume 
is equal to the mass divided by the density, viz. 

0-998 “ 

(6) If the body floats in water it must be caused to sink by using 
a heavy piece of metal called a sinker. Let tnj be the mass of the 
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body in air, m, the mass of the body in air plus the sinker in water, 
and mg the mass when both are suspended together in water. Now 
mg = mi + apparent mass of sinker in water, 

= wii + mass of sinker in air — mass of water displaced by 
sinker, and 

mg = apparent mass of both in water, 

= mi — mass of water displaced by the solid + mass of sinker 
in air — mass of water displaced by sinker, 

= m* — mass of water displaced by solid. 

/. mt — • mg = mass of water displaced by the solid. 

If po is the density of water at the temperature of the experiment, 
the volume of the water displaced is (m, — m^) pn: this is the 
volume of the solid. The density of the solid is therefore 

^ipo 

{mg — mg)‘ 

(o) The density or specific gravity bottle is a small glass con- 
tainer fitted with a ground glass stopper. A capillary hole in this 
stopper permits an excess of liquid to be removed and at the same 
time ensures a constant volume for the bottle. It is filled with the 
liquid and then cleaned and filled with distilled water, the mass of 
liquid in each instance being determined. The specific gravity of 
the fluid is the ratio of these masses ; the density is easily calculated 
at any temperature as in (a). In using the bottle care must be 
taken to see that no air bubbles remain clinging to the sides of the 
bottle, and that the bottle has been completely filled at the same 
temperature in both instances. 

(d) The density of a solid, available as a powder or as small 
crystals, may be determined with the aid of a density bottle. The 
method will be illustrated by considering how to determine the 
density of some crystals (e.g. sugar, copper sulphate, etc.) which 
are soluble in water but not in some other liquid (e.g. turpentine). 
The following observations must be made. 

Mass of bottle 

„ „ „ 4 crystals m., 

„ „ „ -j- crystals and tur- 

pontine to fill — 

„ „ „ -i- turpentine to fill ~ 

„ „ „ -h water to fill -- mg 

Mass of solid used . . . {nig 

„ „ turpentine required to fill 

bottle when crystals are 
present . . . — (mg 

Now „ „ turpentine to fill bottle . — {m^ 

„ „ turpentine, the volume of 

which is equal to that of 
the crystals. . . ~ (mg 


- »»x) 

- mj) 

- «»i) 

- »»,) (m, — 



76 PROPERTIES OP MATTER 


To find the volume of tliis mass of turpentine its density must be 
known. But the mass of water, of density pp, required to fill the bottle 
is (m^ ^ m^), Tlie density of the turpentine is therefore 

mi — mj 
mg — 


-rr 1 o , (^4 ^l) — (^3 — Wlo) , 

Volume of crystals == ® * r -.(mg — mX 

(mg — m{^pi 

•Density of crystals (»». - «»0 («». - mOpo . 

[(mg ~ mg) - (mg - ma)](m5 - mg). 


(e) If the liquid whose density is required is only available in 
small quantities then its density may be found as follows : — A 
uniform glass capillary tube of suitable diameter (say 1 mm.) is 
selected, cleaned, dried, and its mass determined. A long length 
of mercury is placed in the tube, preferably by attaching a smail 
piece of rubber to the tube, placing a bubble of mercury in the 
rubber and applying pressure at the open end of the rubber tube. 
This operation has a filtering action upon the mercury and enables 
the mercury to be introduced without undue contamination of the 
tube which is the result if suction is applied by the mouth. The 
mass of the mercury is determined. The tube is then filled with 
liquid and its mass found. In either case it is necessary to measure 
the length of the fluid in the tube. If very accurate results are 
required corrections to this length must be made owing to the exist- 
ence of curved surfaces at the ends of the column. As a first 
approximation one adds (or subtracts) a length equal to two-thirds 
the diameter ^ of the tube, if the lengths have been measured as the 
distances between the extreme points at which the mercury (or liquid) 
is in contact with the glass. From the mass and corrected length 
2, of the mercury the mean radius of the tube is found, for if p is the 
density of the mercury at the temperature of the experiment, the 

volume of mercury is ^ and this equals nrH so that 



If f is small, m will also be sma 11. It is then better to introduce in turn 
several pellets of mercury, measure the length of each, and determine 
their total mass, i7(m), say. Let this be fi — the only mass which 
has to be determined. If Z(0 is the total length of all the pellets. 


r = 



^An approximate value of the diameter is obtained by finding a wire 
which will fit the tube and measuring its diameter with a screw gauge. 
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If M is the mass of a liquid whose density D is required, and this 
occupies a length L of the above tube, then 


or 


M 

D 


= 7ir*L, 


D = 


M 


where r is now known. 


In the above it was stated that the tube should be uniform in 
cross-section. This is only essential if the lengths of the mercury 
pellet and the column of liquid introduced are not equal, but a 
non-uniform tube may be used if the lengths of mercury and 
liquid columns are equal, for the tube may then be used as a 
density bottle of known volume. 

The Internal Radii of Tubes. — The last paragraph has shown 
us how the internal radius of a narrow tube may be found, but the 
same method cannot bo extended to wider tubes since the mercury 
would not fill the entire cross-section of the tube. We therefore 
proceed as follows : — cork is inserted at one end of the tube and 
a little water (or mercury, if greater precision is desired) added so 
that when the tube is vertical the surface of the water is at some 
fiducial mark A. The mass of the w^hole is found. More water is 
then introduced until the level is at a second fiducial mark B. 
The mass is again determined and from the 
observations the volume of the tube between 
the marks A and B deduced. By proceeding 
in this way any errors due to the shape of 
the cork are avoided. If the length AB is 
known, the radius of the tube can be cal- 
culated. This same method may be used 
to find the radius of a test-tube. It should 
be noticed that this method, like the one 
above, only determines the mean radius of . 
the tube. f 

Hydrometers. — Two of the usual forms jj 
of hydrometer, which is an instrument used | 
to determine the density of liquids or solids, | 
are shown in Pig. 44 ; the first consists of * 
a bulb A, at the lower extremity of which 
there is a small bulb B, containing mercury 
or lead shot. The neck between A and B (a) 
is solid so that the mercury cannot be dis- Fio. 4 - 4 . 



placed. In the pattern shown here the bulb 
B is part of a mercury thermometer the 
scale of which is placed inside A. This 
enables the temperature of the liquid to be 


(а) A Common or Con- 
stant Mass Hydro- 
motor. 

(б) Theory of a Floating 
Hydromotor. 
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observed without ueiing a second thermometer. To the other 
extremity of A there is attached a long narrow tube which carries 
the scale of the instrument. The scale numbers generally refer 
to density, and the scale is so situated that the number at the 
point where the stem emerges from the fluid in which the hydro- 
meter is immersed gives the density of the fluid. 

The Equilibrium Of a Fioating Hydrometer (Elementary 
Theory). — Let us assume that the hydrometer is designed for use 
with liquids whoso densities are greater than that of water. Let 

0, Fig. 4-4 (6), be the zero mark. 

Let m = mass of hydrometer. 

V = volume of the hydrometer up to its zero mark, 

V := volume per unit length of the stem. 

Then mg is the weight of the hydrometer, and this is the gravi- 
tational force pulling it downwards. Suppose that when the 
instrument floats in a liquid of density p the increase in length 
of the emergent part of the stem is n. Since the total volume of 
liquid displaced is (V — nv), the upthrust of the liquid on the 
hydrometer is (V — nv)pg. For equilibrium 

wg? =: (V nv)pg, 

1. c. 7/1 == (V — nv)p. 

The Graduation of a Common Hydrometer. — ^I’o calibrate 
this instrument, assuming that the stem is uniform in cross-section, 
one may proceed as follows. Suppose that O is the mark to 
which the instrument sinks when it is floated in water of density 
po gm. cm. “ * ; let L, Pig. 4-4 (6), be the mark when the hydrometer 
floats in a liquid of density this density being known or deter- 
minable. Leti I be the distance OL. Let X be the mark on the 
stem to which the instrument sinks when floating in a liquid of 
density p. Call OX = x. The problem before us is to determine 
X in terms of Z, pi, and p ; we then give values to p numerically 
equal to l-OO, 1*01, 1*02, etc., and so find out where these gradua- 
tions must be placed. 

If V is the volume of the instrument up to the mark 0, and v 
the volume per unit length of the stem, we have, by the principle of 
flotation, 

V X po = mass of water displaced = mass of hydrometer 
-= mass of liquid displaced 
= (V — Iv) . Pi = (V — xv)p. 
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Hence 



Pi-J 


In all accurate work with hydrometers it is very essential that the 
liquid surface should bo clean. The following experiment vorilies the 
above statement. A deep glass vessel is thoroughly cleaned and 
provided with a side tube near its base so tliat it may be completely 
filled with tap -water. A hydrometer is placed therein and the water 
allowed to overflow continuously. In this way a very clear water 
surface is obtained. The fiow of water is stopped and the equilibrium 
position of the hydrometer noted. The water surface is then touched 
with a rod which has boon wetted in a soap solution : this contaminates 
the water surface and the hydrometer rises — probably one or two 
millimetres. This is because the surface tension [cf. p. 113] of the 
liquid has been reduced and the hydrometer is not pulled down to the 
same extent as when the surface tension of the water had its maximum 
valtie, i.e. as wheh its surface was clean. 

Nicholson’s Hydrometer. — ^This instrument, which was de- 
signed for determining (a) the densities of solids and (6) those of 
liquids whose densities do not differ very 
much from that of water, consists of a hol- 
low vessel, A, comprismg a cylinder and two 
conical portions — cf. Fig. 4-5. The instru- 
ment carries upper and lower pans, B and 
C, respectively ; 0 is loaded with lead shot 
BO that the hydrometer floats in an upright 
position when placed in a liquid. The 

hydrometer is made of brass and nickel- 
plated so that the tendency for air bubbles 
to cling to it shall be minimized. To find 
the density of a liquid the instrument is 
first placed in the liquid and masses added 
to the upper pan until a definite mark on 
the stem just touches the surface. It is 
generaUy somewhat difficult to judge this 
coincidence exactly so that it is better to 
solder a bent pin, P, to the stem of the hydrometer and alw^,ys 
bring the point of the pin into contact with the surface of the 
liquid. This coincidence is best ascertained by looking at tlie 
refiexion of the pin in the surface of the liquid from a point below. 
If nil is the mass in the upper pan and M is the mass of the instru- 
ment itself, then, aocording to the principle of flotation, the mara 



Fio. 4*5. — Nicholson’s 
Hydrometer. 




80 


PBOPEBTIES 07 MATTEB 

of the liquid displaced is M + The hydrometer is then washed 
and floated in water when a mass will be required in the upper 
pan in order to sink the instrument to P. The mass of the water 
displaced is M 4* ^ po is the density of water at the tempera- 

ture of the experiment the volume of water displaced is (M + mi)/po* 
This is equal to the volume of liquid displaced. The density of 
the liquid is 

(M + mOpo 

(M + w,) 

If the instrument is floated in a liquid whoso density differs con- 
siderably from unity, there is a tendency for it to tilt. This may 
be avoided by placing a suitable piece of brass in the lower pan 
during this part of the experiment, and making a correction as 
follows. Let till = mass in the upper pan required to sink the 
instrument to the mark P when the piece of brass of mass fi and 
density px is placed in the lower pan. Then the mass of the liquid 
displaced by the hydrometer is M -f + /«» said the volume of 
the liquid displaced, being the volume of liquid displaced by the 
hydrometer alone plus the volume of the piece of brass, is 

The density required is therefore 
(M + mi -f p) 

Po PiJ 

If a hydrometer is properly used, reliable results are obtained 
even for liquids whose densities do not differ much from unity, 



Fig. 4-6. — Principle of the Nicholson (or Consteuit Immersion) 
Hydrometer. 
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sinoe the masses of large volumes of liquid and water have to bo 
determined. 

To determine the density of a solid the hydrometer is first floated 
in water as before and the mass required to sink the hydrometer to P 
ascertained. Let this be cf. Fig. 4*6 (a). The solid is then 
placed on the upper pan and the mass necessary to sink the instru- 
ment to the same mark again found, cf. Fig. 4*6 (6). Let this be 
m2, so that the mass of the solid in air is (mj — m2). The solid 
is then placed on the lower pan when it will bo found that a mass 
m3 is necessary to sink the hydrometer to the same fiducial mark, 
cf. Fig. 4*6 (c). This mass will be greater than due to the 
upthrust of the water on the solid. Now by the principle of 
flotation, the mass of the water displaced in each instance is equal 
to the mass of the floating object. Hence, considering the state 
of affairs indicated in Fig. 4-6 (c), we have 


Mass of water displaced by hydrometer when floating 
as in (a) -[- mass of water displaced by solid 

= M + m3 + mass of solid in air. 
/. (M + + mass of water displaced by solid 

= M + m3 + m^ — mj. 

Mass of water displaced by solid 

= (mg — mg). 


If the density of water is pg, the volume of the solid is 


so that its 





It will be noticed that this method applies equally well to solids 
which floaty the only difference being that the solid must be tied to 
the lower pan. This may be done with the aid of a piece of wire and 
if this is allowed to remain on the lower pan throughout the experi- 
ment its mass need not be known. 


Alcoholometry. — ^Th© term alcoholomotry is applied to the deter- 
mination of the strength of spirits. In the days of the alchemists 
rough-and-ready moans were used. A piece of cloth was moistened 
with the spirit and a light appHed : ignition indicated strong spirit. 
Sometimes an oil was poui'ed upon the surface of the spirit ; strong 
spirit floated on the siuface of the oil. Later the spirit to bo tested 
was used to moisten gunpowder — ^whon a light was applied rapid 
combustion indicated a strong spirit; steady burning indicated a 
spirit which was regoided as ‘ good, rightfull and of vertuo ’ and was 
known as ‘ proof * spirit. In 1666 some friction arose between im- 
porters of French brandy and the customs officials concerning the rate 
of duty chargeable on the liquid. There were two rates, 4d. and 8d. 
per gallon, for liquors of different qualities, and the revenue officials, 
guided by the sense of taste, asked for the higher rate. The decision 
was contested by the importers, but was eventually ratified; the 
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test was made statutory in 1670. Fraudulent merchants, however, 
attempted to disguise the taste of their brandies, and so other means 
had to be found. Boyle first thought of using a hydrometer for 
testing spirits, and after various improvements it has bocome the 
standard instrument for such purposes. 

' Over * and • Under * Proof , — ^The term ‘ proof * is applied to spirits 
having a density 0*91976 gm. cm.“* at 15*56® C. (60® F.) ; this cor- 
responds to 49*28 per cent, of alcohol by weight or 57*10 per cent, 
alcohol by volume. If the over-proof strength is added to 100, the 
sum represents the number of volumes of spirit at proof strength which 
that particular over-proof strength would make. Thus, 100 vol. of 
spirit at 16® over-proof are equivalent to 116 vol. of proof spirit, 
whereas 100 vols. of 16° imder-proof are equivalent to 84 vol. of proof 
spirit. Absolute alcohol is 76*35® over-proof. 

Sike's Hydrometer. — ^This is the particular form of instrument 
used in alcoholometry. It consists of a gilded brass bulb, 1*5 in. in 
diameter, to the bottom of which is fixed a counterpoise. The stem is 
a thin rectangular strip graduated in arbitrary units. Tables are 
supplied which convert readings into terms of over- or under-proof 
strengths. 

Stability of Floating Bodies.— The principle of flotation [cf. 
p. 74] asserts that the mass of the floating object is equal to the 



Fio. 4* 7.— The Metacentrio Height of a Floating Body. 

mass of the liquid displaced. This condition alone is not sufficient 
to detormme the equilibrium of the floating object. If it is in 
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equilibrium the weight of the solid must not only be equal to 
the upthrust of the liquid displaced, but these two forces must act 
in the same straight line. 

Now while these two conditions are sufficient to determine the 
equilibrium of the floating body, the stability of that equilibrium 
requires further discussion. 

Consider a floating body (o.g. a ship) in the position of equili- 
brium. If m is tho mass of the ship, it is in equilibrium under the 
action of two forces, its weight, where g is the acceleration due 
to gravity, acting vertically downwards through G, Fig. 4*7 (a), 
the centre of gravity of the body, and the upthrust, also mg^ acting 
vertically upwards through H, the centre of gravity of the dis- 
placed liquid. The point H is termed the centre of buoyancy. 
Now HG is vertical when the ship is in its equilibrium position. 
We shall assume that this line is marked on the ship and that it 
moves with it when the equilibrium is disturbed. When the ship 
is displaced through a small angle, let the centre of buoyancy 
move to a position H^, Fig. 4-7 (6), in the plane of the diagram. 
The mass of displaced liquid will remain unaltered, but ite resultant 
upthrust will now act vertically through H^. If this line of action 
of the upthrust cuts HG produced in M, then M is tho metacentre 
of the ship, while the distance GM is the metacentric height of 
the ship. 

The ship is now acted upon by a couple and if M is above G this 
couple will tend to restore the ship to its equilibrium position, i.e. 
the equilibrium is stable. Unstable equilibrium follows when M 
is below G. 

To Deteimine Experimentally the Metacentric Height of a 
Rectangular Piece of Wood Floating in Water. — Consider that 
rectangular section ABCD, Fig. 4-7 (c), of tho floating body which 
Pfasses through G, tho centre of gravity of tho body. Suppose 
that the body is displaced through a small angle 0 by placing 
a body of mass [x at E. Let M be the metacentro whoso posi- 
tion is to be determined experimentally, and suppose that GM 
outs AB in 0. Let OE = sc. If m is the mass of the wood, and 
fx is small compared with m, so that the mass of the displaced 
liquid may be considered constant, the three forces maintaining the 
body in equilibrium are its weight mg, acting vertically downwards 
through G, the upthrust mg acting vertically upwards at Hi, the 
centre of buoyancy in the disturbed position of the wood, and^the 
weight fxg of the mass at E which acts vertically downwards. By 
taking moments of forces about Q, the point of intersection of the 
water line with HiM, we obtain GM, for 

mg . GM . sin fl = ^ . RQ, 
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where R is the projection of E on the water line. If 0 is small, 
sin 0=0, and RQ = x cos 0 = 3?. 

Hence QM = 

The angle 0 is deduced from observations on the position of a 
plumb-line attached to the wood as indicated. 

Pressure of the Atmosphere.— The earth is surrounded by an 
envelope of mixed gases consisting of oxygen and nitrogen for the 
main part, but also containing carbon-dioxide, water vapour, and 

in smaller amounts argon, neon, krypton 
and xenon. This mixture is a fluid and, 
as such, exerts a pressure. In general, 
this pressure diminishes with increasing 
altitude, and is such that at distances 
greater than 50 miles above the earth’s 
surface, the air is so rarefied as to be 
almost non-existent. Fig. 4*8 shows the 
eflect of placing a tube, completely filled 
with mercury, in a reservoir of this sub- 
stance. Whether the tube is inclined or 
not, the vertical height of the column, 
providing the mercury does not fiU the 
tube entirely, is the same in each tube 
and is a measure of the pressure of the atmosphere under the 
prevailing conditions. The vacuum above the upper surface of 
the mercury is called a Torricellian vacuum, and should contain 
only traces of mercury vapour. This space is so called because it 
was discovered in 1643 by an Italian named ToBRiOELni. Such 
tubes are the essential part of all mercury barometers. 

The Fortin Barometer. — ^The distinctive feature of this instru- 
ment, Fig. 4-9, is the device used for keeping the level of the mercury 
in the reservoir constant. This permits the use of a fixed scale — 
generally engraved on the brass case, A, surrounding the barometer 
tube, B. The reservoir bottom, C, is made of chamois leather and 
is moved by means of a plunger, the motion being imi)arted by the 
rotation of the screw S ; this is moved so that the mercury level 
in the reservoir is coincident with the extremity of an ivory point 
P, whenever observations are being made. The tip of P coincides 
with the zero of the scale on A. The above coincidence is examined 
by viewing the reflexion of the point in the mercury surface. To 
determine the position of the upper surface of the mercury on the 
scale of A, the tube E, sliding inside A and operated by the milled 
knob D, is adjusted so that its lower end is level with the mercury 
surface. A vernier scale on E enables the position of the mercury 
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Biufaoe to be determined. After some months’ use air tends to 
find its way along the glass-meroury surface; this is prevented 
from reaching the vacuum by means of 
the re-entrant glass joint X. The glass 
tube used in such a barometer is shown in 
Fig. 4*9 (6). 

Boyle’s Law. — Oases are fundamentally 
different from solids and liquids. The fact 
that a given mass of gas is at a certain 
temperature does not define its volume 
definitely, for a gas always occupies the 
whole of the available space in the vessel 
enclosing it. If the volume of the gas is 
increased the gas still fills the whole of the 
vessel, but the pressure it exerts on its 
walls is reduced. Similarly, if the volume is 
decreased, the pressure is increased. Boyle, 
in 1662, investigated the relationship between 
the volume of a given mass of gas and the 
pressure to which it is subjected, and his 
results are expressed by the law which bears 
his name : ‘ The volume of a given mass n ^ n 
of gas at constant temperature is in-- (a) 

versely proportional to the pressure to 
which it is subjected,^ 

Experimental Verification of Boyle’s 4 . 9 .— a Fortin 

Law. — Fig. 4*10 (a) is a diagrammatic Barometer, 

representation of the essential parts of the 
apparatus. It consists of a burette or other suitably calibrated 
vessel, A, connected by means of thick rubber tubing to a wide tube, 
B, containing mercury. C is a two-way tap leading either to a tube 
D, containing calcium chloride, or to a tube E. At the top of D 
there is a rubber bung through which pass E and another tube F 
which may be closed by a small glass cap and piece of rubber tubing. 
A loosely packed plug of glass wool, G, at the lower end of D 
prevents particles of the chloride from entering A. The tap C 
is first placed so that connection is made between A and E [cf. 
Fig. 4*10 (c)]. When B is raised the air or other gas in A is 
expelled into D via the tube E. During this operation care should 
be exercised to prevent the mercury from coming into contact 
with the grease on the tap, for mercury is easily contaminated. 
C is then rotated so that there is direct connection between D and 
A [cf. Fig. 4*10 (6)]. When B is lowered dry gas enters A. This 
operation is repeat^ several times so that the gas finally left in A 
is dry. With the tap C closed, B is raised to a considerable 
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height. If the mercury level in A continues to change, the tap C 
is leaking, so that this defect must be remedied before proceeding. 

When it has been shown that the apparatus is free from leaks 
the volume of gas in A is noted, and the levels of the mercury in 
A and B are observed by means of the scale 
S. The difference between these two observa- 
tions is a measure of the pressure difference 
between that in A and that of the atmo- 
sphere. If the barometric height is observed, 
the pressure of the gas in A in terms of cm. 
of mercury at room temperature may be de- 
duced. A series of observations with the pres- 
sure in A both greater and then less than 
atmospheric is made. If now a graph is 
drawn showing the relation between p, the 
pressure, and V, the volume of the gas, a 
curve is obtained, but its nature cannot be 
directly inferred. But since it is expected 
that the observations will support the re- 
lationship p oc i.e. pV = ic, where k is a 

constant, we should plot logp and log V. 
If the points lie on a straight lino whose slope 
is — 1, the validity of Boyle’s law over the 
range of pressures investigated will have 
been established, for log p -f- log V — log k 
= constant, is the equation to a straight line 
whose slope is —1. The validity may also 

be tested by plotting p against y, when a 

straight line should be obtained. Its slope 
is fc. 

The actual method used by Boyle (1662) 
to establish his law for air was to observe 
the volume of air in the closed limb of a 
U-tube at atmospheric pressure and then at 
different pressures. He assumed the law to 
V A -itx T 5 1 » valid and calculated what the volume 

Appm^.* should be for the pressures applied. This 
calculated volume was compared with the 
observed volume and the agreement was found to be very good. 

[The numbers in Ex. 26, p. 101, have been taken from Boyle’s 
original paper.] 

Experiment, Clean and diy a glass tube about 40 cm. long and 
0*3 cm. in diameter. Introduce a pellet of mercury about 10 cm. 
long into the tube. Observe the barometric height. Determine the 
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length of the tube occupied by the enclosed air when the tube is 
vertical and also when the tube is rotated through 180® in a vertical 
plane, i.e, when the pressure of the enclosed gas is greater and then 
less than atmospheric by an amount depending on the length of the 
mercury pellet. Introduce other pellets into the tube and repeat the 
observations. Hence investigate the validity of Boyle’s law. 


Hare’s Density Apparatus. — This apparatus enables us to 
compare the densities of two liquids, so that if the density of one 
is known, that of the other may be de- 
duced. It consists of two vertical tubes, EllO 

ABand CD, Fig. 4-11. The upper ends 1 

of these tubes are connected to a T-piece ^ 
and stop-cock, E : their lower ends each (f ^ 

dip into one of the liquids under ex- [1 g 

amination. By applying suction at E the |L 7^^ \ 

liquids may be brought to convenient \ 

positions in the tubes. Let us suppose Qn \ i 

that these positions are Pi and Qi re- Jl £ 

spectively. If D and d are the densities i 

of the two liquids while Hj and hi are ^ 

equal to the hdghts of Pj and Qi above [1 . 1 

the exposed surfaces of the liquids, the 1 f 

difference in pressure between the inside 3 . I 

and outside of the apparatus is pDHi or ^ | I 

gdhit i.e. ~ = 5-. In actual practice 3 « !- 

D hi I i ’.If Q , ^ 

it is at least inconvenient, and certainly j ' \ 
undesirable, to adjust the ends of the m 

scales S and T so that they are in con- [T 

tact with ^he exposed surfaces of the 

liquids. To avoid this, a long pin (or 

screw) is pushed through a piece of wood Fia. 4- 11.— Hare’s 

resting on top of the containing vessel in us. 

each instance, the pins being ver- 



OT^ Readings on sca/e T(cm.) ^ 

Fio. 4*12, 


tical, andtheir positions adjusted 
until their lower ends just touch 
the liquid surfaces. S and T are 
then used to measure the heights 
of P and Q above the tops of the 
pins, and if the lengths of the 
pins are known, Hi and hi are 
easily deduced. 

A series of observations with 
the levels of the liquids at 
different positions in the tubes 
is made, care being taken to see 
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that the tubea are thoroughly wetted. The observations are 
then plotted as in Fig. 4-12 and the best straight line drawn. 
Let K and L be two points on this line and draw KM and LM 
parallel to the axes of reference. It follows that ML and KM 
will be proportional to the same change of pressure inside the 
apparatus, so that if we denote them by H and h respectively, 
d H 

gDH = gdh, i.e. Generally the liquid in AB is water so 

that in the o.g.s. system of units J) = 1 gm. cm.“*, and there- 
fore d =-^ gm. cm ’* 

Buoyancy in Gases. — ^It has already been shown that any solid 
immersed in a liquid experiences an upthrust equal to the weight 
of the liquid displaced. Gases, too, exert an upthrust on bodies 
in them equal to the weight of the gas displaced. This may 
be demonstrated in the following manner. A, Fig. 4*13, is a 



Fig. 4- 13. — Buoyancy in Gases. 


heimetically sealed vessel — a glass globe, for example — suspended 
from one arm of a balance and counterpoised by a mass, B. 
The whole is placed inside a large bell-jar which may be 
exhausted. As the air is removed from the jar the up-thrust 
on the large body A is much reduced in comparison with that 
on the counterpoise B. In consequence, the equilibrium of the 
balance is destroyed and A falls. 

Correction for Buoyancy in Determining the Mass of an 
Object. — ^Let m be the mass of the weights (brass) necessary to 
counterpoise a given object, the weighing operation being carried 
out in air. Let pi be the density of brass, p, that of the material of 
the solid whose mass is being determined, and that of the air 
under existing conditions. Let M be the true mass of the solid. 
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Then its volume is M/p,, so that the upthrust on it due to the air 
displaced is 

On the brass weights the upthrust is ^ p^. g. For equilibrium 

i.e. m|^1 == 

/. M = mf 1 — Pflf -- — —^Tsince p^ is small. 

L \Pi PvJ 


The Suction Pump. — diagrammatic representation of the 
suction or bucket pump is shown in Fig. 4* 14 (a). The valves 
A and B are so constructed that they can only move upwards ; 



(a) A Suction Pump. (&) A Lift or Force Pump. 

Fio. 4a4. 


when the piston or bucket CD is forced downwards any water 
between the valves A and B is compelled to pass upwards 
through A, for the valve B is closed. When the motion of CD is 
reversed, i.e. the piston moves upwards, the water above it closes 
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the valve A and this water is carried upwards and delivered through 
the spout E. The space between CD and B would now be a vacuum 
were it not for the fact that the atmospheric pressure acting on the 
surface XY of the water in the reservoir forces the water past the 
valve B into the cylinder of the pump. On the descent of CD the 
cycle is repeated, the result being an intermittent delivery of 
water from the pump. In dry weather it is often necessary to 
prime such pumps, i.e. water must be poured into the main body 
of the pump in order to make an air-tight seal at CD. If such a 
process is not used the pump will not work. 

The Lift Pump. — ^As in the preceding pump, there are two 
valves L and M, Fig. 4*14 (6), and an additional valve N is in a 
side exit. When the piston HK is raised the valve L closes, while 
M and N open, allowing water to pass from the reservoir into the 
cylinder below HK, while the water above HK is forced through 
N upwards into the cylinder. On the downstroke of the plunger 
HK the valves M and N close, and the water is forced through L 
into the receptacles which are being fed. The cycle of operations 
is then repeated. Vessels are often fitted to plunger pumps in order 
to provide a ‘ cushion ’ and so avoid damaging the pump when 
the piston motion is reversed. The air cushion absorbs the shocks 
which are due to the alternate starting and stopping of the water 
supply. 

The Limitations of the Above Pumps. — Under normal con- 
ditions the pressure of the atmosphere is sufficient to support a 
column of mercury 30 in. in length. Since mercury has a density 
13*6 times that of water the height of a water column which can 
be supported under similar conditions is 30 X 13*6 in. or 34 ft. 
This distance represents the maximum theoretical distance between 
the water-level XY and the valve B, cf. Fig. 4*14 (a). In practice, 
owing to imperfections in the pump, it is seldom found that water 
can be raised more than 20 ft. by a suction pump. 

This distance must not be confused with the height to which water 
can be driven by means of the force pump. This latter height 
depends upon the efficiency of the pump and the strength of the 
valves. A distance of 300 ft. is about the maximum distance 
through which it is safe to raise water in this way. 

The Petrol Pump. — The lift pump finds a useful application in 
the modem petrol pump for raising petrol from an imdergroimd tank. 
When the plunger is raised by the ratchet work, R (shown in the 
conventional manner). Fig. 4*15, the valves V in the piston are closed 
and W is opened so that the petrol rises ; on the descent of the plunger 
W automatically closes, thereby preventing the petrol from flowing 
back into the tank. At the same time the valves V are opened and 
the petrol is forced upwards into the glass vessel A, the air in A 
escaping through the outlet C. When A is filled, any excess of petrol 
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driven into it by the lift pump escapes down B and returns to the 
tank. The petrol in A is delivered through the tap T. 


The Siphon. — The siphon, Fig. 4*16 (a), 
consists of a piece of tubing of rather small 
bore C0*5 cm.) bent so that its two arms are 
unequal. If the tube is filled completely 
with liquid and the shorter arm is im- 
mersed in a liquid, liquid is removed from 
the containing vessel. The column of liquid 
BC exerts a pressure at 0, and when the 
siphon begins to operate the liquid runs out 
at 0. The removal of the Liquid from this 
side of the siphon tends to produce a vacuum 
in BA, and consequently the liquid is drawn 
from the reservoir, which is being emptied, 
into the tube. The whole process becomes 
continuous so that there is a steady stream 
of liquid at G. The speed at which the liquid 
is removed from its container depends upon 
the vertical distance between the level of the 
liquid and C ; the greater the distance, the 
more rapid the flow from the siphon. How- 
ever, it must be noted that if the vertical dis- 
tance between A and B exceeds the baro- 
metric height, expressed in terms of the 
liquid in A, then the column AB can no 
longer be maintained and the siphon ceases 
to work. For water the above distance is 
30 ft. (about) , for mercury, 76 cm. The 
above argument indicates that a siphon will 
not work in a vacuum. 



Fig. 4‘15. — A Petrol 
Pump. 


A siphon may be rendered automatic by placing some 



Fiq. 4*16. 


(a) Siphon. 


(b) Automatio Siphon. 
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of straight glass tubing and bending the whole so that the shape 
shown in the Fig. 4*16 (6) is obtained. A little molten wax, made 
by melting together 10 parts resin and 6 parts vaseline, is drawn 
into the longer limb of the siphon so that the walls of the glass 
are thinly coated. When the shorter limb is placed in a liquid, 
capillary action causes some to pass into the Waxed limb and 
form a pellet. This grows until the vertical distance between its 
ends exceeds the depth of the end of the short limb below the 
liquid surface. The ordinary action of a siphon ensues. 

The Hydraulic Press. — ^A modern form of the hydraulic press 
first invented by Bramah is shown in Fig. 4*17. It consists essen- 
tially of a large cylinder, A, filled with water (or oil) in communi- 



cation with a smaller one, B. The larger cylinder is provided with 
a piston, O, known as the press-plunger, while the smaller one is 
provided with a piston, H, of much less cross-sectional area. It is 
termed the pump-plunger, l^acking glands prevent the escape of 
liquid from the junctions between the pistons and the respective 
cylinders. H is operated by means of a lever, L, which further 
increases the mechanical advantage of the press. When a thrust 
is applied to the top of the smaller piston the pressure in B increases 
BO that a valve, G, opens and the pressure is transmitted to the 
liquid in A. In consequence of this the press-plunger rises and 
compresses any goods carried on a platform attached to the top of 
G. When the lever is raised the valve G closes and D opens so that 
liquid enters B. The process may then be repeated. If, through 
some defect, the piston G fails to respond to the increased force 
acting upon it, the safety-valve K opens and the escaping liquid 
returns to the reservoir M via a channel not indicated in the diagram. 
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To release the pressure on the liquid in A the tap T is opened and 
the liquid returns to M. 

If X and y are the perpendicular distances from the fulcrum of 
the lines of action of the thrust on the smaller piston and of the 
effort P applied to the extremity of the lever, the thrust on H is 

If 5 is the area of cross-section of H, the pressure on the 

liquid in B is 

8 X8' 


If S is the cross-sectional area of 6, the thrust on its base is 


The mechanical advantage of this machine is ~ j , i.e. it is the 

product of the mechanical advantage of the lever and that of the 
simple press. [The machine is hero considered to bo an ideal one.] 

It must bo noticed that in the above argument we have assumed 
that the pressure bn the base of H is exactly the same as that on 
the base of G. This is only true when these are in the same hori- 
zontal plane. If, at any instant, h is the difference in the above 
levels, the pressure difference is gpU^ where g and p have their usual 
significance. The correction to applied to obtain the pressure on 
the base of G is therefore variable ; in general it is positive at the 
beginning of the stroke and negative at the end of it. 

Air Pumps. — ^The simplest form of air pump is the glass filter 
pump shown in Fig. 4* 18. The tube A is connected to the water 
supply, while the side tube O leads to the apparatus to be ex- 
hausted. A rapid stream of water is forced along A, and this 
produces a jet of water which passes down the tube B. The air 
in the immediate vicinity of B becomes entrapped in the water 
stream and is carried away through D. This process of entrap- 
ping the air is continuous until a pressure of about 3 cm. of 
mercury is reached — the pump then ceases to reduce the pres- 
sure further. 


If a lower vacuum is required some other form of pump must 
be employed ; if the space to be exhausted is not greater than 
200 cm.* the modified Toepler pump, Fig. 4-19, is very useful. It 
consists of a cylindrical barrel A, about 200 cm.* capacity. At 
its upper end is a two-way capillary tap T ; by turning this tap 
the barrel A can be put into connection, either with the tube B, 
'which leads to the apparatus to be exhausted, or with C, which 
is open to the air. At the lower end of A is a smaller barrel D, 
with a side tap attached; any air entering the apparatus via 
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the pressure tubing is entrapped in D and oan be removed 
through this side tap. D is connected to a mercury reservoir E, 
by means of pressure tubing. 

To commence operations the reservoir E is raised, T being 
connected to C, so that the mercury fills the barrel A completely. 
T is closed ; E is then lowered a little and T rotated so that B and 
A are in connection. The pressure of the gas in B and the vessel 
to which it is attached forces the mercury downwards in A ; E is 




lowered until A is nearly filled with the gas. T is then closed 
and E raised until the pressure in A is greater than atmospheric. 
When this is so, T is put into connection with A and C so that 
the gas can be removed from A. The operation is repeated ten 
times or more, after which it will be found that no more gas 
can be removed from the vessel which is being exhausted. When 
the mercury in A reaches the tap T, the sound of a good metallio 
click indicates that a low vacuum has been reached. 
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The Sprengel Pump. — form of this pump working in conjunction 
with a water pump is shown in Fig. 4*20. The capillary tubes in it 
are 0*16 cm. in diameter, 

the others about 0*6 cm. ^ 

except where they widen 

out into bulbs approxi- f 

mately 2 cm. in diameter. I M I 

The tube A leads to the | | jg'| 

vessel being exhausted. 

Pellets of mercury fall 
from the jet B and entrain 
bubbles of gas as they 

enter the fall tube below. | ■ | 

The supply of mercury in I ■ ■ I 

B is replenished from the N I ■ J ^ 

reservoir E which is in y H I 

direct communication with | I I IJ 

a water pump. A capillary ill A 

tube posses down the centre | I I 

of this reservoir, through | I IV/ 

its base, and ends in the H I I ||r 

trough C. At the end of D I n II 

this tube there is a T -piece I w N 

to which is attached a fine- I H 

drawn-out glass tube by I M | 

means of a stout rubber I I H 

tube. When the water III 

pump is operating air is II 

drawn in through this I I I 

orifice and carries bubbles I I 

of mercury with it. When | I I 

this mixture arrives at the | I I 

upper end of the tube the | 

air passes to the water | 

pump while the mercury || 

falls into the reservoir. A J| I 

clip, K, controls the rate li 

at which oir enters the 11 

apparatus. 11 

High Vacua. — When I 

the above procedure has 

been duly carried out, the ■■lljHIlHIIHHIH 

degree of vacuum may IHHIiilililiiiHHBHB 

be increased by having 

previously attached to the Fia. 4*20. — Sprengol Pump, 

apparatus a bulb contain- 
ing charcoal prepared from coconuts or cherry-stones. If the char- 
coal is reduced to the tomporaturo of liquid air [— 180° 0.], it absorbs 
nearly all the residual gas and vapours [the Toepler pump will not 
remove vapours]. Instei^ of using charcoal, which is likely to explode 
at low temperatures if its gas content is high, it is better to use 
dried granular gelatinous silica in the bulb which is cooled, as this 
substance gives rise to no danger. 

In the manufacture of wireless valves and X-ray tubes, mercury 
vapour pumps are employed to create a very high vacuum in them. 
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but these pumps can only be used with an auxiliary or 'backing* 
pump, i.e. the pressure in the apparatus must be low [ < 1 cm. of mer- 
cury] before they will work. The mercury vapour pump described 
below is capable of producing an X-ray vacuum when backed by a 
filter pump, but the best mercury vapour pumps require to be backed 
by a rotajry vacuum pump — cf. the next section. The modem con- 
densation pump was originally designed by Lakomuib, but nowadays 
there are many patterns. One designed by Waban is shown in Fig. 4-2 1 . 
Mercury is boiled in a vessel A [since the pressure is low, the temperature 
is seldom above 180® C.] and a mercury vapour jet is formed at C. 



The vessel to be exhausted is connected at B, whilst a water pump 
is attached to S. Around the wide tube into which the nozs^le C projects, 
there is a water jacket, througli which a constant stream of water 
flows. Consider the state of th^gs in the neighbourhood of the jet. 
Molecules of meremy vapour and of the gases will tend to intermingle. 
They are said to diffuse. The mercury vapour, which diffuses towards 
B, is condensed, whereas the gaseous molecules diffuse towards S and 
are withdrawn by the water pump. In this way a very low vacuum 
is reached, but one must not imagine that alt the molecules have been 
removed even in the highest vacua which have been produced. There 
still exist in such vacua about twenty millions of molecules per mm.’. 

A Rotary Vacuum Pump. — The pump shown in Fig. 4*22 is 
designed for the production of a high vacuum and the exhaustion of 
vessels of large capacity. It works directly from atmospheric pressure 
and being entirely immersed in oil the leakage of air into the high 
vacuum is prevented. The pump consists of an outer steel casing, C, 
through which is bored a cylindrical chamber, D. A shaft, M, runs 
through this chamber, its axis being parallel to but eccentric from the 
axis of the chamber. This shaft revolves about its own axis and 
always touches the periphery of the chamber D at the point E. On 
each side of this point is a port — one an inlet, F, and the other an outlet, 
G, which is fitted with a spring-loaded valve, H. In the shaft M is a 
slot in which two plates, P and Q, are free to slide to and from the 
axis of the shaft. These two plates are kept aparh and their extreme 
edges forced against the periphery of the chamber D by a series of 
springs placed at right angles to the axis of the shaft — one of these is 
shown in sectional view. 
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The action of the pump is as follows. Let us consider the position 
shown in the diagram. The shaft M is rotating in an anti -clockwise 
direction and tho effective space between the chamber D and the shaft 
M is divided into two portions, S and T. As tho shaft rotates, remem- 



bering that the plate Q is touching the wall of ilio chamber, the portion 
S enlarges and air is drawn in from the vessel to be exhausted through 
tho inlet pipe K. Tho portion T is getting smaller and any air in it 
will bo compressed. When the pressure is sufficiently great this air 
escapes through the exhaust valve. Th\is tho pump will exhaust air 
from a vessel to which tho inlet pipe K is comiected. 

The Measurement of Low Pressures. — When it is necessary to 
know tho pressure inside a partially exhausted vessel a manometer 
is used. This consists essentially of a U-tube closed at one end. The 
closed end is completely filled with mercury but there is only a small 
amount in the other limb of tho tube. When the manometer is con- 
nected to a vessel from wliich tho gases are being removed gradually, 
a point is finally reached when tho mercury begins to descend in the 
closed limb of the tube. Finally tho difference in level between the 
mercury surfaces in the two tubes becomes constant and is then a 
measure of tho pressure of the remaining gas in tho vessel which is 
under evacuation. Such manomoters possess several disadvantages : — 

(а) The vacuum in the closed limb is gradually destroyed by goses 
which creep between tho mercury and glass surfaces. 

(б) If tho apparatus suddenly develops a leak tho morcury is forced 
rapidly into tho closed limb and tho impact is sufficient to cause a frac- 
ture of the manometer. 

(c) The instrument is not sensitive at low pressures. 

id) The morcury tends to stick to the glass so that it becomes difficult 
to observe the truo pressure. 

I.P. 


B 
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The first two disadvantages can be minimized by the use of a device 
due to Waban. A small gloss reservoir R, Fig. 4*23, is joined by moans 

of capillary tubing to the usual form 
of manometer. The whole is filled with 
mercury as before. When the pressure 
upon the frefe surface of the mercury is 
diminished, at some stage the mercury 
recedes from the point A. If at this 
stage the instrument is tapped gently, 
the ccntinuous thread of mercury in 
the capillary tube is broken and the 
mercury assumes the position shown in 
the diagram. The capillary tube space 
is then an almost perfect void, so that 
the height 130 is a true representation 
of the pressure at O. 

After some time gases may make 
their appearance in the capillary ; they 
are removed by subjecting the mano- 
meter to atmospheric pressure, thereby 
forcing them into R. By constricting 
the open limb of the U-tubo as shown 
in the diagram, the motion of the mer- 
cury is retarded so that a fracture from 
the causes mentioned above becomes 
a very remote possibility. 

The McLeod Gauge. — Since it is 
impossible to use a mercury mano- 
meter to measure high vacua (such as 
exist in wireless valves) it is important 
to discover a means whereby this may be done. MoLboo is respon- 
sible for the gauge which is frequently used for this purpose. A 
bulb A, Fig. 4-24 (a), of known volume V, has fixed to its upper 
extremity a capillary tube DE, the volume of which per unit length 
is known. The tube BO leads to the apparatus in which it is desired 
to measure the pressure. A reservoir F contains mercury and is attached 
to the gauge proper by moans of pressure tubing G. When tho reservoir 
F is lowered through a distance greater than that equal to the baro- 
metrio height (say 80 cm.) below the level B, then A is in direct contact 
with the exhausted vessel, and is therefore filled with gas at a pressure 
p, which is the pressure -to be deterininod. When F is raised, the 
mercury divides at B and entraps a volume V of gas at pressure p ; 
by raising F still more this gas can be compressed into tho capillary DE. 
To derive a value for p the mercury in C may be adjusted until it is 
level with the closed end D of the capillary tube. Then the pressure 
of the gas in DE is measured by h, where h = DE. Now Boyle’s law 
[cf. p. 85] states that the product of the pressure (p) and the volume 
(V) is constant for any given mass of gas at constant temperature. 
Applying this to the mass of gas entrapped in the capillary, we have 

pV = hXf 

where x is the volume corresponding to tho length DE of the capillary 
tube. Whence 

lix h^v 

p = 

if V is the volume per unit length of tho capillary. 



Fig. 4*23. — Manometer with Re- 
generative Vacuum Device. 
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If such a gauge is to bo reliable the enclosed gas must be for 
water vapour does not behave like an ideal gas. 


In the more recent forms of 
this instrument a piece of glass 
tubing of the same diameter as 
that used for DE is sealed in 
parallel with the side tube 0 as 
shown in Fig. 4*24 (6). When 
reading the difference in levels of 
the mercury in the tube E and 
that loading to the vacuum, it is 
the levels in E and this other 
tube which must bo recorded. 
This is bccauso the sui*face 
tension of mercury is such that 
it is depressed in narrow tubes 
to an extent depending on the 
diameter of the tube. The effect 
is eliminated, however, by using 
tubes of the same diameter. 

The Absorption of Gases. — 
The process of obtaining a high 
vacuum is by mo means as simple 
as the above remarks would in- 
dicate. It is found that after a 
certain time, depending on the 
pump and the nature and size of 
the vessel to be exhausted, the 
pressure ceases to be reduced. 
This is because gases are evolved 
from the surfaces of all sub- 



(o) 


stances when the external pr6)S- Fio. 4*24. — ^McLeod Gauge lor 
sure is very low. The rate at Measuring Low Pressures, 

which these gases is expelled is 

greatly increased when tho toinporature of tho surface is raised. Tlio 
vessels to be exhausted are therefore heated cautiously with a gas 
flamo and the pumping continued. 

If, as in a wireless valve, there is some metal to be degassed, it is 
subjected to a heavy electron bombard mont. We shall learn later that 
electrons are emitted when a metal is heated to high temperatures. A 
filament is therefore placed near the metal (or the filament of the valve 
used) and its temperature raised electrically. A large positive pot-ontial 
is then applied to the metal, while the filament is earthed at one point. 
The electrons are attracted to tho metal and strike it with considerable 


velocity. They lose their kinetic energy which appears as thermal 
energy [heat], and it is this energy which is responsible for tho liberation 
of the occluded gases in the metal. 
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EXAMPLES IV 

1. — Calculate the mass of lead, density 11-3 gm. which must 

be attached to 105 cm.* of wax (density 0*86 gm. cm.’^) in order that the 
apparent mass may be zero when the whole is placed in a liquid whose 
density is 104 gm. cm.“*. 

2. — U-tube contains mercury, density 13*6 gm. cm.*^. A liquid 
whose density is 1*23 gm. cm.~* is poured into one limb so that the 
difEerence between the mercury levels is now 3*67 cm. What is the 
length of the column of liquid ? Can you make any statement con- 
cerning the mass of the liquid which has been added T 

3. — ^The height of a water barometer is 34 ft. Find the pressure 
in atmosphorob 1 mile below the surface of sea water (density 1-026 
gm. cm.**). Also express this pressure in ton.-wt. ft.~* [1 cu. ft. of 
water has a mass of 1000 oz.]. 

4. — Find the pressure due to a column of air 1 mile high if the 
density of the air is uniform and equal to 0*00129 gm. cm."*. Describe 
how a barometer may be used to determine the height of a moimtain. 

6. — ^A rectangular tank measures 4 ft. by 3 ft. at the base. It is 
filled with water to a depth of 8 in. What is the depth when a stone 
(1 ft. cube) is dropped into the tcmk T 

6. — What do you imderstandby the principle of dotation ? An iron 
cylinder 12*0 in. long fioats vertically in mercury. The densities of 
iron and mercury are 7*8 and 13*6 gm. cm.-'* respectively. Calculate 
the length of iron immersed. 

7. — Define the term density. How would you proceed to determine 
the density of a powder such as plaster of Paris 7 

8. — How would you determine the density of a newly-laid egg ? 

9. — Sketch and describe the experimental arrangement you would 
use in order to obtain a good vacuum. How would you measure the 
final pressure obtained 7 

10. — ^A piece of glass tubing sealed at both ends has a mass 18*26 gm. 
If the density of gloss is 2-63 gm. cm.”*, calculate the volume of the 
air space enclosed in the bulb if the whole has an apparent mass of 
6*37 gm. in water. 

11. — ^The space above a mercury column contains some air. The 
mercury column is 28*40 in. long and the space above is 3*06 in. long, 
^is tube is then pushed downwards into mercury so that the column 
is 28-14 in. whilst the air space is 2*34 in. What is the true height 
of the barometer 7 

12. — What mcuss of lead, density 11*3 gm. cm."* must be added to 
a block of Balsa wood 3*26 cm. x 8-40 cm. X 9*62 cm., and density 
6*0 Ib. per cu. ft., so that it vdll just fioat in water 7 [1 lb. » 453*6 gm., 
1 ft. *= 30*48 cm.] 

13. — ^A pellet of mercury, density 13*59 gm. om.~* mass 5*278 gm., 
has a length 20*4 cm. when introduced into a narrow tube. What is 
the average radius of this tube f Some liquid is then placed inside 
the tube and the length of the column is 18*9 cm. What is the density 
of the liquid if its mass is 0*467 gm. 7 

14. — What is meant by the statement that the pressiure of a coal 
gas supply is 12 cm. of water T If the pressure of the gas supply at 
ground-level is 12 cm. of water what will be the pressure of the supply 
at the top of a building 25 metres high if the relative densities of gas, 
air, and water are as 1 : 2 ; 1,450 7 

15. — Explain the conditions on which floating depends. A cork of 
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Bpocific gravity 0*25 floats in sea- water of speciflc gravity 1*25 with 
10 cm.* above the surface. Calculate the total volume of the cork. 

16. — ^Define density. If the density of glass is 2-265 gm. cm.**, 
express its density in terms of the lb. and yard when these are the 
units of mass and of length respectively. [1 lb. » 453-6 gm., 1 in. 
a 2*540 cm.] 

17. — If you were supplied with some turpentine and some ice, 
describe how you would determine the density of the ice without * 
using any form of balance or ‘ weights.* 

18. — body * weighs * 86*0 gm. in air, 72*4 gm. in one liquid and 
63*9 gm. in another hquid. In a mixture of these liquids it * weighs * 
67-1 gin. Calculate the proportion in which the liquids have been 
mixed. 

19. — A solid whose density is 12*4 gm. cm.** is weighed in air. It 
is found that its mass is 284 gm. when brass weights having a density 
7*8 gm. cm.-* are used. If the density of air is 1*25 gm. litre-^ 
calculate the error due to neglecting the buoyancy of the air. 

20. — A cylinder of 0*3 cm.* cross-section is loaded at one end and 
the whole has a mass of 6*43 gm. In water it is found that 1-8 cm. 
project above the surface. Calculate the amount of this projection when 
the cylinder floats upright in a liquid whose density is 1*37 gm. cm.**. 

21. — Describe a modem form of barometer. What is a bar T Cal- 
culate the npmber of bars in one standard atmosphere. 

22. — ^The pressure at a depth of 100 ft. in a fresh-water lake is three 
times the pressure at a depth of 11 ft. Determine the height of the 
mercury barometer in cm. [Density of mercury » 13*6 gm. cm.**.] 

23. — A column of mercury is placed at the middle of a uniform 
glass tube and both ends of the tube are closed when the tube is hori- 
zontal, and the pressure everywhere 76 cm. of mercury. The tube 
is then placed vertically and it is foimd that the length of the tube 
occupied by the air above the mercury is twice as great as that occupied 
by air below the mercury. What is the length of the mercury column ? 

24. — If a series of observations of the volume, F, of dry gas enclosed 
in a Boylo’s law apparatus and the excess pressure (p) inside the 
apparatus were made, explain how the atmospheric pressure may be 

deduced from a graph showing the relation between p and 

26. — Describe how you would proceed to verify Boyle’s law. The 
height of a faulty barometer which has a little air in the space at the 
top of the mercury column is 28-6 in. when the barometric height is 
29*1 in., and 29-2 in. when the true height is 30*1 in. Calculate the 
barometric pressure when the instrument indicates 28*9 in. 

26. — The following figures are taken from the treatise in which Boyle 
published an account of one of his experiments made to determine the 
relation between the pressure and volume of a given parcel of air at 
room temperature. Use them to find a value for the height of the 
barometer on the day when this experiment was made. 


Length of tube oooupiedl 
by air (inches) j 

lli 10 } 

9 

8 

6J 

41 

3 

Excess pressure of the air'j 
inside the tube over at- 1 
mospherio pressure out- 1 
side (inches of merooiy) j 

■ 4,% 

' 

1 

10 ^ 

16 ,^^ 

1 32 ^ 

1 

48] S 





CHAPTER V 


CONCERNING THE NATURE OP FLUIDS 

The Brownian Movement. — To an observer standing on the 
landward side of a breakwater the nature of the tempestuous seas 
beyond that breakwater can be inferred from the rolling and pitching 
motions of the ships which will be more exoessive than usual. To 
the eye, aided by the most powerful of microscopes, the motion of 
molecules cannot be made visible. If, however, some small particles 
of gamboge suspended in a liquid are observed with the aid of a 
microscope, it will be found that these particles are always moving, 
not in any fixed direction, but in all random directions. The actual 
motion of a particular particle is very irregular, and perhaps the 
most striking feature of this phenomenon is that the motion never 
ceases. This phenomenon, discovered by an English botanist 
Bkowk early in the last century, has been observed in liquids con- 
tained in the enclosed cavities of some varieties of quartz, and these 
cavities and the liquids in them will have been there for thousands 
of years. It has been concluded that this eternal motion of the 
suspended particles cannot be due to any external agencies, but must 
be attribu^ to the movements of the molecules which constitute 
the liquid. 

The Brownian motion can also be detected in collosol oil of 
iodine. This substance is applied to the patient's skin in cases 
where it is necessary to alleviate the pain due to rheumatism, 
sciatica, etc. The small particles of iodine are participating in 
this so-called Brownian movement, and consequently they are able 
to pass very readily through the skin and into the body. 

DijSusion. — Let a quantity (say 25 cm.^} of a concentrated nickel 
(or copper) sulphate solution be placed at the bottom of a tall glass 
cylinder, the remainder of the vessel being filled with water. A 
glass cover prevents evaporation. Such a coloured substance is 
chosen so that the movements of the resulting solution may be 
observed easily. At first the line of demarcation between the water 
and the solution is well defined, but it becomes obliterated after a 
lapse of several days. The dissolved substance has moved upwards 
against the pull due to gravity, i.e. it has moved to a r^on where 
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the concentration of the salt in solution was less. The rate at which 
this transference of the dissolved substance takes place is very slow. 
It would be very difficult to explain this phenomenon if the mole- 
cules of the liquids were not in a state of continual irregular motion. 
The molecules of the dissolved substance — or, in the case of 
electrolytes, the ions in the solution — behave, in this respect, 
like the molecules of a gas, and the process by which molecules 
in different solutions move from regions of higher to those of lower 
concentration, or the molecules of one gas intermingle with those 
of another is called diffusion. In a gas the molecules are at rela- 
tively large distances from one another and so are free to move. 
The molecules of the dissolved body in a solution may be regarded, 
for some purposes, as being distributed throughout the solvent ; the 
solvent has merely made it possible for the constituent molecules 
of the dissolved body to occupy a space much beyond the original 
confines of the crystal. 

The Diffusion of Salta in Aqueous Solution. — ^In 1850 
Graham published his first paper on the diffusion of salts in solution, 
and in 188^ a further 
study was made by 
SoHEFFBR. In principle 
the apparatus they used 
is shown in Fig. 6*1 (a). 

A small glass cylinder, A, 
rests on two horizontal 
glass rods supported in- 
side a larger glass veipsel, 

B. A is nearly filled 
with the solution under 
investigation, and a cork, 

C, floats centrally on the 
liquid. A vertical knitting 
needle attached to this 
cork can move upwards 
in a narrow glass tube, D, held in position by a clamp and stand 
(not shown). By this moans the cork is kept in a central position. 
Water is contained in the dropping funnel, E, and it is allowed 
to drop on to the top of the cork, which has been thoroughly wetted, 
at the rate of about three drops per second. A layer of water 
soon appears on top of the solution, and when the cork is clear of 
the solution, it may be removed, and the vessel. A, completely 
filled with water. The whole of A is then surroimded by water 
as in Fig. 6*1 (6). The temperature is kept constant to avoid 
convection currents. At first there is a distinct boundary between 
the solution and the water. As a result of the process called 



Fio. 5*1. — Tho DiHusion of Salts ia 
Aqueous Solution. 
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diffuBion this well-defined boundary soon disappears. By deter* 
mining the amount of solute which had escaped firom the inner 
vessel into the outer one, it was found 

(i) the rate of diffusion depends on the nature of the dissolved 
substance, so that the ratio of the amounts of two substances 
present in a solution may alter on account of diffusion, 

(ii) the rate of diffusion is directly proportional to the concen- 
tration of the dissolved substance, 

(iii) a rise in temperature augments the rate at which diffusion 
takes place. 

Pick’s Law. — ^Pour years after the publication of Graham’s 
first paper on diffusion, PiOE, guided by Fourier’s work on the 
conduction of heat, enunciated the following law. The mass, m, 
of a substance in solution passing across an area A per second 
is directly proportional to the rate at which the concentration, 
c, of the dissolved substance diminishes in a direction at 
right angles to the plane of the area A. In symbols 


m jAc 
A"“ 

de 

where D is the coefficient of diffusion, and ^ is the rate at which 
the concentration increases with the distance x. 


The Passage of Gases through Porous Bodies.— The diffusion 
of two gases is not prevented but only hindered when a thin porous 
waU or membrane separates them, but the actual rate at which 
the gases intermingle depends upon several factors. If the pores 
through which the gas passes are short in comparison with their 
diameters the gas flow is similar to that of* water through a holo 
in the side of a tliin-waUed container. This process is known as 

effusion. The velocity of effusion is proportional to where 

p and p are the excess pressure of the gas above that of the surround- 
ing air and the density of the gas or gas mixture passing through 
respectively. When the pores are reduced in diameter the flow 
of gas, for a given difference in pressure between the ends of the 
tube or pore and provided that the pressure difference is not so 
large that turbulent motion ensues, is controlled by the viscosity 
of the gas [cf. p. 130]. In both these instances the gas passes 
through as a whole so that if it were a mixture of gases no partial 
separation would bo effected. Conditions are very different, how- 
ever, when the pores are so fine that their diameters are comparable 
with those of the gas molecules. Graham, who first investigated 
these phenomena about 1840, discovered that the rate of diffusion 
at a given temperature was directly proportional to the difference 
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in pressure between the two sides of the membrane, and inversely 
proportional to the square root of the density of the gas. This is 
known as Graham" s Law of diffusion for gases. 

Hence, for a given pressure difference, hydrogen diffuses four 
times as quickly as oxygen through the same membrane, since, 
under the same conditions, the density of a gas is directly pro- 
portional to its molecular weight. This implies that if an oxygen- 
hydrogen mixture is introduced under pressure into a porous vessel 
the mixture passing through will be four times as rich in hydrogen 
as in oxygen. 

The diffusion of gases through porous media may be investigated 



Fia. 5*2. 


experimentally with the aid of tlie apparatus shown in Fig. 5*2 (a). 
A glass tube 60 cm. long and 0*5 cm. wide passes through a cork 
from a porous pot A to a vessel containing coloured water. The 
cork is pushed well within the pot and covered with sealing-wax 
to make the joint air-tight. A large jar is held over the pot and 
coal gas introduced into it. Bubbles of gas at once escape from 
the tube at C showing that the pressure in A is tending to increac^. 
If the jar is removed the stream of bubbles at once ceases and the 
liquid rises in the tube. The bulb B is sufficiently large to prevent 
liquid from reaching A. In the first part of this experiment the 
coal-gas passes more rapidly into the pot than the air inside can 
escape, so that the pressure rises. In the second part, the coal-gas 
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which has found its way into the pot diffuses out more rapidly 
through the walls than the air does inwards so that the pressure 
inside is reduced. 

A similar experiment may be made using carbon dioxide instead 
of coal gas. For this purpose the apparatus is arranged as in Fig. 
5*2 (6). A jar containing the carbon dioxide is placed so that 
there is an atmosphere of the gas round the porous i>ot. The 
liquid rises in the tube, showing that air is diffusing more rapidly 
from the pot than carbon dioxide is diffusing inwards. When the 
jar is removed, the pressure inside the apparatus increases and, 
depending on the relative amount of carbon dioxide which has 
entered the pot, a bubble of gas may escape from the tube immersed 
in the liquid. 

The Diffusion of Solids. — ^Diffusion in solids has been investigated 
by Sir Roberts -Austen, who placed an alloy of lead and gold (6 per 
cent, gold) in contact with a piece of lead, the two surfaces in contact 
being accurately plane and held together under pressure. The whole 
was heated at 165^ 0. for one month. On analysing various sections 
it was found that diffusion had taken place. The experiments were 
repeated at room temperature when it was observed that diffusion still 
occurred, only at a diminislied rate. 

The diffusion of one solid into another hnds an important application 
in the ‘ cementation * process of converting iron into steel. The iron 
is placed in intimate contact with powdered carbon and then heated. 
The depth to which carburization takes place depends upon the tem- 
perature and time of heating. 

Osmosis. — When red blood corpuscles are placed in water they 
expand rapidly and ultimately burst, but if they are placed in a 
strong salt solution they shrivel up. This phenomenon is char- 
acteristic of the membranes surrounding many animal and vegetable 
cells, for these allow water to pass through freely but retard or 
entii*ely prevent the passage of solids. Osmosis is the name given to 
this spontaneous passage of a liquid through a membrane. Its 
effects were first observed by the Asstii Nollet in 1748, but it 
was left to a botanist, Pfeffeb, to investigate it quantitatively. 
A piece of wet parchment paper is stretched over the end of a large 
thistle funnel and when nearly dry' it is coated with glue along the 
boundary. The inverted fiinnel is partly filled with a solution of 
sodium chloride, cane-sugar, or some other substance, and immersed 
in water [cf. Fig. 6'3]. After standing for some time the level of 
the solution will have risen considerably ; water must have passed 
through the parchment into the solution. This statement is not 
complete, for water will have passed from the solution into the water 
in the beaker at the same time as water passed from the beaker 
into the solution. This osmotic flow arises from the bombardment 
of the molecules upon the membrane ; on the one side there are 
only molecules of water arriving at the membrane, whilst on the 
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other hand there are molecules of water and solute as well. Now such 
membranes are only slightly permeable to dissolved salts and the 
resultant effect is that more water molecules pass in one direction 
than the other. 

An osmotic flow of the solvent is also observed when a membrane 
separates two solutions of the same nature but differing in concentra- 
tion. The flow of solvent is such that the concentrations of the 
solutions tend to become equal, i.e, there is an excess of solvent 
passing from the weaker to the stronger solution. 



Fra. 5-3. — Osmosig. Fio, 6’-l. — Tho Measuroinent 

of Osmotio Pressiiro. 

Semipermeable Membranes. — A membrane which permits 
the solvent but not the solute to pass through it is termed a semi- 
permeable membrane. One of the best-known membranes of this 
class is copper ferrocyanide. 

Experiment, Place a weak solution of potassium ferrocyanide in 
the bottom of a beaker and when it has ceased to move introduce 
a strong solution of copper sulphate so that it lies below the ferro- 
cyanide solution. A thin gelatinous precipitate of copper ferrocyanide 
is formed : it separates the two solutions. The membrane does not 
increcue in thickness since the dissolved substances cannot pass through 
it, but after the lapse of about two hours it will be seen that the mem- 
brane has a distinct bulge upwards. This proves that more water 
passes downwards than flows upwards, and hence that tho copper 
solution has tho greater osmotic pressure. 

Osmotic Pressure. — ^The membrane of copper ferrocyanide pre- 
pared in the above experiment is too fragile to support more than a 
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small pressure difference^ but its strength is very considerably in- 
creased if it is produced in the walls of a porous pot. To prepare 
this membrane the porous pot is boiled in distilled water for several 
hours to remove air bubbles. A 0*25 per cent, solution of copper 
sulphate is then placed inside the pot and a 0*21 per cent, solution 
of potassium ferrocyanide outside. Each solution should reach 
very nearly to the top of the pot. Diffusion occurs and the two 
dissolved substances meet inside the walls of the pot where a 
membrane of copper ferrocyanide is formed. This process should 
be allowed to continue without interruption for two days. The 
pot thus prepared is boiled in several changes of distUled water 
and is then ready for use. If allowed to become dry it should be 
boiled for several hours to expel all air again. 

If such a pot, provided with a rubber bung carefully waxed in 
position and provided with a long capillary tube, is filled with a 
saturated solution of cane sugar and then immersed in water, the 
change in level of the liquid in the capillary is very rapid. After 
several days a tube 1 mm. in diameter must be several metres 
long if the liquid is not to exude from it. This spontaneous differ- 
ential flow of liquid through the membrane can be completely 
stopped by the application of a suitable pressure; the flow is 
reversed if the pressure is increased beyond this value. 

Definition. — That pressure which must be applied to a 
solution to prevent the spontaneous differential flow of 
liquid through a semipermeable membrane separating the 
solution and solvent is termed the osmotic pressure of the 
solution. 

To determine the osmotic pressure of a weak aqueous solution 
the apparatus shown schematically in Fig. 5*4 may be used. A 
mercury manometer, M, with one limb closed and containing air, 
or better, nitrogen, is connected to the porous pot, A, containing 
the solution. This solution is introduced through the tube B, 
which is afterwards hermetically sealed and the air in the connecting 
tubes displaced by some of the solution so that temperature changes 
do not affect the volume between the pot and the gauge. Water 
enters the solution and the pressure inside the pot increases. 
Ultimately this pressure ceases to change and this constant pressure 
is the osmotic pressure of the solution. It is calculated from 
the change in volume of the gas (air) in the closed limb of the 
manometer. The serious objection to this method lies in the fact 
that the water entering the solution changes the concentration 
of the latter so that the readings do not correspond to the osmotic 
pressure of the original solution : neither do they to the 
solution, for its concentration is not uniform and it is the con- 
centration of the solution in the immediate viciniiy of the mem* 
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brane which determines the osmotio pressure which is measured. 
It is better to measure the external pressure which must be 
applied to the solution to prevent the passage of the solvent. Such 
methods must always be used for concentrated solutions. Lord 
Bbekblet and Hartley have developed this method, but their 
apparatus is too complicated for a detailed description here. 

The Fundamental Laws of Osmotic Pressure. — (a) At 

constant temperature the osmotic pressure of a dilute solution is 
directly proportional to the concentration of the solute in the 
solvent, i.e. it is inversely proportional to the volume of the solvent 
containing a given mass of dissolved substance. 

(6) The osmotic pressure of a dilute solution is directly pro- 
portional to its absolute temperature. 

The analogy between these two laws and those of Boyle and of 
Charles is very apparent : in fact, the osmotio pressure of a dilute 
solution is the pressure which the dissolved substance would exert 
if it existed as an ideal gas occupying the same volume and being 
at the same temperature as the solution. 

The above laws apply to dilute solutions of non-electrolytes, but 
experiment shows that solutions of electrolytes have higher osmotic 
pressures than they would indicate. This is explained by the fact 
that such substances exist as ions when they are in solution. 

The laws of osmotic pressure may bo symbolized by the formula 

pv ikT, 

where p is the osmotic pressure, v the volume of solution containing 
1 gm. of the solute, T is the absolute temi^erature, and A; is a con- 
stant. van’t Hoff showed that the constant k in the above 
‘ osmotic equation ’ had the same value as the constant 'X in the 
characteristic equation for an ideal gas. 

If one mole of a substance of molecular weight M is dissolved 
in a volume V cm.®, then V — Mr, so that the characteristic 
equation becomes 

pY = M.XT 

Now it is found that.M^ is a constant for all substances : it is 
denoted by R and is known as the universal gas constant. Thus 

pV = RT 

If ^3 is the volume of a solution containing N moles of dissolved 
substance, NV = so that 
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If C 


N 

Q' 


the eouccntratiou in mole. then 



If c is the concentration in gm. cm.“®, c = MC, so that 

^_RT 

c~'W' 


Thus, if the osmotic pressure, in absolute units, of a solution at 
temperature T and concentration c is known, it is possible to deter- 
mine the molecular weight of the dissolved substance. 


Osmotic Pressure and the determination of Molecular 
Weight.- —It. is customary in experimental work on osmosis to 
measure the pressure in atmosjjheres and to consider the volume 
in cm.® occujned in solution by 1 gram-molecule (or 1 mole) of 
the dissolved substance. The characteristic equation for an ideal 
gas, when the pressure is measured in atmospheres and 1 gram- 
moleculc oceux^ying a volume is considered, then becomes 

PV = ET, 

and R is a universal constant for all gases. It must be noted, 
however, that R is different from the universal gas constant R 
which appears in the ideal gas equation pY ~ RT. where the 
pressure p is expressed in absolute units. It is known that I gram- 
raolccule of a gas at S.T.P. occupies 22,415 cm.®. Hence 

1 X 22,415 = R X 273, 
or R = 82*06 cm.® atmos. deg.”"^ K. mole.“^ 


Thi.s enables us to calculate a value for the osmotic prc.ssurc of 
a non-electrolyte in solution or, knowing the osmotic xiressuro, to 
determine a value for the molecular weight of the dLssolvcd sub- 
stance. Let m gm. of a substance of molecular weight M be dis- 
solved in 100 cm.® of water at 0® C. Then the number of gram- 

Wh 

molecules in this volume is , so that 1 gram-molecule would 


occupy 



cm.®. 


P bo the required pressure in 


atmo8x>here8. Then 

P X ^ X 100 ^ = R X (273 + 0 ) 

. „ 0-821 X (273 4 - 0 ). m ^ 

, . P ~ - atmo-sphere. 

_ 0 - 821 m (273 -f O) 


M 


atmosphere. 
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Isotonic Solutions and Plasmolysis. — ^If the variation with 
concentration of the osmotic preswsure of one aqueous solution at 
a constant temperature has been investigated experimentally, the 
unknown osmotic pressure of another aqueous solution may be 
found in the following way. The strength of the first (or standard) 
solution must be adjusted until its osmotic pressure equals that 
of the unknown solution ; the two solutions are then said to be 
isotonic with each other. To carry out such an experiment a 
convenient semi-permeable membrane must be available. De Vbibs, 
a Dutch botanist, in 1888 used the cells of the leaves of certain 
plants, among which ho mentions those of TradescaiUia discolor^ 
Begonia manicata^ and Curcuma ruhricadUs. Such cells consist of 
a mass of protoplasm (living matter) containing sap vacuoles 
separated from the protoplasm by the so-called inner plasma 
membrane, and surrounded by a cellulose wall which is sufficiently 



//« CcHuhst wa^f - Protop/asm with sap iscuok^s. Q ‘Nucleus. 

Fzq. 5*5. 


strong to withstand forces tending to change its shape, i.e. its 
changes in form are only minute. This wall is separated from the 
general mass of protoplasm by the outer plasma membrane. 
The whole of the contents of such a cell is termed the protoplast. 

Now the vacuoles contain the coll sap in which dissolved sub- 
stances exist. It is not known for certain whether or not the 
plasma membranes arc the controlling semi-permeable membranes 
through which water passes to the vacuoles, or whether the whole 
lining of protoplasm acts in this way. The latter assumption is 
generally adopted as it simplifies the discubsion. 

If, therefore, these cells are immersed in a solution having an 
osmotic pressure equal to their own, the cell, viewed under a micro- 
scope, will present its normal appearance [Fig. 5*6 (a)]. K the 
cell is placed in a solution having a greater osmotic pressure than 
its own, water will pass from the cells into the solution ; the proto- 
plast wiU shrink and the cell will appear as in Fig. 5*5 (&), or finally 
as in Pig. 5*5 (c). If the cell is placed in a solution the osmotic 
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pressure of which is less than its own then water will pass into the 
cell, but this will only be very slightly distended on account of 
the relatively strong cellulose wall which forms the external 
boundary of the cell. 

In order to find a solution which shall have an osmotic pressure 
equal to that of the ceU, experiments are first made with a solution 
having an osmotic pressure greater than that of the cell. The 
solution is then diluted gradually until the protoplast just maintains 
its normal form. When this occurs the solution in the cell and the 
one in which the cell is immersed, each exert the same osmotic 
pressure, i.e. they are isotonic with one another. The above 
method of determining osmotic pressure either of the solution in 
the vacuole of a leaf, or of an unknown aqueous solution, is referred 
to as the plasmolytic method. 

Dialysis. — ^In his famous researches on the phenomenon of diffusion, 
Qraham found that somo substances (mineral acids and salts), the so- 
called crystalloids, were able to pass through certain somi-permeablo 
membranes. The other typo of substance (gum, for example) is known 
by the name of colloid. The line of demarcation between the two typos 
is not sharp, some substances beha\nng like crystalloids or colloids 
according to the nature of the solvent in which they are dissolved. The 
classical example is that of sodium stearate, Ci7H35.COONa, which 

acts as a colloid when an aqueous 
solution is mode, whereas it ex- 
hibits the properties of a crystal- 
loid when in alcoholic solution. 
Crystalloids are such that when 
they are dissolved in water, they 
produce a diminution of its satur- 
ation vapour pressure, a fact which 
is revealed by the lowering of the 
freezing-point and the raising of 
the boiling-point of the water ; 
on the other hand, colloids pro- 
duce no appreciable effect. When- 
ever a colloid is mode it almost 
invariably contains a quantity of 
the crystalloid from which it has 
been prepared. The separation 
of these substances is carried out 

Fiq. 5 * 6 . — Apparatus for use in by moans of a process known as 
‘ * Hot Dialysis.’ ' dialysis.* The mixture is placed 

in a cylindrical vessel, the bottom 
of which consists of parchment paper. Tlie whole is placed in a liquid 
medium capable of dissolving the crystalloid. The crystalloid diffuses 
through the membrane until the concentration of this substance is the 
same on both sides of the medium. Frequent renewals of the solvent 
are therefore made, and in this way a colloid, free from crystalloids, is 
obtained. 

The membranes which are used for dialysis are gold-beaters* skin, 
fish bladder, and parchment paper. The speed at which dialysis takes 
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place rapidly inoreasos with rise in temperature, and in order to effect 
this increase the hot dialyser shown in Fig. 5*6 may be employed. 
The colloid from which the crystalloid is to be remov^ is placed in a 
two -litre beaker. This is heated with the aid of a suitable burner. 
A membrane is attached by string to a cork suitably bored and fitted 
with two glass tubes to allow distilled water to pass into the bag which 
the mombrano forms, any excess being removed by mesons of the auto- 
matic device indicated. This excess water carries with it the crystal- 
loid which has passed through the membrane. 

Surface Energy and Surface Tension. — Everyone will have 
noticed that when a small amount of liquid is brought into close 
contact with a solid, the liquid either spreads itself over the surface 
of the solid, or else collects itself into small drops, and that most 
liquids tend to rise in capillary tubes to a distance above the surface 
of the liquid in the containing vessel, whereas some, such as mercury 
and molten metals, act in an exactly opposite way. To explain 
these phenomena it has sometimes been maintained that the surface 
of a liquid must be endowed with some peculiar property, e.g. 
the siuiace may be skin-like. Langmuir and N. K. Adam have 
shown that all these properties of liquids can be attributed to 
molecular happenings inside the liquid. The hypothesis that the 
surface of a liquid has a skin-like structure has been superseded by 
these more modem views. The fact that the molecules of a liquid 
are free to move has been confirmed by experiments on Brownian 
movement. These molecules must be very closely packed together, 
for experiment has shown that a liquid resists forces tending to 
compress it, even if the forces are enormously large. Since the 
molecules are so close together, the forces of attraction between 
neighbouring molecules in liquids must be very large. When, 
however, a molecule is at the surface of the liquid it will not be 
attracted equally in all directions, for there is no liquid above it. 
In consequence of this such molecules will tend to move towards the 
interior of the liquid. Since the molecules occupy space, i.e. there 
is a definite number per unit volume, the surface tends to diminish 
in urea. In support of these remarks we have the fact that liquids 
tend to assume that shape which has the minimum area for a given 
volume. If a drop is subject to other forces comparable with 
those discussed above its shape will be slightly distorted from 
that having the minimum area, e.g. a rain-^p hanging from a 
window-pane. 

In virtue of these forces, directed inwards, molecules at the 
surface will possess a certain amount of energy due to position. 
The amount of this energy per unit area is termed the surface 
energy. The surfaces of both Uquids and solids possess surface 
energy but it is only when the surface is mobile that its effects 
become apparent. The fact that a liquid surface is the seat of 
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potential energy manifests itself very vividly when a soap film is 
ruptured (with the aid of a pointed piece of filter paper, for 
example), for the liquid is projected in all directions with a consider- 
able velocity, i.e. the potential energy has been converted into 
kinetic energy. 

Let a liquid film be formed between two limbs of a bent wire, 
BAC, Fig. 5*7, and a horizontal straight 
wire, XY, placed across them. Sup- 
pose that a force, F, acting normally to 
XY is necessary to maintain equilibrium 
when the film is vertical. Then F must 
be balanced by a force on the wire due 
to the film. Suppose y is the magni- 
tude of this force per unit length of 
the wire. If the length of XY is Z, the 
total force on the wire from the above 
cause is 2yZ, the factor 2 being intro- 
duced since the film has two sides. Hence 

F = 2yZ. 

y is termed the surface tension of the liquid. 

[It should b© noted that if paraUcl wires arc used for the purpose 
of forming a film between them, the system is unstable. For 
example, if F, is too large, the force 2y2 never becomes suiiicieut to 
balance F for I remains constant. The instability docs not matter 
as far as theory is concerned, but with the stable arrangement 
here adopted a rough estimate of y may be made. If the weight 
of the wire is not sufiScient it may be loaded. Then F = mg^ 
where m is the total mass of the wire and its load.] 

On the Relation between Surface Energy and Surface 
Tension. — Again consider Fig, 6*7. Let XY move through a 
small distance dx to a parallel position X^Y^ ,the external force on 
the wire being F. Now when a film is stretched in this way its 
temperature falls unless heat (thermal energy) is communicated 
to it. We shall suppose that the heat necessary to restore the 
film to its original temperature has been supplied. 

If fi is the surface energy of the film, i.e. the potential energy 
per unit area of the surface, the increase in potential energy of 
the ‘ surface * molecules is (2Ldx)€, the factor 2 being introduced 
since the film has two surfaces. The work done by the stretching 
force is F.dx. These two quantities cannot be equated, however, 
for beat has been communicated to it from external bodies. If dQ 
is the heat (thermal energy) supplied to restore the temperature 
of the film to its original value, we have 

(2l.dx)e = F.&r + dQ. 


A 
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Now the force F is equal and opposite to the pull of the film on 
the wire XY, when the film is in equilibrium. If y is the pull per 
unit length, then 2I.y = F, the above equation becomes 

2Ldx,e = 2yl,dx + dQ, 

This may be written 
(5Q 

where r] thermai energy supplied per unit increase in 

area of the film. 

Now the force y exerted on €*ach unit length of the wire is called 
the surface tension of the liquid and the above shows that the 
intrinsic surface energy of a liquid is really the sum of two quan- 
tities —a ‘ thennal ’ part denoted by rj, and a ‘ mechanical * part y, 
or 6 — 7 ] ; wo SCO, thereforo, that the surface tension is equal to 
the ‘ mechanical * imrt of the surface energy. Helmholtz called 
this ‘ mechanical ’ j)art of the surface energy the free energy of 
the surface, or tiio surface free energy. It will be noted also that 
the increase in the total free surface energy of a surface is equal 
to the external work done on that surface, providing heat is supplied 
to keep its temperature constant. 

The Pressure Difference across a Spherical Surface. — ^Let r, 
Fig. 5*8 (a)» be the radius of a spherical bubble of gas in a liquid. 
Let P bo tlie pressure outside the bubble. We have to show that 




the pressure inside is equal to P 4- where p is a quantity to be 
determined. For this purpose let r become r + dr, where dr is 
a very small quantity, in fact so small that the pressure inside is 
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not altered thereby. Moreover, let heat be supplied to the film 
so that its original temperature is restored. The area of .the 
curved surface has increased from to 47r(r + dr)*. If y is 
the surface tension of the liquid or, as we have just seen, its free 
surface energy per unit area, the increase in free surface energy is 
4jtyl(r + dr)* — r*] = Snyr . dr, since (dr)* may be neglected. This 
is equal to the work done in expanding the bubble. Since pressure 
is defined as the force per unit area, the total force acting on the 
inner surface of the bubble is 4;rr*(P + p), while that on the outer 
surface is 47ir*P. Since these forces are opposed to one another 
the ’net work done on the film is 4?i;r*p.dr. Equating the two 
expressions obtained for this work, we have 

47cr^ . dr = STtyr . dr, 

2y 

or r* 


If the bubble had been a soap bubble this excess pressure would 
4y 

have been for a soap film has a double surface. 

The fact that the pressure inside a soap bubble diminishes as 
the radius increases is shown by the following experiment. Two 


brass cups, X and Y, .Fig. 5*8 (6), about 2 cm. in diameter and 
1 cm. long, are connected to stop-cocks A, B, and G as shown. 


The open ends of X and Y are immersed in a soap solution and soap 
bubbles differing considerably in diameter blown. B is open and 


G closed while the larger bubble is being formed, and vice versa. 


A is then closed and the two bubbles placed in communication 


with each other by opening the stop-cooks B and G. Air passes 
from the smaller bubble into the larger one, causing the latter to 
expand and the former to shrink. This process continues until the 
radius of curvature of the larger bubble is equal to the radius of 


curvature of the soap film which finally protrudes below the open 
end of Y and which is a portion of a spherical surface — see the dotted 
outlines on the diagram. After a time the thickness of the walls 


of the large bubble become so thin that it bursts : the film remaining 
on Y at once becomes flat, and after some time very thin and finally 
breaks. 


Pressure Difference across a Cylindrical Surface. — Let us 
now assume that Fig. 5*8 (a) represents the cross-section of a 
cylindrical bubble. Since it is difficult to produce such a bubblc^^: 
in a liquid we will assume that it consists of a soap film having 
two surfaces. Gonsider a length I of this cylinder. When r 
becomes r 4- (5r,as before, the increase in area is 2[2n{r + dr ^^ r)l]. 
Let thermal energy be supplied to the film so that its temperature 
assumdb its original value. The increase in the free surface energy 
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is , Sr, Now the work done, due to the pressure difference p, 

1 2y 

is . br. Equating these two quantities we have p = 

When there is only one cylindrical surface the excess pressure is-^. 

Angle of Contact. — If a piece of clean glass is inserted into water 
so that it is in a vertical position, it will be found that the liquid 
near the glass has been drawn some distance beyond the level of 



the rest of the water. The ABC, Fig. 6-9 (a), i.e. the angle between 
the solid surface in the water and the tangent to the water surface 
where it meets the glass, is called the angle of contact for a water- 
glass interface. For water in contact with glass this angle is very 
small, whilst for benzol in contact with glass it is zero. 

When the above experiment is rei)eated with mercury the liquid 
near the glass is depressed below the general level of the mercury 
surface. The angle of contact is again ABC, Fig. 6-9 (6), but:it is 
now quite large (approximately 136°). It should be noted that, 
although the surface tensions of two liquids may be equal, they 
nui1|iiot exhibit the same capillary phenomena, for their angles of 
co'^mt with a given material may be different. \ 

The effect of the angle of contact on the shape of a sm|in quan- 
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tiiy of liquid placed on a flat surface is easily shown as follows ; — 
Water placed on a clean glass surface spreads itself over the 
glass, but if water is similarly placed on a greased plate it remains 
as a ‘ drop/ Traces of dirt or grease alter the angle of contact 
very considerably ; that is the reason why rain water persists as a 
drop when it alights on a window-pane, for such a piece of glass is 
never chemically clean. 

To determine the angle of contact between water and glass 
coated with paraffin wax, N. K. Adam used an apparatus similar 
to that shown in Fig. 6-9 (c). A is a section of the plate at right 
angles to its faces. It is held in a clamp which may be rotated 
about a horizontal axis through B. The clamp may bo moved 

vertically by means of the 
screw C, and the carriage 
E which it operates. 

D is a glass trough, 
coated inside with paraffin 
wax so that it may be 
filled with water above tlie 
level of its sides which 
have been ground flat on 
the top. This surface is 
made horizontal with the 
aid of the screws Sj and 
Sj. Gt and G^ are 
rectangular pieces of glass 
coated with wax and rest- 
ing on the sides of the 
trough, and in contact 
with the liquid. By 
moving Gi and then G| across from the right-hand side of the 
trough to the positions indicated, the surface of the liquid is freed 
from contamination. The plate is set in turn at various angles 
of inclination until a position is found for which the water-surface 
on one side of the plate remains undistorted right up to the line 
of contact with the solid. If ^ is the angle between the trace of 
the plate and the undistorted surface of the water (as measured with 
the aid of a protractor), then ^ is the angle of contact required. 

In actual practice it is found that depends on whether the 
plate A is being pushed into the water or raised. This effect is 
easily observed by using the rack and pinion to impart the 
necessary vertical motions to the plate, and the corresponding 
angles of contact measured in the usual way. If and are 
the ' advancing ’ and * receding ’ angles of contact, it may be 
shown that tf> » + ^i). 



Fia. 6*10. — Anglo of Contact of 
Mercury with Glass. 
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An interesting method for investigating the angle of contact 
between mercury and glass is as follows : — ^The level of Bome mercury 
in an inverted spherical flask is adjusted by raising or lowering the 
reservoir D, Fig. 5*10, until the mercury surface in the flask is plane 
at points where it meets the glass. The angle BAC = ^ is the 
required angle of contact. If 2A is the length AC, and r the radius 

of the flask, ^ = sin“^ - : it must be remembered that k ^ tt. 

Liquid in Contact with a Solid. — We now have to account for 
the fact that the surface of a liquid near its place of contact with 
a solid is, in general, curved, even when gravity is the only external 
force acting throughout the mass of the liquid. Let ABC, Fig. 5-11, 
be the surface of the liquid. Consider the forces acting on a 
molecule M in the surface of the liquid and near to the solid D. 
They are : — 

(i) its weight acting vertically downwards ; 

(ii) the attraction of the solid on M, the direction of which will 
be along that normal to the surface of the solid which passes 
through M (since M is very close to the solid) ; 

(iii) the force arising from the attraction of neighbouring liquid 
molecules. This will be directed 
towards the interior of the 
liquid. 

Now the resultant force 
exerted on a molecule in an 
ideal liquid at its free surface 
must bo normal to the sur- 
face. Hence the normal to the 
liquid surface at M will be 
determined by the resultant of 
the above three forces. In. 
general, this resultant does not act along (i), i.e. the surface of 
the liquid at M is not horizontal. 

For a molecule ne.ar C, a point at a considerable distance from 
the solid, the only finite forces are (i) and (iii) and these then act 
vertically downwards, i.e. the surface is flat. 

For molecules at B, for example, there is a finite force (ii) but 
less than the force (ii) on M ; in consequence, the surface is more 
nearly flat. 

The Rise of a Liquid in a Capillary Tube.— For the sake of 
simplicity we shall first assume that the angle of contact is zero. 
Let AC, Fig. 6*12 (a), be the surface of a liquid in a capillary tube 
of radius r. We assume that AC is part of a sphere of radius r. 
The pressure over the curved surface is everywhere atmospheric. 
At B, a point just below the surface and therefore in the liquid, 



Fio. 5*11. — Liquid in Contact with 
a Solid. 
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the pressure is less than atmospheric by an amount [cf. p. 116]. 


At D, a point below B and lying in the same horizontal plane as 
the surface of the liquid outside the tube, the pressure is atmo* 
spheric. Now the difference in pressure between the two points B 
and D is equal to the pressure exerted by a column of liquid of 
height DB= h (say). If p is the density of the liquid, this difference 
is gph. The pressure at B is therefore less than atmospheric by 
this amount. But it has already been shown that this difference is 


2y 

— . We therefore have 

r 



Now suppose that the angle of contact between the liquid and 
the material of the tube is <f> — cf. Fig. 5*12 (6). Let R be the radius 
of curvature of the liquid surface at its lowest point — ^if the bore of 



Fio. 5' 12. — Riso of Liquids in Capillary Tubes. 


the capillary is small, R is constant at all points on the liquid sur- 
face. Then, as before, if II is the atmospheric pressure, 

2y 

Pressure at B = 77 — 


But pressure at D = 77 = pressure at B + gph. 



But f = R cos ^ ; therefore ^ = gph. 


It should be mentioned, perhaps, that if ^ is finite, values of 
the surface tension of a liquid deduced from measurement of its 
rise in capillary tubes are unreliable, since the magnitude of <f> 
is always uncertain; moreover, ^ varies considerably with the 
degree of contamination of the surfaces in contact. The above 
theory is necessary, however, for academic purposes. 



THE NATURE OF FLUIDS 121 


The Rise of a Liquid between Vertical Plates. — (a) Parallel 
plates. To calculate the amount of this rise we may use Fig. 5*12 (a) . 
Let the vertical lines in that diagram now represent sections of 
the two parallel plates at distance d apart. We assume AC to be a 
section of a cylindrical surface of diameter d so that the pressure at 

B is less than atmospheric by an amount p or since d = 2r. 

Proceeding as before we obtain (if the contact angle is zero), 


- 




(5) Inclined Plates. — ^Fig. 6*13 represents two vortical glass 
plates, AOB and OAD, inclined to one another at a small angle 0. 
When these are inserted in a liquid the latter rises between the plates. 
To determine the shape of the curve in which AOC, the vertical 
plane through OA and bisecting the angle 0, i.e. the plane of co- 
ordinates, intersects the liquid surface, consider an element PQR 
of the surface at right angles to the intersection of the liquid surface 


with the plane AOC. Let 
{x,y) be the co-Ordinates, re- 
ferred to OC and OA as axes, 
of Q the middle point of the 
element PQR. [PiQ^Rj is 
another such element. Notice 
that the projections p, q, and r 
of the points P, Q, and R re- 
spectively, on the horizontal 
plane through Ox do not lie in 
a straight line.] Then if the 
liquid wets the glass, the sur- 
face at PQR is part of that 
of a cylinder whose diameter 
is equal to the distance be- 
tween the plates at Q. This 
distance is x0, since 0 is small. 
The height y to which the liq 



id rises is therefore given by 



i.e. xy = 2y/qp0 = constant. The surface is therefore part of a 
hyperbola, whose asymptotes are the axes of co-ordinates. 

Experimental Determination of Surface Tension. — (a) 
Rise in a Capillary Tube Method. Select a piece of glass tubing 
about 0*4 cm. diameter and heat it in a bunsen flame, rotating the 
tube all the time. When the glass begins to soften, apply a gentle 
pressure along its length so that the walls of the tube thicken. 
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Then remove the glass from the flame and slowly pull the ends apart. 
The capillary tube thus constructed is clean, a condition which is 
absolutely essential if a reliable value for y is to be obtained. 
When the tube is cold select a length from the centre of the drawn- 
out portion and attach to it a very thin glass rod, R, drawn out to 
a point and bent twice at right angles as in Fig. 5-14. Bands B| 
and Ba cut from a length of rubber tubing enable this rod to be 
attached to the tube easily. 

Now clamp the capillary A in a vertical position and place the 
liquid whose siuf ace tension is to be measmed below the tube so that 
the latter is immersed to a greater depth than that at which it is to 
be used and then raise it slightly. If the liquid falls back readily 

as the tube is raised we may 
assume that the tube and liquid 
are not contaminated. Continue 
to raise the tube until the end of 
the rod is just about to break 
through the liquid surface. To 
measure the height of the liquid in 
the capillary a vernier microscope, 
M, should be used. The micro- 
scope is focussed on the lowest 
point of the liquid surface in the 
capillary and the reading on its 
scale observed. The vessel con- 
taining the liquid is then removed, 
care being taken to see that the 
rod is not disturbed. The micro- 
scope is then focussed on the end 
of the rod and the reading noted. 
The diflorence between these read- 
ings gives the height of the liquid 
in the capillary. These obser- 
vations should be repeated. The tube is then broken at the point 
corresponding to the top of the meniscus and the radius found with 
the aid of a vernier microscope. To do this several readings of two 
diameters mutually at right angles are made. If the mean values 
of each set are equal to within about 6 per cent, the mean value 
can be taken as a measure of r. If the discrepancy is greater than 
this the tube should be rejected and another one constructed. 
It often saves much time if the mean diameters of the two ends 
of the tube are measured before commencing the experiment. 
If these are circular the chances will be that the rest of the tube 
will have a circular section. But these values must not be used in 
calculating y since it is the radius at the point B, Fig. 5*12, which 



Fio. 6*14. — Measurement of Sur- 
face Tension W Rise of Liquid 
in a Capillary Tube. 
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determines the pressnre change in crossing the surface of the liquid. 
, The value of the surface tension may then be calculated from the 
formula already proved. 

[At this point it is convenient to ask ourselves what would 
happen if a tube of radius r and length less than h, where h is 
given by 2y = gpAr, were dipped in a liquid of surface tension 
y and density p. Usually, i.e. when the length of the tube is 
greater than A, it is the height of the liquid in the tube which 
adjusts itself until the equation is satisfied. * When this is no 
longer possible, as in the problem now contemplated, the only 
quantity in the above equation which is a variable is r. The 
liquid therefore rises to the top of the tube and there forms a surface 
which is concave upwards and whose radius is greater than r. 
Its value f , is given by hjTi = hr, where A, is the height of the 
liquid in the capillary.] 

Note on Comparing Experimentally the Surface Tensions 
of Two Liquids. — If the ‘ rise in a capillary tube ’ method is 
adopted it is not necessary to determine the radius of the tube if 
the tube is arranged so that the liquid meniscus stands in turn at 
the same position in the tube when the heights to which the liquids 
rise are determined. Then 


Yi = WiKr, and y, = 

. - PtK 

•• y. 

and — may be determined directly by means of Hare’s apparatus. 

Pi 

(6) Jaeger's Method or the Method of Maximum Bubble 
Pressure , — ^This is based on the fact that the excess pressure inside 


iTy . 

a spherical bubble of air inside a liquid is ~ where r is the radius of 


the bubble. 


The experiment consists essentially in determining the maximum 
pressure required to produce an air bubble at the end of a vertical 
capillary tube immersed in the liquid whose surface tension is 
being determined. A capillary tube about 0*05 cm. in diameter 
is constructed as in (a). This is placed vertically downwards 


in a vessel. A, Fig. 6.15 (a), containing the liquid whose surface 
tension is required. It is connected to a manometer, C, containing 
xylol, and also to a Woulf 's bottle, D, fitted with a dropping funnel, 
B. Mercury (or water) is placed in B and permitted to run slowly 
into D. A difference of pressure between the inside and the outside 
of the apparatus is at once shown if the apparatus is air-tight. 
When the pressure in D reaches a certain value bubbles appear in A. 
These should be formed singly and at the rate of about one in ten 
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seconds. The first condition is obtained by reducing the volume 
of air in the apparatus so that when one bubble breaks away from, 
the end of the capillary tube, the pressure inside the apparatus is 
reduced to such a value that it is less than the maximum pressure 
required to blow the bubble ; the second condition is obtained 
by adjusting the rate at which liquid flows into D. The maximum 
height h of the manometer is recorded. If /> is the density of the 
liquid in the gauge, the pressure recorded by it is gpA, where g is the 
acceleration due to gravity. But this pressure difference is not en- 
tirely due to the effects of surface tension, for partis attributable to 
the pressure due to the fact that the orifice of the capillary is at a depth 
d below the surface of the liquid. If a is the density of this liquid. 



Fig. 5*15 (a). — Apparatus for Determining Surface Tension of a Liquid. 

[The microscope M is only used when the vessel A has been removed, 
for otherwise refraction at the curved surface of this vossel would vitiate 
the observations.] 

this pressure amounts to gad^ so that the pressure difference directly 
attributable to surface tension is g[ph — ord]. We therefore have 

g(ph — ad). 

Hence y may be oaloolated when the other variables in this equation 
are kno\m. 

To discover the reason why the value of r used in the above 
equation is equal to the radius of the capillary tube at its lover 
end, let us suppose that the tube is uniform in diameter and that 
the pressure inside the apparatus is such that the centre of the 
hemispherical liquid surface is at Ci — cf. Fig. 6‘16 (b). We are 
justified in assuming that this surface is part of a sphere if the 
radius of the capillary is not lai^e, and the angle of contact 
between the liquid and the tube is zero. Suppose that the 
pressure inside the apparatus is increased so that the centre of 
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the surface is at 0 |, the radius still being r, but that if the 
surface is forced down beyond this position its radius increases. 
When Ca is the centre, let the radius be (r + dr). The pressure 
difference across the surface is then less and 
the bubble grows since the pressure inside 
the apparatus is too groat for the surface to 
be in equilibrium. Thus a bubble of air 
escapes, and the liquid surface will lie entirely 
above C*, if the removal of one bubble is 
sufiBcient to reduce the pressure inside the 
apparatus below the maximum pressure fiq. 5.15(6).— Forma- 
necessary to cause a bubble to escape from tion of a Bubble at 
the tube. If not, several bubbles will escape. jl- 

The great advantages of this method are enUrged).^ ^ 
that it may bo applied to determine the 
surface tension of a molten metal, or to investigate how the 
surface tension of a liquid varies with temperatm’e, or how 
that of a solution varies with the con- 
centration of the dissolved substance. 




W 


Fia. 6*16. — Surface Ten- 
sion by ordincuy Bal- 
ance Methods. 


The method is particularly suited for 
such determinations as the two last, since 
it is not necessary to know the radius of 
the capillary tube. Also, since a new 
surface is continually being formed in 
the liquid the effects of contamination 
are reduced to a minimum, and finally 
the radius r can be determined before 
observations are made [cf. method (a)]. 

Unfortunately certain difficulties arise 
when an absolute determination of the 
surface tension of a liquid is being made 
by this method. One is seldom quite 
sure whether or not the size of the 
bubbles, when the excess pressure inside 
the bubble is a maximum, is controlled 
by the internal or the external radius 
of the tube. If these radii differ con- 
siderably and the surface tension is 
known at least approximately, simple 
substitution of these values in the appro^ 
priate equation reveals the correct one. 


In addition, although for many years it has been maintained 


that the method gives results which are independent of the angle 


of contact of the liquid with the material of the tube, Pobtbb 


has recently shown, at least for angles of contact greater than 
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n/lf that when the external radius is the determining one, the 
calculation does not involve the angle of contact, but that it is 
quite otherwise when the excess pressure is determined by the 
internal radius. Porter also remarks that it is a matter of some 
surprise that the belief that the results were always independent 
of the angle of contact should ever have gained credence, although 
that belief is generally held. 

(c) Ordinary Balance Method . — ^The surface tension of a 
liquid which wets glass may be determined as follows. A glass 
plate. A, Fig. 5*16 (a), (a microscope slide) is supported by means 
of a metal clip, 0, from below the pan of a balance — ^the lower edge 
of the slide is made horizontal. The vessel, D, containing the 
liquid is placed on a small table below the slide. The table 
may be raised by means of a screw, S. The balance is equilibrated 
and left free to swing. The adjustable table is then screwed up 
till the liquid Just touches the lower edge of the plate. This is 
shown by a sharp jerk of the pointer as the microscope slide is 
pulled down by surface tension. Masses are then added to the 
other pan of the balance until the slide is withdrawn from the 
liquid. Since the lower edge of the slide had been in the general 
level of the liquid surface there is no correction for buoyancy. 
If I is the length and i the thickness of the slide at its lower edge, 
the force due to surface tension acting on it is 2(1 + t}/. This is 
equal to mg, where m is the mass added to the pan to restore equili- 
brium. Hence y may be determined. 

An alternative method is as follows. Having screwed up the 
adjustable table till the pointer jerks, observe the position of the 
table (suitable scales may be arranged as on a spherometer). Instead 
of restoring equilibrium as above, the table is screwed up through 
a distance h until the pointer is back at zero. Then the buoyancy 
force just balances the force due to surface tension, and if the vessel 
containing the liquid has a large surface area, so that h will be also 
the depth of immersion of the slide, then 

2(/+0y= ilhpg, 

where p is the density of the liquid. 

It must be noted that this method only yields accurate results 
if the liquid completely fills the containing vessel so that the surface 
of the liquid may be cleaned with the aid of waxed pieces of glass, 
as described on p. 118. 

Soap Solutions .^ — ^The plate metihod described above may 

^ Prof. Boys xeoomznends the following soap solution. To a litre of dis- 
tilled water contained in a well-stoppered bottle add 26 gm. of sodium bloate, 
and let it stand for 24 hours. Then add about 300 cm.* of glycerol, shake 
wbU, and allow to etand for a week. By means of a siphon remove the idaar 
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easily be adapted to determine the surface tension of a soap solu- 
tion. A glass or wire frame, as shown in Fig. 6-16 (6), is made and 
is supported from below one pan of a balance, and arranged that 
when the balance is equilibrated, the horizontal portion of the 
frame is about 0-5 cm. above the general surface of the liquid. 
The frame is then immersed completely and extra masses, m, 
added to the right-hand balance pan until the frame is in the same 
relative position as before. If ] is the length of the horizontal 
portion, the weight of the film being negligible, 


= mg. 

[This method may be used for liquids such as water, the horizontal 
portion of the frame then being nearer to the general surface of 
the liquid.] 

Drops and their Formation. — Suppose that a glass tube 
about 2 mm. in diameter has been connected to a wide tube by 
means of rubber tubing and a narrow capillary glass tube, and the 
whole filled with a liquid — say, water. The capillary tube is merely 
to control almost entirely the rate at which the liquid escapes 
when the apparatus is held in a vertical position with the narrow 
tube pointing downwards. If the 
water leaving the tube is care- 
fully watched it will be seen to 
assume, in turn, shapes whose 
outlines are shown in Fig. 6*17 (a) 
and (6). Ab the drop continues 
to grow a waist is formed — ^the 
drop is then about to break away 
— cf. Fig. 6-17 (c). When this 
occurs the water comprising the 
neck will form a small sphere 
following the larger drop. It is known as Plateau^s spherule 
—cL Fig. 6-17 (c). 

To observe more easily the formation of a drop of liquid it is 
necessary to diminish the effective pull of gravity on the drop. 
This was done in a very striking way by Daslino. At temperatures 
above 80^ C. the density of aniline is less than that of water at the 
same temperature, whereas the reverse is true at lower tempera- 
tures. Moreover, aniline and water are immiscible. Suppose, 
therefore, that a large tall beaker is nearly filled with water and a 
quantity of aniline (about 100 cm.’) added. This collects at the 



Fia. 6* 17. — Drops and their Forma- 
tion. (a) Early Stages in the 
formation of a Drop, (h) Drop 
showing the formation of a Waist, 
(c) A large Drt»p and Plateau's 
Spherule. 


liquid, leaving the scum behind. Add two or three drops of liquid ammonia 
to the eolation and etoce in a dark cupboard. The solution must not bo 
warmed or filtered. 
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bottom of the beaker. A bunflen burner is then placed below the 
beaker : when the aniline assumes a temperature of about 80"* C. 
it ascends to the top of the water and coUectsthereintheformofa 
pendant drop. The rate of supply of heat is diminished and the 
aniline cools : a large drop about 3 cm. in diameter, begins to form. 
The drop then has a distinct neck which gradually becomes more 
thin. Finally, two constrictions are formed, and a large drop of 
aniline, followed by Plateau’s spherule, falls to the bottom of the 
beaker. The process is then repeated. 



Fio. 5’ 18. — ^Wotting of a Surface by a Liquid. 


Drops of liquid not wotting the surface with which they are 
in contact — say, mercury — are, when small, truly spherical — cf. 
Fig. 5*18 (a). As the drop grows, or if several small ones coalesce, 
it loses its sphericity— cf. Fig. 6*18 (fr)— while a very large drop 
is perfectly flat except near its edges, i.e. it assumes the shape 
shown in Fig. 6*18 (c). 

If the liquid wets the surface, dro{)s do not form, and the liquid 
spreads itself over the surface — ^Fig. 6*18 (d). 


A Liquid Drop between Plates. — ^When two clean pieces of 
plate glass are placed face to face no difficulty is experienced in 
separating them, but a considerable force is necessary to pull them 
away when a small drop of water, for example, is placed between 
them and the plates arc very close together. If d is the distance 
apart of the plates and the area wetted is large, then we may regard 
any small element of the liquid surface as part of a cylindrical one 
with a radius of curvature 0*5d. Consequently the pressure in the 


water is less than that outside by an amount 


2j 

d’’ 


If 4 is the area 


of each plate which is wetted, the total force pulling the plates 
2y 

together is -^'A. 


On the other hand, when a small drop of mercury is placed 
between two plane surfaces, considerable force must be applied to 
the plates in order to flatten the drop to any extent. If ^ is the 
angle of contact between mercury and glass, the radius of ourva- 
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tore, R, of the mercury surface normal to the plane of the plates 
is given by 



Pressure in the mercury is greater than atmospheric by 

R ““ 

7t 

Since above expression is positive. The force to 

be applied is therefore ^ 

Surface Films on Water. — ^Man^^ pure substances of a fatty 
nature, when placed on a clean surface of water, spread themselves 
out to form an exceedingly thin surface layer. It can be shown 
that the thinnest him wliich can be formed on water is one molecule 
in thickness, each molecule of the oil being in direct contact with 
the surface of t\io water. 

Some extremely interesting conclusions have been drawn from 
the study of these layers, for their simple structure makes them 
peculiarly suitable for investigating the properties of the molecules 
themselves. It is found that these films can exist in three forms, 
corresponding to the solid, liquid and gaseous states of matter. 
In the ' gaseous ’ state of the films, the molecules move about 
individually and separately in the surface, exerting an outward 
spreading force on the boundary of the surface, in much the same 
ma!mer as a gas exerts a pressure on the walls of the vessel containing 
it, or a dissolved substance exerts an osmotic pressure on a semi- 
permeable membrane. In the ‘ solid ’ and * liquid ’ states of the 
film the molecules adhere into compact, coherent masses, in which 
they are often just as closely packed as in solids or liquids in 
bulk. 

In these coherent films the cross-sectional area of the individual 
molecules has been measured by measuring the area of the film com- 
posed of a known number of molecules, as calculated from the mass 
of the film, i.e. the mass of the drop of substance placed on the water 
surface, and the mass of one of its molecules. The results of such 
measurements show that the molecules actually have the shapes 
which have been indicated for about three-quarters of a centuiy 
by the structural formulas of organic chemistry. It is found, for 
instance, that the molecule of stearic acid, C| 7 H, 5 COOH, is just about 
five times as long as it is thick ; that the end group (COOH), under 
certain circumstances, is slightly thicker than the rest of the mole- 
cule ; and that usually the molecules pack into a coherent layer, 

i.r. F 
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standing nearly vertical with the GOOH groups directed towards the 
water. Many other coherent films, though not all, have the same 
vertical disposition of the molecules. In the ‘ gaseous ’ films, 
when the molecules do not cohere, they lie flat upon the surface 
of the water. 

Viscosity. — ^Whenever relative motion exists between the 
different layers into which we may imagine a liquid is divided, forces 
are called into play tending to retard the more rapidly moving 
layers and to accelerate those which are moving more slowly. 
Similar forces, although mush smaller, arise when a gas moves in 
the same way. To obtain a more definite idea of these forces let 
us consider Fig. 5*19 (a). In this xOy represents the boundary 
between a fluid and a solid over which the former is flowing. At 
this boundary it will be assumed that the fluid is at rest, and that 
all the molecules in a plane parallel to xOy have a resultant motion 




Fig. 6*19. — Coefficient of Viscosity. 

(mass- velocity of the fluid) which is parallel to the above reference 
plane and which increases with the dktance of the layer from that 
piano. Let CDEF be an area of magnitude S at distance z from 
the reference plane. Then the molecules immediately above this 
plane tend to accelerate the molecules in it, while the molecules 
in the layer immediately below tend to retard them. In this way 
each stratum of fluid will exert on the one next to it a tangential 
traction, opposing the relative motion between the two layers. 
If F is the magnitude of this tangential force, the force acting on 
F 

unit area of CE is -g : this is the tangential stress due to viscosity 

in the fluid. We assume that the magnitude of this stress is directly 
proportional to the difference in velocity between the layers itnme* 
diately above and below the plane considered, divided by their 
distance apart. This latter quantity is termed the velocUy- 
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gradient in the fluid. It is denoted by ^ where v is the mass- 

velocity of the fluid at a height z above the reference plane. We 
may therefore write 

V dv 
S~'^dz’ 

where rj is a constant called the coefficient of viscosity of the 
fluid. It depends upon the nature of the liquid and its tcraperature, 
[Notice the similarity between this definition and those of diffusion 
and of thermal conductivity.] 

The value of rj in C.G.S. units is expressed in dynes per square 
centimetre per unit velocity gradient, i.e. gm. cm.”^ sec.”^ This 
unit is often called the ' poise * in honour of Poiseuille. 

The above equation cannot bo verified directly, but calculations 
based on it are in strict accord with experiment so that we do not 
hesitate to accept the above equation as a complete statement of 
the laws of viscosity. 

To determine the relation between the viscous forces in a fluid 
and the pressure differences in it, consider the volume of fluid lying 
between plancsat heights z and z + dz above xOy — cf. Fig. 6-20 (6). 
Let the area of the faces parallel to xOy bo unity, and let a be the 
cross-sectional area of the element in a direction normal to Oy, 

Then the forces due to viscosity acting on the lower and upper 
faces are 

dv , d / , dv 

their lines of action being parallel to yO and to Oy respectively. 
Let Pi and p 2 be the pressures at points on the two ends of the 
prism, Pi^Ptl the forces are piOL and p,a as indicated. Since 
the fluid is moving without acceleration, the total force on the 
element considered must be aero. Hence 

d / , dv ^ \ dv . ^ 

= {-Pi + 

Experimental Determination of Viscosity . — Method i : To 
determine the viscosity of water the apparatus shown in Fig. 5*20 
may be used. It consists of a tall metal cylinder furnished with 
an overflow pipe DC. A capillary tube of known length, Z, ^nd 
radius, r, is placed in a horizontal position and connected to the 
cylinder. Water enters along the inlet tube as shown, any excess 
being carried away along DC. Attached to the exit end of the 
capillary is a gloss tube bent in the manner indicated. The pressure 
difference between the ends of the capillary is proportional to the 
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vertical distance between the levels A and B. This may be deter- 
mined with the aid of the scale in mm. and a U-tube filled with 
water and placed as shown so that the levels at A and C are the 
same. If the water is allowed to fiow along the tube, as each drop 
breaks away from E the water level at B changes — an effect due 
to the changes in pressure at £ as the drops alter in shape. 
This disturbing factor may be avoided if a small clean glass rod 
is placed in contact with the liquid. The liquid then leaves the 
tube in a trickle and the level at B is constant. 



It may be shown, by reasoning beyond the scope of this book, 
that V, the volume of liquid emerging in t seconds from the tube, 
is given by 



where ij is the coefficient of viscosity, p the pressure difference 
between the ends of the capillary — ^it is gph, where h = AB, p is 
the density of the water, and g is the acceleration due to gravity. 
It must be pointed out that the formula is true only for narrow 
tubes in which the velocity of the liquid is not so great that 
the fiow becomes turbulent. 

Stokes’ Law. — When a sphere falls vertically downwards through 
a viscous medium, the layers of liquid adjacent to the sphere tend to 
move with a velocity equal to that of the sphere. At a great distance 
from the sphere the liquid is at rest. Consequently there must be 
relative motion between the different layers of the liquid and the 
motion of the sphere will depend on the viscosity of the medium. If 
the sphere is small it is found that it soon acquires a constant velocity, 
i.e. the pull due to gravity on the sphere is balanced by the upthrust 
of the liquid on it and the force arising from its motion through the 
viscous medium. 

This vertical force, F, will depend on 17, the viscosity of the medium, 
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a, the radius of the sphere, and v the constant or terminal velocity 
acquired by the sphere. Thus 

P = Ka^ri^ 

whore ic is a constant, and a, /5, and y are the appropriate dimensional 
ooeflicients. In addition to the dimensions of F, a, gr, and v, which 
are alrecuiy known, we require those of t]. Now 

[foroe] __ rdvl 

[area] Lda; J ' T ■ 


Hence 


[MLT-«] [lyr- 

[L*] ^ [L] 


so that [f/] =-- [MXLl-HT]-!. 

We therefore have 

[MLT-*] = [L]« [ML-'T-ip [LT-»]y. 
Equating like exponents, wo have 

a-/? + y = l, /J + y=-2. 
y = 1, a = 1. 

P = fcaijv, 

and it can be shown that k == 6jr, i.e. F = Qjiarjv, 
This expression was first obtained by Stokbs, 
and is known as Stokes* law for the force acting 
on a sphere falling under gravity through a 
viscous medium. 

The Viscosity of Oils. — Suppose that is 
the density of the material of the sphere, a that 
of the liquid. Since 

Weight of sphere — upthrust due to liquid dis- 
placed 4- force duo to the motion of the sphere, 
we have, 

^na^pg == ^na*ag *f ^nariv, 

... r, = 


Fig. i>'21. — Visco- 
sity of Oils — 
Stokes' Method. 


The above expression shows that if the velocity of faU of a sphere 
through a viscous medium can be measured, we have a means of 
determining the coefficient of viscosity of the medium. 

Let us suppose that glycerol is the liquid whose viscosity is to 
be determined. This is placed in a glass cylinder. A, Fig. 6-21, 
about 70 cm. long and 10 cm. wide. Spheres of known diameter are 
dropped into the liquid and the terminal velocity for each sphem is 
deduced from observations on the time required for the sphere to 
travel between two fiducial marks. Now the liquid is limited by the 
walls of the vessel and has a finite depth. The conditions stipulated 
by the above theory are therefore not fulfilled. It may be shown, how- 
ever, that if the sphere falls between two fiducial marks and Bg 
(10 cm. from the top and bottom of the liquid respectively), then 
the motion is uniform. Further, if the diameter of the sphere does 
not exceed 0*2 cm. and a vessel 10 cm. wide is used, no correction is 
necessary for the effect of the walls of the vessel. If X is the distance 
between^the fiducial marks^ and % the time of transit. 
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80 that aH is oonstant for a given liquid at a constant temperature. 
If therefore a* is plotted against 1/^ a straight line should be obtained 
if the conditions of the theory have been satisfactorily fulfilled. From 
the slope of the line rj may be deduced. 

Since the viscosity of an oil changes very rapidly with temperature 
it is advisable to measure and record the latter to within 0*1® C. — T is 
a thermometer — and, having measured the diameters of all the spheres 
to be used in some definite experiment, to carry out the fall experi- 
ments one after the other as quickly as possible. The spheres must fall 
centrally down the tube A, so that their fall shall not be affected by 
the walls of the tube. 


EXAMPLES V 

1. — How 3vould you proceed to determine the osmotic pressure 
of a solution 7 Give some account of plasmolysis and isotonic 
solutions. 

2. — ^Describe the apparatus used for preparing colloids by means of 
hot dialysis. 

3. — ^A liquid whose density is 0*83 gm. cm.‘* rises to a height of 
8*92 cm. in a tube whose diameter is 0*0168 cm. What is the surface 
tension of the liquid 7 

4. — ^Describe a method of determining the viscosity of an oil. In 
an experiment with the cup and ball viscometer the time to break 
away for an oil of known viscosity 6*3 gm. cm.-* soc.-^ was 60*7 sec. 
What is the viscosity of an oil when the time is 26*2 see. t 

6. — Define the terms surface tension and surface energy. Give the 
theory of one method of determining the siirfaco tension of a liquid 
whose angle of contact with glass is zero. How would you demon’ 
strate the existence of surface energy in a liquid film 7 

6. — What determines whether a liquid will rise or fall in a capillary 
tube placed with one end below the surface of a liquid 7 How may 
the surface tension of a molten metal be determined 7 

7. — Explain the terms osmosis and osmotic pressure. Upon what 
factors does the osmotic pressure of a solution depend 7 

8. — A glass microscope slide, 10 cm. long and 1 mm. thick, is sus- 
pended from one arm of a balance so that its lower edge is horizontal 
and its plane vertical. The balance is loft free and equilibrated. A 
vessel containing alcohol is placed below the slide and then raised until 
the alcohol just touches the lower edge of the slide. If a mass of 0*63 
grams must be placed in the opposite pan of the balance to restore 
equilibrium, calculate the surface tension of alcohol. 

9. — Define the coefficient of viscosity and describe how you would 
proceed to compare the viscosities of two liquids — say alcohol and 
water — at room temperature. 

10. — ^Describe and explain how the surface tension of a liquid may 
be measured by forcing bubbles of air through it. Discuss whether 
the result obtained in this way should be the some os that given by 
the oapillary tube method. 

11. — ^Two vertical plates, distance d apart, ore immersed in a liquid 
whose angle of contact with the plates is zero, and whose surface 
tension is y. Calculate the height to which the liquid will rise at 
a point some distance from the edges of tho plates. 
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12. — ^Discuss the shape of a liquid surface in the space between two 
vertical plates inclined at a small angle to one another. 

13. — Describe and explain what happens when minute camphor 
particles are scattered on a clean water surfeu^e. Why does immersing 
oue*8 finger in the water modify the effect T A spherical soap bubble 
of radius 2 cm. is blown in an atmosphere whose pressure is 10 * 
dyne. cm.~*. If the surface tension of the liquid composing the film 
is 00 d 3 me. cm.”^, to what pressure must the surrounding atmosphere be 
brought in order exactly to double the radius of the bubble f Assume 
no temperature change and no diffusion through the bubble. (N.H.S.C. 
’29.) 

14. — State and give the theory of a method of determining the 

surface tension of mercury, in which measurement of the angle of 
contact between mercury and glass can bo avoided. (L. *23.) 

16. — Define surface tension and angle of contact. If the surface 
tension of a liquid having a density of 0*82 gm. cm.**, is 28*3 
dyne, orn.-^, calculate the height to which the liquid will rise in a glass 
capillary tube of 0-6 mm. diameter dipped into it, the angle of contact 
between the liquid and glass being 30'\ 

16. — A U-tubo with vertical limbs is half -filled with liquid. If the 
diameters of the two limbs are 1 cm. and 0*1 cm. respectively, calculate 
the difference in height of the liquid in the two limbs if the density 
of the liquid is 1*27 gm. cm.~* and its surface tension is 4.5 dyne, cm.*^ 
Assume the an^le of contact to be zero. 

17. — A capillarj^ tube 0‘16 mm. in diameter has its lower end im- 
mersed in a liquid whoso surface tension is 64 dyno. cm.*^ and whose 
density is 0-86 gin. cm."* Calculate tho height to which the liquid 
rises, the angle of contact being 28^^. Establish the formula usc^. 



CHAPTER VI 
ELASTICITY 


Strain and Stress. — A system of forces acting on a body may 
sometimes be such that although there is no motion of the body as 
a whole yet there may be a relative displacement of its constituent 
particles causing a change of form or a change in the dimensions of 
the body. Such a body is said to be strained. When a body is 
strained forces are called into play tending to resist the relative 
displacement of the component particles : the body is then said 
to be in a state of stress. There are three typos of simple strain 
and simple stress : {a) tensile strain and tensile stress, (b) com- 
pressive strain and compressive stress, and (c) strain and stress 
caused by shear. 

Tensile Strain and Stress.— In Fig. 6d (a), AB represents a 
uniform bar of initial length L. When stretching forces FF act upon 
AB its length increases by an amount I when equilibrium is attained, 
i.e. the internal forces in the body have reached such a magnitude 
that a further displacement of the com* 
ponent particles of the body is prevented, 

I 

The ratio is called the tensile strain of 

the body and since both I and L are 
lengths, this strain, like every other 
strain, is measured by a mere number. 

Taking any arbitrary and imaginary 
section in the bar normal to its length as 
at X, Fig. 6*1 (6), the internal forces 
across this section are such that the forces 
8 just balance the force F at A, while 
the forces T just balance F at B. These 
internal forces resist the efforts of the 
forces FF to break the bar : they consti- 
tute a tensile stress. Since these internal forces are distributed 
over an area the stress is measured by the force per unit area, so 
that stresses are expressed in the absolute systems of units either 
as dyne. cm.“®, or as poundaLft."® Since the resultant of the 
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Fig. 6*1. — ^Tensile Strain 
and Stress. 
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internal forces S or T at X is F, if P is the stress and 8 the area 

P 

of cross-section at X, we have P = — . 

8 

Compressive Strain and Stress.— If the forces FF acting on 

the above body were reversed the length would decrease by an 

amount I, the body would be subject to a compressive strain of 

I F 

amount and the stress due to compression would be — . 

Shear Stress and Strain. — A shear stress exists between 
two parts of a body in contact when each part exerts an equal 
and opposite force laterally on the other part and in a direction 
tangential to the surface of contact separating the two parts. 
Thus, suppose a rivet holds two plates together which sustain a 
pull F,F, across the section AB, Fig. 6*2. Under these conditions 
the lower portion of the rivet exerts a force parallel to AB on 
the upper portion, preventing it from moving to the left : similarly, 
the ujjper part exerts a force on the lower. The rivet is said to be 



Fia. 6*2. — Shear Stress and Strain, Fio. 6*3. — Shearing Strain. 


in a state of shear across the plane AB, and if s is the area of the 
section AB, the shear stress is defined as P>. 

To discover how the strain is measured when a state of shear 
exists, let us consider ABCD, Fig. 6*3, the cross-section of a block 
of india-rubber glued to a table along that face of which AB is the 
trace. Imagine that a piece of sheet brass glued to the upper 
surface is urged forward by a force F parallel to AB. When equili- 
brium is reached let the plate be in position XY, i.e. the plate 
will have suffered a displacement CX with respect to the lower 
face. The block is now said to be sheared, the amount of the 

CX 

shearing strain being specified by the ratio tanfi, where $ 

, ^ 

is the OBX. It will be seen that the shearing strain is the ratio 
of the relative lateral displacement CX of two horizontal layers- at 
distance BC apart to that distance, i.e. it is equal to the numerical 
value of the relative lateral displacement of two horizontal layers 
at unit distance apart. 

F 

If s is the area of the upper face the shearing stress is — . 
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It is important to note the following distinction between strain 
due to stretching [or compressing] forces and that due to shearing 
forces, for in the first instance both the volume and shape of the 
body may alter, whereas in the second it is the shape alone which 
changes, the volume remaining constant. A particular instance 
in which a change in volume but no change in shape occurs is 
when a cube of material which is isotropic, i.e. has properties the 
same in all directions, is subjected to a uniform pressure. 

Complimentary Stresses due to Shear. — ^Theorem : A shear 
stress in a given direction cannot exist without an equal 



Fia. 6*4. — Shear Stress and Strai \ 


shear stress existing at right 
angles to it. To prove this, let 
us consider the rectangular body 
of sides, a, 6, and c, shown in 
Fig. 6-4. LetFi, Fj, be the forces 
tending to displace the upper 
face with respect to the lower. 
The area of each of these faces is 


ab, so that the shear stress is F/a6. Let F„F, be shearing forces 
at right-angles to the above. Then the corresponding stress is 
Fj/oc. For equilibrium, the moment of all the forces about any 
point in their plane — say A — ^must be zero, i.e. F, . c = F* . 6. 
Dividing throughout by a6c, we have 


1j = 1j 

ab ac' 

i.e. the stresses are equal. 


Elasticity. — When the forces acting on a strained material are 
removed the body may assume its original form and dimensions. 
Such a body is said to possess elasticity. Thus a piece of india- 
rubber is very elastic, while lead and putty are almost non- 
elastic. 


Hooke’s law and the Limit of Perfect Elasticity. — Wo have 
just defined the terms elastic and non-elastic as if they applied to 
two essentially different classes of substance. Actually, all bodies 
are elastic to a certain degree, depending on the magnitude of the 
applied load. ’’I'lius, if load is subjected to small stretching forces 
it recovers its original form and size when the forces ore removed 
— i.e. the lead then behaves as an elastic body. On the other 
hand, lead is non-elastic when the forces are not small and it is 
said to acquire a permanent set. The limit of stress within 
which the strain in a. given material completely disappears when 
the stress is removed is called the elastic limit, or limit of perfect 
elasticity. At stresses below the elastic limit there is a linear 
relationship between a stress and the corresponding strain : this 
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fact was discovered in 1679 by Hooke, a contemporary of Boyle, 
and is known as Hooke's law. 

The existence of the elastic limit is very strikingly shown by the 
following experiment : — Two long pieces of copper wire of the 
same diameter are suspended from the ceiling and an electric current 
passed through one of them so that it just glows in a darkened room. 
When the wire is cool, pans are attached to each wire and loaded 
with equal masses which are increased by 250 or 500 gm. at a time. 
At first the elongation of each wire is of the same order of magnitude 
and if the loads are removed the wires will resume their original 
lengths. On increasing the loads further, a stage is soon reached 
when the wire which has been heated extends very rapidly and when 
the load is removed it is found to have acquired a permanent set. 
From this experiment it is clear that the elastic properties of a given 
material depend on its previous history. The heated wire is in an 
annealed condition, whereas the other wire which has been manufac- 
tured by drawing it through a die [a small hole in a steel plate — called 
a WuTtel plate] is said to have been cold worked. The effect of 
cold-working a metal by drawing it through a die, by rolling it in 
a mill, or by hh.mmering it, is to increase its hardness, to lower its 
ductility, and to diminish its capacity for resisting mechanical 
shocks. 

Young’s Modulus and the Modulus of Rigidity. — The funda- 
mental law relating to elasticity, discovered by Hooke, is that the 
strain is proportional to the stress by which it is produced, 
provided that the clastic limit has not been exceeded. This 
relationship may be ^.vritten 

stress = k X strain 


where k is a constant in any given instance. This constant is 
called the modulus oj elasticity and depends upon the nature 
of the material and the type of stress used to produce the strain. 
When the body is subject to a simj)le tension (or compression), 
the body bemg free to contract in a direction normal to the line 

stress 

of action of the stretching forces, fc, i.o. the ratio is called 

Young's modulus. When the stress is due to shear the ratio 
stress 

r- is termed the modulus of rigidity of the material, 

strain 

Referring to Fig. 6-3, if 8 is the area of the upper face of the block 
F 

the shearing stress is and since the strain is tan 6, or d (expressed 
in oiroular measure), if the angle of shear OBX is small, the modulus 
of rigidity is - -r 0. The above method of determining fc for 
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shearing stresses is only applicable to india-rubber, for the angle of 
shear is usually so small that it cannot be measured directly. Other 
methods are therefore employed, but they are beyond the scope of 
the present work. 

Experiment . — Obtain a rectangular block of indiarubbor 20 cm. long, 
4 cm. wide, and 5 cm. thick, and cement otie of tho 20 cm. X 4 cm. 
faces to a vertical wall, the long edge being vertical. Cement a thin 
metal plate to the face opposite that cemented to the wall and suspend 
various loads by means of a hook attached to the plate. Measure 
with the aid of a travelling microscope tho descent of tho plate for each 
load and calculate tho mean descent for unit change in load. Calculate 
the rigidity, n. of indiarubbor as indicated in the following example. 

Example . — ^The mean extension for a change in load of 1 kgm. was 
0*040 mm. for the above block. Find the modulus of rigidity n. 

0*004 

Anglo of shear = — - — radian. 

. 1000 X 981 

Change m stress = . - -- dyiio, CTn."~* 

me J ^ /lOOO X 981 5 \ , 

Modulus of ngidity - ^ gb x‘4 " ^ b¥b4/ 

= 1*53 X 10’ dyne, cm.”* 


Young’s Modulus. — Suppose that a wire of length L and radius r 
is stretched by a load of mass m, the wire being free to contract 
in a direction perpendicular to the stretching force. The stress in 

the wire is since the wire is subject to stretching forces equal 

in magnitude to the weight of the load. If I is the increase in length 

I 

the strain is j-, and the modulus of elasticity, denoted by Y in this 

instance, is given by 

Y — st ress __fng , ^ mgL 

tensile strain * L ~ nrH ’ 


Experimental Determination of Young’s Modulus. — Two 
identical wires of tho material under investigation are suspended 
from a beam. The method of attaching the wires to this support 
is important, for if either wire slips the elongation will not be due 
to the load alone. One method is to pass one long piece of wire 
between two brass plates which are afterwards screwed together 
with the aid of two or more bolts and nuts — cf. Fig. 6*5. This 
wire is arranged so that the lengths of the two free portions are 
approximately equal. A scale graduated in mm. is screwed to the 
left-hand wire whilst a second wire carries a vernier and a scale-pan. 
In this way, since the wires are identical, any temperature change 
will affect each wire to the same extent, so that no differential 
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expansion due to temperature variations will be noticed. The wire 


carrying the mm. scale is slightly stretched by suspending from it 
a convenient load. The pan attached to the second wire is usually 


sufficient to keep it straight when it is 
otherwise unloaded. The initial reading of 
the scales having been noted, the wire 
carrying the vernier is suitably loaded and 
the scale and vernier reading observed. 

To determine the ratio it is advis- 

stram 

able to increase the load by 500 gm. at a 
time and observe the scale reading after 
each increment has been made : a graph 



showing the relationship between the load 
[ordinate] and the elongation [abscissa] is 
then constructed. Since the elongation is 
proportional to the load if the elastic limit 
has not been exceeded, this graph should 
be a straight line. With a piece of black 
cotton as a guide, the best straight line 
should be drawn through the points on the 
diagram and the slope calculated [cf. p. 
14]. If 0 is the slope of this line, wo have 



Fio. 6*5.— Apparatus for 
determining Y.M. for 


Tir^ * I nr^ * 


Metals in the form cf 
Wires. 


Young’s modulus can therefore be calculated if, in addition to the 
above observations, the length and mean radius of the wire are 
known. The mean radius is determined with the aid of a micro- 
meter screw gauge [cf. p. 7]. To test whether or not the elastic 
limit has been exceeded observations should also be made as the 
load is removed ; corresponding observations will be in agreement, 
the wire returning to its original length, if the elastic limit has not 
been passed and the mean value of the extension for each load 
should be used in constructing the above graph. 

Searle’s Apparatus for Determining Young’s Modulus for the 
Material of a Long Wire. — Two wires of the same material are hung 
from tho same rigid support, tlioir lengths being about 2 metres. Eacli 
carries at its lower end a brass rectangular frame from tho lower sides of 
which suitable loads may bo supported. In Fig. 6-6, A and B are 
the wires while C and D represent an end-on view of theso frames. 
E is one of two bars freely hinged to tho frames so that one frame niay 
be displaced relatively to tho other, H is a metal strip, carrying a 
spirit level S, and freely moving about a fulcrum M at ono oml. At 
the other end it rests upon tho point N of a vortical screw R, operated 
by the divided head T. Tho pitch of the screw is 0-5 mm. and the 
periphery of T is divided into 60 equal divisions. When tho head 
T is rotated through one division its point moves 0*01 mm. 
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A load of 1 kgm. is applied to eaoh wire so that they shall be straight 
and the reading of the screw observed when one end of the air bubble 

is at the centre of the level. [This 
permits the position of the bubble 
to be adjusted more precisely than 
if it is attempted to adjust the 
bubble to a central position.] The 
load on one wire is then increased 
by 1 kgm. so that the wire is 
stretched and the air bubble dis- 
placed. By rotating the screw this 
bubble may be brought back to its 
standard position. The amount 
by which the point of the screw is 
moved is equal to the extension 
of the wire. The load is then in- 
creased in stages up to a maximum, 
removed 1 kgm. at a time, and 
readings of the screw taken for 
each load. A graphical or other 
method is then used to determine 
the mean extension for an increase 
in load of 1 kgm. and a value for 
Yoiing’s modulus for the material 
of the wire calculated oa in the 
previous experiment, 

Poisson’s Ratio. — When a 
subjected to the action of 

Wires. stretching forces only, in addition 

to tlie elongation which occurs, 
there is a contraction in all dircctiuna perpendicular to the length 
of the wire. The change in diameter relative to the original 
diameter is termed the lateral contraction strain. The ratio 
of the lateral strain to the elongation strain is known as Poisson^ s 
ratio (or). For indiarubber available in the form of a long solid 
tyre, this ratio may be determined from observations on the change 
in diameter and the change in length. For other substances 
Poisson’s ratio is calculated from the other elastic constants for 
each particular substance. The necessary formulae are too difficult 
to prove here. 

Volume Elasticity or Bulk Modulus. — ^We have seen that if 
a body is subjected to a uniform pressure its volume diminishes. 
If p is the increase in pressure necessary to cause a volume V of 
a material to diminish by an amount v, the stress is p, for a pressure 

is defined as a force per unit area [cf. p. 71], while the strain is 

The modulus of elasticity, which, in such an instance, is termed the 

volume elasticity or bulk modulus, is therefore p y, i.o. 
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and is denoted ^ by /5. The reciprocal of the bulk modulus is 
termed the compressibility of the substance, and is denoted by 

K, so that #c = 7 ,. 

P 

The Compressibility of Liquids. — In an elementary account 
of hydrostatics it is always assumed that liquids are incompressible 
and, in fact, enormous pressures are required to alter by a small 
amount the volume of unit volume of all liquids, i.e. their compressi- 
bilities are always small. The fact that water was not a liquid 
with zero compressibility was first established by Canton in 1762. 
Bacon, at an earlier date, had subjected water, completely filling 
a lead sphere, to pressures greater than 
atmospheric, but the experiments were 
frustrated by the fact that the sphere 
always sprang a leak, or else the water 
escaped through the walls of the vessel 
which were porous. Canton used a glass 
vessel shaped like a thermometer and 
containing mercury, but with an open 
capillary tube. The level of the mercury 
in the stem of the instrument at a definite 
temperature was noted. The vessel was 
then heated until the mercury just filled 
it : the open end of the capillary was 
scaled and the instrument allowed to cool 
to its former temperature. It was found 
that the mercury stood at a higher level in 
the capillary than formerly. To account 
for this it might be assumed : — 

(i) that the mercury had previously 
been compressed by the external air, or 

(ii) that the vessel was reduced in size 
when the pressure inside was less than 
atmospheric. 

The experiment was then rei)eated with 
water in the same vessel : the change in Compr^- 

level of the water was greater than in Oersted], 
the case of mercury. It was therefore 
established that water was a compressible substance. 

Experimental determinations of the compressibilities of liquids 
are beset with many diificulties, but the underlying principles are 
shown by the following experiment duo to Oersted (1822). One 
form of his apparatus — an example of a class of instruments knowii 
as piezometers — is shown in Fig. 6*7. The liquid under investi- 
^Tn acoustics E is used instead of p. 
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gation was contained in a cylindrical glass vessel, A, provided with 
a capillary tube, B, dipping below the surface of mercury contained 
in a trough, C. D was a narrow uniform glass tube, closed at the 
top, whose lower end dipped into the same dish of mercury. It 
contained air. The whole was placed in a wide glass tube, 6, 
completely filled with water. Packing glands prevented the escape 
of water from between the ends of G and the metal discs closing 
its ends. By rotating the screw H so that it moved downwards 
very large pressures were exerted inside G, and these were trans- 
mitted to the liquid in A. The change in pressure inside the 
apparatus was deduced from the change in volume of the air in D. 
Theory : Let V be the volume of A up to the zero mark 0 on its 
stem. Let v be the volume per division on the stem B. Suppose 
that when the pressure was the mercury in B stood at m : when 
it was P 2 Then (m — n)v is apparently the reduction in 

volume of a volume (V + of liquid when the pressure changes 
by an amount (pa — l>i)- The apparent compressibility is 
therefore given by 

__ apparent diminution in volume __ (w — n)v 
(original volume) x (change in pressure) (V + mv){p 2 — PiY 
The more exact theory, due to Lam 6, shows that from tJio rise of 
mercury in B, together with other relevant data, the difference 
between the compressibilities of the liquid and glass may be 
deduced. 

Regiiault, in 1847, was the first person to obtain accurate values 
for the compressibilities of several common liquids, including 
mercury. In interpreting his observations ho made use of the 
theoretical investigations of Lam6. 

Experiment. — ^The smallness of the compressibility of water is shown 
by the following experiment. Water completely fills a metal box 
having no lid. When a small bullet is fired into one side of this box 
the volume of water is diminished by an amount practically equal 
to that of the bullet before the water has had time to rise. Conse- 
quently enormous pressures are exerted on the sides of the box and 
this bursts. 

The Volume Elasticity or Bulk Modulus of an Ideal Gas 
at Constant Temperature. — ^Let P and V bo the pressure and 
volume of a given mass of an ideal gas at constant temperature. 
Let the pressure become P f- the corresponding volume being 
V — V. Then the increase in stress is p, while the corresponding 

V 

strain is y, so that, by definition, the bulk modulus is p 

Since the gas is an ideal one and therefore obeys Boyle’s law 
. (P+P) (V~v) = PV, 
or pV — vP — pw = 0. 
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If p and V are small compared with P and V their product may 
be neglected, so that 

— vP = 0, or P = — = 

V 

The volume elasticity of an ideal gas at constant temperature is 
therefore equal to the pressure to which it is subjected. [N.B. — ^The 
pressure must be expressed in absolute or in gravitational units.] 

Alternative Proof » Let P and V become P + 5P and V 4- dV 

SV 

respectively. The increase in stress is 6P, while the strain is — -y*. 

by definition, ^ = lim f — = lim F — V— T 

^P^oL ‘^VJ 

Now by Boyle’s law, (P + (5P)(V + dV) == PV. 

V^P + PdV - 0, 

since the product SP.6V may bo neglected. Hence 

. lim r - V . ^"1 = P, i.o. ^ = P. 

«5P->oL oVJ 

Energy due to Strain. — In order to deform a body work must 
be done by the applied forces. 

The energy thus spent is 
stored in the body which is 
then said to possess strain 
energy. This energy is lost 
when the stress is removed, 
appearing as heat, i.e. the 
body is temporarily at a tem- 
perature above that of its 
surroundings. The whole of 
the work done in deforming 
the body is only completely 
regained if its elastic limit has 
not been passed, for in this 
latter instance a permanent set is produced in the body and 
the energy necessary to do this is not regained when the stress 
is removed. 

For a wire in which the stress docs not exceed its elastic limit 
the amount of work done in stretching it may be calculated as 
follows : — If a point A, Fig. 6-8, represents the state of the wire 
when the stretching force is F and the elongation Z, the work 
done in producing this condition is represented by the area of the 
triangle OAB. To prove this, consider two points K and L on OA, 
and draw KM and LN perjiendicular to the x-axis. If the points 
K and L are very close together than during the deformation MN 
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the stretching force may be considered constant and equal to that 
represented by KM, so that the work done is represented by 
KM X MN, i.e. it is represented by the area of the rectangle KLNM. 
Similarly, every such small rectangle into which the triangle OAB 
may be divided represents a quantity of work done. The total 
work done in deforming the wire is represented by the sum of all 
these rectangles, i.e. the area OAB. The work represented by this 
area is ^F X Z. If L is the length of the wire and r its radius, the 
strain energy per unit volume is 

This equation means that the strain energy per unit volume is 
one half the product of the stress and the strain. 

The Behaviour of Solids when the Applied Stress exceeds 
their Elastic Limits. — (a) Brittle Materials in Tension. Cast iron, 
hardened iron, Portland cement, stone and brick arc examples of 
a brittle substance. Fig. 6*9 (a) shows the relation between the 
strain and stress for such a substance. OA is linear, so that A 
is the elastic limit, but beyond A the graph is curved. The point 
B represents the stage when the substance breaks. 



Fig. 6-9. — Behaviour of Solids when the Applied Stress exceeds their 
Elastic Limits. 


(6) Ductile Materials in Tension. The stress-strain diagram for 
a 0-25 per cent, carbon steel, obtained autographically, is shown 
in Fig. 6-9 (b). A is the clastic limit and beyond this point the 
graph curves until the point Y is reached. Then comes the portion 
YZ of the curve, representing the stage during which there is a 
large increase in strain with practically no increase in stress : on 
a self-recording sensitive extensometer the portion YZ appears as 
an irregular wavy line, the stress corresponding to Z being less than 
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that at Y. Y is called the yield point, the corresponding stress 
being the yield-stress. In the stage AY the stretch is partly 
elastic and partly due to plastic flow in minute conglomerates of 
particles distributed throughout the material under test. Beyond 
Z the elongation becomes plastic : during the clastic stage the 
stretch is caused by simple tension but in the plastic stage strain 
becomes predominant so that the stretch is mainly due to total 
shear taking place throughout all parts of the specimen. As the 
stress is increased the stretch proceeds steadily until the bar is 
about to fracture. Then a stage with marked instability sets in 
and the piece becomes considerably thinner at one point, i.e. the 
specimen exhibits a local contraction and a marked roughening of 
the hitherto smooth machined surface of the material appears. 
The specimen exhibits a phenomenon known as ‘ necking. ’ Immedi- 
ately this occurs the stress decreases automatically and the portion 
MB of the curve is obtained : the break finally occurs at B. The 
stress corresponding to M is called the ultimate strength or 
tensile strength of the material under test. Steel (0*2 per cent, 
carbon) has a tensile strength of 30 ton-\vt. in.“^, while among 
timbers, British Oak, * that synonym for strength and durability,’ 
with a tensile strength of about 7 ton-wt. inr^, stands supreme if 
certain foreign woods are excluded. Unfortunately, it contains 
acids which corrode iron and steel. It is for this reason that copper 
rivets are used in the construction of wooden ships. 

Elastic Fatigue. — When a metal has been subjected to repeated 
alternations of stress it becomes ‘fatigued,* i.e. its strength 
diminishes, which means that for a given stress the amount of strain 
increases. If the alternations are continued for a sufficiently long 
time the metal may ultimately develop a fracture. 

In the manufacture of copper tubes of elliptical section the 
tubes are first drawn with a circular section. If the final operation 
of making the bore elliptical is carried out at once it is successful, 
but if the tube is allowed to remain overnight the process cannot 
be completed in the morning. 

EXAMPLES VI 

1. — Define the terms: tenMle stress ^ tensile strain, Young's modulus 
bulk modulus, compressibility. Derive an expression for the bulk 
modulus of an ideal gas. Two imiform wires of tho same material 
are such that tho linear dimensions of one are double those of the 
other. If equal loads are suspended from the above wires calculate 
the ratio of the extensions produced. 

2. — Derive an expression for the force inwards due to a rope 
under tension passing round a smooth ciurve. Calculate the limiting 
pressure inside a cylindrical boiler of 3 ft. radius, the sides being ^ 
of an inch thick and made of a material which can stand a limiting 
pressure of 40 ton.-wt. in.-** 
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3. — ^How would you proceed to determine Yoimg’s modulus for a 

substance in the form of a \miform wire ? If Y.M. for steel is 2 x 10^* 
dyne. what mass must be suspended from a steel wire 2 

metres long and 1 mm. diameter to stretch it by 1 mm. T 

4. — solid has a volume of 3*5 litres when the external pressure is 
1 atmosphere. If the bulk modulus of its material is 10^* dyne. cm.~*, 
calculate the change in volume when the body is subjected to a pressure 
of 25 atmospheres. 

6. — Explain Hooke’s law and describe how you would proceed to 
verify it for the extension of a vertical wire under load. A copper 
wire, 2 metres long and 3 mm.* cross-sectional area, is suspended 
vertically and a load of 5 kilograms attached to its lower end. Cal- 
culate the work done in stretching the wire if Young’s modulus for 
copper is 1*2 x 10^* dyne, cm.-* 

6. — Define Young^a modulus and the modulus of hulk elasticity. 
Calculate the value of the latter modulus for a substance of which 
1 cubic decimetre is reduced in volume by 0*01 cm.* by an increase of 
pressure of 20 atmospheres. 

7. — Explain what is meant by the statement : * Young’s modulus 
for steel is 2 x 10^* djme. cm.-*’ Calculate the mafss of the load 
which must be suspended from a steel wire 1 nun. in diameter to 
produce an elongation equal to 0*2 per cent, of its original length. 

8. — How would you compare experimentally the value of Young’s 
modulus for copper with the value for the modulus of brass, being 
given wires of the same standard gauge T 

9. — Calculate the modulus of bulk elasticity for a substance of which 
1 cubic decimetre is reduced in volume by 0-004 cm.* when subjected 
to an increase of pressure of 16 atmospheres. 

10. — Calculate the density of water at the bottom of a lake 150 

metres deep assuming that the compressibility of water is oJ-^q 


atmos.-^ 

11. — Given that Young’s modulus for steel is 2 x 10^* dyne, cm.—* 
calculate its value in pounds weight per square inch. 

12. — A spiral spring of negligible mass is hung vertically and is 
such that a load of 0*5 gm.-wt. produces an extension of 10 cm. If 
the spring carrying a load of 508 gm.-wt. is pulled downward, show that 
the load will execute a 8.H.M. when the spring is released, and determine 
its period. 

13. — An elastic string of natural length 2a can just support a certain 
weight when it is stretched until its whole length is 3a. One end of 
the string is now attached to a point in a smooth horizontal table, 
and the same weight is attached to the other end and can move on 
the table. Prove that if the weight is pulled out to any distance and 


then lot go, the string will become slack again after a time 


n 

2 



(L.I.) 


14. — A mass of metal of volume 500 cm.* hangs on the end of a 
wire whose upper end is rigidly fixed. The diameter of the wire is 
uniform and equal to 0*4 mm. and its Young’s modulus 7 x 10** 
dyne, cm.-* \^en the metal is completely immersed in water, the 
length of the wire is observed to change by 1 mm. Find the length 
of the wire if the acceleration due to gravity is 980 cm. sec.-* — 
(N.H.S.C. ’29). 
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CHAPTER VII 
THERMOMETRY 

Temperature.— Oar ideas of the terms ‘ hot * and ‘ cold * are 
based upon our sense of touch or of feeling. A hand placed near a 
fire experiences a different sensation from that arising from its 
immersion in snow. In this way different bodies can be arranged 
in such an order that os one passes from one body to the next the 
sensation experienced is one of greater cold. These degrees of heat 
and cold correspond to a certain state or condition of the object. 
The following experiment shows that our hand is not a reliable 
indicator of temperature. 

Experiment , — Suppose fliat A, B, and C are three bowls containing 
cold, tepid, and hot water respectively. Place the left hand in A, 
and the right hand in C ; after half a minute transfer both hands to 
B. It appears hot to the left hand but cold to the right. 

Moreover, the human hand is not sufficiently sensitive to detect 
small changes in temperature, neither is it capable of withstanding 
extremes of temperature. 

In order to fulfil these purposes, thermometers have been con- 
structed. In these use is made of the change in some physical 
property of a substance which varies continuously with the tem- 
perature, e.g. the increase in the volume of a liquid, or of a gas at 
constant pressure, which generally takes place with rise in tempera- 
ture. It is also necessary to define two temperatures so that a scale 
of temperature may be constructed. These two temperatures must 
be constant and easily reproducible at all times and places ; or if 
they are not constant the manner in which they vary with external 
influences must be known. The first such temperature is that of 
melting ice [free from contaminations] which is defined as the zero 
of the centigrade scale of temperature. In order to produce any 
appreciable change in this temperature the ice must be subjected to 
a pressure of several atmospheres. Since the variations in atmo- 
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spheric pressure never amount to more than a few cm. of mercury, 
we may say that for most practical purposes the melting-point of ice 
is constant. The second temperature, defined as 100® C., is that 
of steam when the external pressure is one standard atmosphere. 
Now mercury expands when heated and the value of gravity varies 
over the surface of the earth, so that the pressure of 76 cm. of mer- 
cury must be recorded by a barometer at 0° C. in latitude 45® N. 
Since such conditions cannot easily bo realized the reading of the 
barometer must be corrected for these variations. In addition, it is 
quite fortuitous if the pressure so corrected happens to be exactly 
76 cm. of mercury when the thermometer is calibrated. But since. 
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when the barometer reads about 76 cm., a change in pressure of 1 cm. 
of mercury causes a change of 0-37® C. in the boiling-point of water, 
the actual temperature associated with any particular pressure is 
easily calculated. Thus, if the corrected value of tlie observed 
pressure is 74-1 cm. of mercury, i.e. 1-9 cm. lower than the staiidard 
conditions, the boiling-point of water is 

[100 - (0-37 X 1-9)]® C. = 99-30® C. 

Here it must be emphasized that it is impossible, with any ther- 
mometer whatsoever, to measure the melting-point of ice or the 
standard steam temperature. The first is defined as 0® C., and the 
steam x)oint under existing atmospheric conditions is found from 
observations on the barometer, the standard steam temperature 
being defined as 100® C. when the pressure is 76 cm. of mercury. 

Scales of Temperature. — ^The early workers on thermometry 
used meroury-in-glass thermometers. The degree centigrade on 
such a thermometer is defined as follows : — Whein^he temperature 
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of the thermometer increases by 1^ C. the change in volume of the 
mercury is one-hundredth of the decrease in volume which occurs 
when the thermometer cools from the standard steam temperature 
to that of melting ice. 

Thus suppose OP, Fig. 7*1, is a straight line 100 units long. 
Let OA and PB represent the lengths of the column of mercury 
in a mercury-in-glass thermometer, when the thermometer is at 
the temperature of melting icc and at the temperature of steam 
produced under standard conditions,^ these lengths being measured 
from some arbitrarj^’ liducial mark on the stem of the instrument. 
Through A draw a straight line j^arallcl to OP to cut PB in D. 
Then DB could be divided in any arbitrary way to construct a scale 
of temperature. If it is divided into 100 equal divisions we shall 
have obtained a centigrade scale of temperature. To carry out 
this division convciiiiently we join AB by a straight line. Then 
ii* the length of the mercury column in the stem is OH, we obtain 
the temperature on the scale wo have constructed by drawing HX 
parallel to OP to cut AB in X, and then drawing XZY normal to 
OP to cut AD in Z and OP in Y. Then 


i.e. 


OY 


BD 

OP’ 


XZ - — OY 




represents a change of 1°, so that the temperature is OY. 


It should be very carefully noted that AB has been joined by a 
straight line simply for convenience, so that the statement that 
mercury is chosen as a thcrmomctric substance because its expan- 
sion is uniform is a statement without meaning. 

In England and English-speaking countries the Fahrenheit scale 
is employed for commercial and domestic purposes. On this scale 
the temperature of molting ice is 32° F., whilst the standard steam 
temperature is 212'’ F., i.e. the fundamental interval is divided into 
180 equal i^arts. The reason for the adoption of these apparently 
arbitrary numbers is to be found in the fact that the zero on 
this scale was the lowest temperature that could be reached when 
the scale was proposed by Fahrenheit, viz. that of a mixture of 
snow and salt containing eutectic proportions [cf. p. 242], The 
100° F. was taken to be the temperature of a healthy person’s body. 
It is now known that this temperature is 98*4° F. 


^ The thermometer must be plaoed in steam produood imder pressures 
(i) just below, (ii) just above standard atmospheric j>ressure, and the position 
of the mercury under standard conditions foimd by interpolation. This 
remark applies tij)|the standardisation of all thermometers. 
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The other soale is due to Reaumur. On it the zero corresponds 
to the temperature of melting ice while the steam temperature is 
80** R. 


The Fundamental Interval. — ^The interval between the fixed 
points on a thermometer is called its fundamental interval. On the 
centigrade scale this is equal to 100 divisions ; on the Fahrenheit 
180 ; and on the B6aumur 80. Bearing in mind the magnitudes of 
these fundamental intervals, it is easy to convert the readings on one 
scale into those on the others. 

Thus in order to convert a temperature of 36^ C. into the corre- 
sponding temperatures on the Fahrenheit scale, 36 centigrade 
35 X 180 

divisions equal — — = 63 Fahrenheit divisions ; but the ice- 

point of the Fahrenheit scale is called 32, so that the required 
temperature is (63 + 32)® F. = 96® F. 


Construction of a Mercury-ln-Glass Thermometer. — A 
mercury-in-glass thermometer can bo constructed from a long jjiece 
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of uniform capillary tube, having sealed on at 
one end a piece of wider glass tubing and at 
the other a small funnel. A constriction is 
placed at A, Fig. 7*2, whilst just below there 
is a small bulb 0. The whole is cleano<l with 
aqua regia, alcohol, other, acetic acid, more 
alcohol, and finally distilled water by passing 
these reagents in succession through the tube. 
It will bo noticed that no solutions of solids, 
such as aqueous potassium bichromate, are 
used ; this is because it is sometimes dithcult 
to remove the solid particles which may have 
been present and become lodged in the capil- 
lary. The tube is finally dried by drawing 
air through it by means of a suction pump, 
the air having been passed over soda lime 
contained in a U-tube. Particles of soda 
lime are prevented from entering the tube 
by means of a swab of cotton-wool. The 
lower end is then warmed at B and finally 
closed, the end being rounded by gently 
blowing into the open end. To prevent the 
tubes from becoming contaminated during 
this procedure, a soda-lime tube may be 
attached to the open end of the thermom- 
eter. Mercury is then placed in the funnel 
above A, after which the tube and bulb are 
heated gently. The air is expelled in part, 
BO that on cooling a little mercury enters the 
instrument. This mercury is boiled, all the 


air being expelled by the mercury vapour, so that when the source of 
heat is removed, as the vapour condenses, more mercury is drawn, into 
the tube until it is completely filled. It is then maintained at a tem- 
perature a little above the hi^^est to which the instrupoent will over be 
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used and finally sealed off at A. The instrument is now allowed to cool 
slowly and loft for a few days before being graduated — this is to allow 
the glass to contract to its original volume. In actual practice the 
glass goes on contracting for many years, and this helps to make the 
instrument difficult to use in precision work, because it implies an ever> 
changing zero. 

Determination of the Steam and Ice Points on a Thermometer. 


— Of these two points on a mercury thermometer the upper one should 
always be found first ; the ice point immediately afterwards. This is 
advisable because it is known that the glass continues to shrink after 
every heating so that it is bettor to take the ice point under definite 
conditions, viz. after every other reading of the thonnometor. 

The apparatus, shown in Fig. 7*3, is 


used for the determination of the steam 
point. It consists of a cylindrical vessel 
A, in which the water is boiled, sur- 
mounted by an open tube C. This tube 
is smrounded by a wider one having 
an outlet B for the steam. In precision 
determinations the U-tube D contains 
water to indicate any inequality between 
tho pressure inside and outside A. The 
thermometer t<^ be calibrated is supported 
by meems of a cork emd is so arranged 
that the final position of tho mercury is 
just visible. When this position has be- 
come steady a small mark is made on 
the glass. The barometer is read and 
tho temperature corresponding to this 
pressure is then calculated. [If vapour 
escapes from the tube E, more liquid 
must bo placed in the boiler.] 

Tho ice point is found by placing the 
thormoinotor in molting ico. Tho ico, or 
bt3tter, ico shavings, should be contained 
in a D(3war Flask and well stirred. In 



order to ensure that the ice is molting Fio. 7-3. — ^A Hypsometer. 
tho whole should bo covered with dis- 


tilled water. It is more usual to place the thermometer in a funnel 
of molting ico and allow the water to drip away ; this apparatus is 
condemned if any accuracy is desired, because the various pieces of ice 
are not in cont&ct with the bulb, and, fui-thermore, the sharp points on 
the ice may exert a variable pressure on the thin-walled glass bulb and 
so violate steady conditions. Those sharp points on the ice may also 
cause tho bulb to fracture. 


The Essentials of a Thermometric Substance. — ^The ther- 
mometrio substance should have a large expansion for a small 
change in temperature; its indications must be consistent: and 
easily observed ; it should have a large working range ; it should 
be easily procurable ; it should not be easily contaminated ; it 
should ako rapidly assume the temperature to which it is subjected. 
Mercury possesses most of these characteristics, but mercury ther- 
mometers suffer from the following defects : — Mercury freezes at 
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— 40^ C. BO that for tem^ratures below — 30*’ G. an alcohol or a 
pentane thermometer must be used. Moreover, it is found that the 
mercury expands in jerks, a fact due to the change in volume of the 
bulb when subjected to changes in pressure caused by the variations 
in the angle of contact of the mercury. The density of mercury is 
high so that the volume of the bulb is affected by the changes in 
pressure produced by the variations in the length of the mercury 
column. In this respect alcohol and chloroform are to be preferred, 
but they cannot be used at high temperatures and thei'e is a tend- 
ency for them to distil into the upper parts of the thermometer. 

To increase the working range of mercury the space above the 
mercury may be filled with nitrogen. When the mercury expands 
the pressure inside increases so that the boiling-point of the mercury 
is raised. The thermometer may therefore be used to measure 
higher temperatures, but the variations in volume of the bulb clue 
to pressure are increased so that such a thermometer cannot be 
regarded as a reliable instrument. It has also been proposed to 
use an alloy of sodium and potassium which is liquid from — 8® C. 
to 700® C., but it has been found that, as a result of the reduction 
of the glass by the alloy, a brown deposit of silicon is formed after a 
time so that the liquid cannot be seen. 

The Errors of a Mercury Thermometer. — A thermometer is 
supposed to read 0® C. when placed in melting ice ; if it does not the 
reading must be observed and a correction applied. Similarly, 
the observed steam point will Seldom be correct, so that a further 
correction is necessary. Suppose that the thermometer reads 



Fia. 7-4. — Graphical Method of Dotermiiiing tho Coirootions to a 
Faulty Thomiomotor at Intermediate Tomperaturos. 


Ao and (a + A,) when the temperature of its bulb is 0® C. and 
a®C., respectively, a being the temperature of steam produced 
under existing conditions. Then the corrections arc — and 
— respectively. Let these facts be represented graphically as 
follows, the aim being to express the true temperature as a function 
of the readings of the faulty thermometer. In Kg. 7-4 (a) tho 
readings of the thermometer are taken as absciss® while the corre- 
sponding corrections are the ordinates. Thus P and Q are the 
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points (Jq, — Aq) and (a + Ag, — A,) respectively. Now consider 
Fig. 7-4 (b), in which the scales of the uncorrected thermometer, A, 
and a correct centigrade thermometer, B, are shown. Let t be 
the temperature as observed on A. Then in (6) the distance of t 
from the initial end of the lino (scale) Ls {t — Jq). Let 6 be the 
corresponding temperature on the scale B. Then 


s + A, — Aq 


a 

3 * 


o -r /Jg — jlmq er 

since ,9° C. correspond to {s + /I, — A^) divisions on the actual 
thermometer. 

This eqiiation gives the true temperature 0 as a function of the 
reading t. The correction y, or is given hy 

e -t= 

— A^ 


^ « + /j, — Jo 

But this is the equation to the straight line PQ in Fig. 7*3 (a), for 
this is 


— ^ + Jo 
t -)- Jq * "H J» Jo 


which reduces to the above. Hence the ordinate NM at any point 
N on the f-axis in Fig. 7*4 (a) gives the correction at tliat point, 
i.e. at the observed temperature t. 

In carrying out this construction due regard must be paid to 
the signs of Ao and A«. 

This method is only justifiable if the bore of the thermometer is 
uniform. If it is not, and the thermometer is to be a standard one, 
it must be calibrated by breaking off a portion of the mercury column 
and observing its length [expressed in scale divisions] at various 
parts of the tube. The method of doing this is beyond the scope 
of this work, so that the simplest method of checking the indications 
of a thermometer is by comparing them with those of a standard 
instrument. Commercial mercury-in-glass thermometers are gradu- 
ated by iising subsidiary fixed points, and the divisions are generally 
not of equal size. 

The most troublesome correction arises from the fact that all the 
mercury in the thermometer is not at the same temperature except 
in rare instances ; it is therefore necessary to make a correction for 
stem exposure. A method of estimating this correction will be 
explained later [cf. p. 186]. 

Results obtained with mercury-in-glass thermometers are often 
vitiated by the fact that when the reading was being made, the line 
of sight was not normal to the mercury thread at its extremity, 
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i.e. errors due to parallax were not avoided. The use of a low 
power lens helps to minimize errors due to this cause. 

JoULB made the first accurate mercury thermometer, and it was 
because of the pains he took in getting accurate readings with his 
thermometers that he made such remarkable discoveries in the 
science of thermodynamics. 

The Paris Standard Thermometer.-— The stem of this instru- 
ment is sometimes 1 metre long, although often it is only half this 
length. The bore of the tube is cylindrical so that the mercury shaU 
move more regularly in the tube. [Cheap thermometers are often 
made with elliptical bores in order to facilitate seeing the mercury, 
but this is an objectionable practice in an instrument for scientific 
purposes for it increases the * sticking effect ’ alwa 3 rs associated 
with the motion of mercury over a glass surface.] The position of 
the mercury is observed with the aid of a microscope so that a 
change in temperature of 0-001® C. is detectable. Such an instru- 
ment is only suitable for measuring steady temperatures. 

The Clinical Thermometer. — ^The clinical thermometer, 
Fig. 7-5 (a), is used for determining the temperature of the human 
body. It is a mercuiy-in-glass thermometer with a short working 
range, and is of the “ maximum type,*’ i.e. it registers the highest 
temperature to which its bulb has been exposed since re-setting. 


95* 100* 105* 110’ F. 



Fio. 7*5. — A Clinical Tbermometer. 

The range is 96® F. to 110® F, each degree division being divided 
into five equal parts. The earliest mercury thermometer used for 
the above puipose was not self-registering and the temperature was 
read while the thermometer was in the patient’s mouth. In a later 
form there was a short column of mercury separated by an air 
bubble jErom the rest of the mercury. When the bulb of this ther- 
mometer was heated the short column of mercury moved forward, 
but it did not recede when the temperature fell. In the instrument 
in use to-day a small constriction, A, is placed in the bore of the 
thermometer near to the bulb — this is the special Teature of this 
thermometer. The constriction must be such that mercury passes 
freely through it when the mercury in the bulb expands, but 
that it prevents the mercury in the stem above the constriction 
from returning when the temperature of the bulb falls; the 
indication of the thermometer may then be observed at leisure. 

After use, the above instrument is re-set by shaking it so that 
the mercury in the stem is jerked downwards. Sometimes this 
operation is difficult so that frequently one finds clinical ther- 
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mometera with two constriotions at a short distance apart. These 
are not so small as in the usual instrument and, while sufiSoient to 
prevent the mercury returning to the bulb when the tempera- 
ture of the latter falls, d^o not offer so great a resistance to the 
mercury when the latter is forced downwards by shaking the 
thermometer. 

The temperature indicated by a clinical thermometer inserted 
in a patient’s mouth, for example, does not reach a maximum 
value at once, for that part of the mouth in contact with the ther- 
mometer is cooled when the thermometer is inserted, and some 
time must elapse before the circulation of the blood restores the 
temperature to its original value at this point. To diminish this 
cooling effect and to make the thermometer quick in its response 
to temperature changes, it is essential to make the bulb small, 
and this, in turn, implies that the bore of the instrument must be 
small if an open scale of temperature is to be available. It is then 
difficult to locate the mercury in the stem unless it is provided with 
a * lens front.’ A section of the stem of such a thermometer is 
shown in Fig. 7-5 (6), and when the temperature recorded by the 
thermometer is being noted, the thermometer should be held in 
such a position that the mercury column is viewed directly through 
the sharp rounded edge of the stem. A magnified image of the 
thread is then seen. 

The instruments are made in different sizes, known as * half- 
minute/ * one-minute,’ etc. This time indicates the period after 
which the indications of the thermometer will have become steady 
when it is in use. 

If at any time it becomes desirous to check the indications of a 
clinical thermometer, this is best done by means of a comparison 
with a standard instrument. Since clinical thermometers are not 
capable of showing a falling temperature, the comparison should be 
made by placing the two thermometers in a bath, the temperature 
of which is gradually rising, say 0-1® C. per minute. The bath is 
thoroughly stirred, and comparisons made at various points over the 
range of the instrument. 

Maximum and Minimum Thermometers. — For meteoro- 
logical purposes it is necessary to know the extremes of temperature 
reached over some period — generally a day. Six’s maximum and 
minimum thermometer, Fig. 7*6, is for this purpose. A is a bulb 
filled with alcohol and connected to a second bulb partially fiUed with 
alcohol. The connecting tube is a capillary filled with mercury as 
shown. Two small steel indexes are placed above the mercury in 
E and F. These are supported by small springs. A fall in tempera- 
ture causes the mercury to rise in E, so raising the index C whQst 
leaving D unaltered in position. A rise in temperature causes the 
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mercury in E to fall and in F to rise, so raising D, but leaving C 
in position. This is because the alcohol wets the indexes and 
passes by them, while the mercury does not. The lower ends of 
the indexes C and D give respectively the minimum and maximum 
temperatures to which the instrument has been subjected. The 
temperature scales are not exactly equal, since the mercury EF 
also expands with increase in temperature and affects the scale 
on the left-hand side. 

When these thermometers 
are made the whole instru^ 
ment is cooled down to a 
temperature beyond the lower 
limit of the scale, and the 
bulb on the left-hand limb 
sealed. The result is that 
when the instrument is in use 
there is a pressure above the 
liquid in B equal to the 
saturation pressure of the 
liquid at the appropriate 
temperature, plus the partial 
pressure of the enclos^ air. 

It is vory essential that some 
air should be contained in B 
so that the pressure at any 
point in the liquid in A, or 
the capillary tul^ E attached 
to it, should exceed the satu- 
ration vapour pressure of the 
liquid at the existing tern- W (b) 

perature. For suppose that Fia. 7-6.~(o) Six’s Maximum and Mini- 
the level of the mercury in mum Thermometer, (6) fitted with 

F is below that in E — i.e. electrical device to give audible warning, 

the instrument is at a low 

temperature. If a small bubble were formed in E it would grow 
unless the partial pressure of the air in B is greater than that due to 
a column of mercury equal in height to the difference between the 
mercury levels in E and F. 

It has recently been found that the position of the zero of these 
instruments undergoes considerable changes if the alcohol contains 
acetone. 

Fig. 7’6 {b) shows a thermometer of this type fitted with three plati- 
num contacts as shown connected to a battery and bell. If the 
temperature passes beyond the limits appropriate to the position of 
the contacts, audible warning is given. 

The Beckmann Thermometer. — ^This particular t 3 ^e of ther- 
mometer, which is very frequently used in physical chemistry experi- 
ments to determine the molecular weights of disBolv(3d substances, was 
designed to measure small differences of temperature accurately. In 
order to make an ordinary thermometer sufficiently sensitive for this 
purpose its bulb would have to be large and its stem very long. This 
latter condition is very undesirable since such stems are easily fractured. 
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Now in a Beckmann thermometer Fig. 7-7, the bulb. A, is largo but the 
stem is only of tlie usual length. This thermometer will not record 
actual toinporatures but only differences of temperature. The stem 
ia divided into six divisions each corresponding to 1° C., and each is 
further subdivided into one hundred parts. In order 
to render the instrument useful over a considerable 
range of temperature a small reservoir at B contains « 

mercury which can bo added to that already in the 
bulb, or more mercury can be abstracted from the bulb L 

and left in this reservoir. Suppose, for example, one nu 

wishes to measure small changes of temperature in the |J 

region near to 30® C. ; the thennometer is first inverted jjl 

so that the mercury forms one continuous column. Its uU 

bulb is then placed in a water bath at a few degrees If® 

above this tem^Jerature and the thonnoinetor is gently li f 

tapp(‘d. Tlie mercury column breaks at a point near to | L 

tlio top of the small reservoir, so that when the temptn*- I M 

atur(3 falls to 30° 0. the mercury level should be on I f 

the scale of the thermometer. If this condition has 
not been obtained the above process must be repeated. ||- 
A change in temperature may then be measured in the 
usual way. i 

Strain l^hermometers . — These thermomc'ters which 
are only of historical interest depend upon the fact that 
a heterogeneous body changes its shape considerably 
when subjected to changes in temperature. In one 
form tlirco st«rips of platinum, gold, and silver, respect- 
ively, are made into a single ribbon by passing them 
through a rolling mill. The gold is placed between the 
two otlier metals. The whole is coiled into a spiral 
with the most exjiansible metal [Pt] inside. The spiral 
unwinds itself when its tc^mperaturo is raised, the amount 
of twist being measured by a pointer attached to one 
end of the spiral, the other end being fixed. 

Hot Surface Thermometers. — ^I'o measure the 
temperature of a surface with any degree of accuracy 
is not easy, and yet it often happens that such measure- 
ments are necessary. To measure the temperature of 
a stationary or slowly moving surface the bulb of the 
thermometer is coated with copper and attached to a 
flat piece of copper which lias boon gold-plated so that 
it shall be a poor radiator of heat. This is placed in Beckmann 
contact with the surface whoso temperature is roqum'd Thormo- 
and, since the copper retains any heat imparted to it, meter, 
the temperature indicated is the temperaturi* of the 
surface. For fast-moving surfaces, such as calt'uder rollers in paper- 
making. etc., the copper shoo is arranged so that it just avoids 
contact in order to prevent friction, the distance being approximately 
jJ^th of an inch from the surface of the roller. To effect this 
clearance the shoe carries a cross-piece which is the common axis fur 
two wheels; The outer edges of these wheels are in contact with the 
roller and the diameters of the wlieels are sufiicieiit to effect the 
necessary clearance. 
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' EXAMPLES Vn 

1. — Calculate the boiling-point of water when the barometrio height 
is 74>9 cm. of mercury. IE a thermometer reads 99*2^ G. under these 
conditions, what is the correction to bo applied to it f 

2. — Describe a clinical thermometer, and the procedure you would 
adopt in ordef to check its indications. 

3. — ^Describe a thermometer suitable for measuring the maximum 
and minimum temperatures of a greenhouse. How would you test 
its accuracy ? 



CHAPTER Vm 


THE EXPANSION OF SOLIDS 

The Expansion of Solids. —When a body is heated it usually 
expands, i.e. its volume increases. Substances such as fused silica 
and invar steel expand by only a very small amount when they 
are heated, whereas gases expand much more rapidly when heated 
under constant pressure. The effect of heating a material is 
strikingly shown by hanging a piece of nickel wire, about 0-5 mm. 
in diameter, from a hook and stretching it vertically by means of 
a small weight. An electric current of about 10 amperes is passed 
through the wire so that it becomes red hot. The rapid descent 
of the weight, and its return when the current is broken, is a vivid 
manifestation that such a body expands when heated. 

Let us consider the following : suppose it is required to use the 
expansion of a given rod to construct a centigrade scale of tempera- 
ture. It is unlikely that the scale so constructed will be identical 
with any other centigrade scale of temperature and therefore we 
shall denote temperatures on this scale by To obtain the scale 
wo mea^sure Iq, the length of the rod at the temperature of melting 
ice and Z^qq, its length when it is at the temperature of steam pro- 
duced under a pressure of one standard atmosphere. To do this 
we may have to measure its length when it is in steam produced 
on two different occasions preferably when the pressure is (a) below, 
(b) above that of a standard atmosphere. Then (I^oq — Iq) is the 
expansion of the rod caused by a rise in temperature of 100 degrees 
and when the expansion is Yhf(hoo ~ ^o) we have a rise m tempera- 
ture of one degree. Let be the length of the rod when its tempera- 
ture is then 
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If WO put we have 

h ~ h(^ + 

whore k is known as the coefficient of linear expansion of the 
material of the rod. 

If the length of the rod when its temperature is t on some other 
centigrade scale (e.g. that of mercury-in-glass) is then it is found 
that 

h == ^o(l \-^ + 

and higher terms in t may be added in very accurate work. In 
practice it is found that p is very small and under these circum- 
stances the above equation becomes 

h “ “I" A0» 

i.o. /tf == A, 

and we often write 

/ - ?o(l “f AO, 

where I is the length of the rod at temperature t. Then 

. I- h 

^ ■ V 

Since (2 — 1^)/Iq is a number, the dimensions of A are those 
of the reciprocal of a temperature. This is an important point, 
for it shows that A depends on the scale of temperature adopted 
in any experiment portending to determine X. Thus, if Xq and Xj 
are the coefficients of linear expansion for a given material when 
centigrade and Fahrenheit scales of temperature are used, then 

^ "" loot "" isoif’ 

where I and Iq are the lengths of the rod at the temperatures of 
steam produced under standard conditions and of melting ice 
respectively. Hence 

Ajr == ?Ao* 

In exactly the same way the volume expansion of a substance 
between the temperatures of melting icc and that of steam pro- 
duced under a pressure of one standard atmosphere may be used 
to construct a centigrade scale of temperature when we should 
have 

= »o(l + 

where rj is the coefficient of cubical expansion of the substance. 
Using some other centigrade scale of temperature we should find 
~ 
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and in practice ^ — >• 0, so that ol = rj. We then have 

V = Vq{1 + oit). 

[The coefficient of linear expansion at a given temperature t 
of a substance in the form of a rod whose length is I at the tem- 
perature ty is 

1 (U 

vde 

and this must be calculated Avhen the relation between I and i 
has been found experimentally. 

Similarly, the coefficient of volume expansion is 

1 ^.1 

V * (ft J 

If a unit cube, i.c. a cube whose edge is 1 cm., of an isotropic 
solid material is heated 1° C. each edge becomes (1 X) in length, 
where X is the coefficient of linear expansion. Under these con- 
ditions the original volume of 1 cm.® will have become (1 Pt)® cm.® 
and this is etjual to 1 + 3A 3A® + A®. Now, since X is small, 
A® and A® will be much smaller ; it is therefore justifiable to neglect 
them, so that the final volume — Id- 3A. From this it is seen 
that the increase in volume is 3A for a rise in temperature of 1® C., 
and this has been styled the coefficient of volume expansion : 
hence the coefficient of volume expansion of an isotropic solid 
material is equal to three times the coefficient of linear expansion. 

Determination of the Coefficient of Linear Expansion of a 
Metal in the Form of a Tube. — ^The apparatus consists of a brass 
tube, AB, Fig, 8d, about 1 metre long and 0*6 ora. dia- 
meter. A brass collar about 0*5 om. long is soldered near 
each end of the tube. A small steel ball-bearing is soldered 
to the collar near B, whilst a needle-point is similarly attached 


Steam 


D 


Pio. 8*1. 


to the collar near A. Two brass plates are then screwed to a 
wooden board CD. The plate at D has a small cavity to receive 
the sphere while the needle-point rests on a second plate near C. 
A stream of cold water is passed through the tube, the temperature 
of which is observed with the aid of a calibrated thermometer. 
While the sphere rests in its socket a scratch is made by the pointer 
on the piece of brass below it. The water supply is turned ofiF, the 
thermometer removed, and a copious supply of steam passed 
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through the tube. During this procedure the brass tube AB is 
placed at a distance of several feet from the board so that the 
distance between the two plates on CD does not alter. The tem- 
perature of the tube having been ascertained from observations of 
the barometric pressure, the tube is supported by dusters and the 
sphere B placed in the socket provided for it. A second scratch 
is then made on the plate at G. This plate is removed and the 
distance between the two scratches measured with a vernier micro- 
scope. Let Al be this distance ; let be the length of the tube at its 
initial temperature If the steam temperature is we have 

l\ ~ (1 “1“ and -j- Al ~ (1 4“ 


Whence 


[t __ 1 + 

h 1 + 


BO that A may be calculated. X is sometimes called the zero 
coefficient of linear expansion to distinguish it from \ the mean 
coefficient of linear expansion between temperatures and 
which is defined by the equation 


= 


hih -\y 


[cf. p. 171]. 


The student should convince himself of the reality of the difference 
between these two coefficients by performing such an experiment 
and making the appropriate calculations. 



Fio. 8-2. — Optical Lever Method of 
measuring the Expansion of a Rod of 
Metal. 


The Optical Lever: 
Determination of the 
Coefficient of Linear Ex- 
pansion of the Material of 
a Rod. — ^The optical lever, 
as here used, consists of a 
small triangular piece of brass 
provided with three short 
legs at its comers, and having 
a plane mirror at right-angles 
to its base — Fig. 8-2 (a). To 
use the lever to measure the 
expansion of a rod duo to a 
change in temperature, the 
latter is mounted vertically 
in a glass tube through which 
steam may be passed. The 
lower end of the rod rests on 
a brass plate, while one leg 
of the optical lever rests in a 
small indentation on the top 
of the rod — of. Fig. 8*2 (5). 
The other legs rest on a brass 
plate, 0. T is a telescope, 
and S a vortical scale in cm., 
etc., these being arranged on 
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a oommon normal to the mirror so that an image of the sccde is 
sharply focussed on the orosswires of the telescope. 

The particular division on S whose image is on the cross-wires is 
noted when the rod has been loft for some time at room temperature, 
08 observed by means of a thermometer. Steam is then passed 
through the tube surrounding the rod (the temperature, being 
deduct from the barometer reading) ; the rod expands and the 
mirror is tilted. When steady conchtions have been obtained, the 
scale reading seen on the cross-wires is noted. If Al is the actual 
expansion of the rod, the angle of tilt of the lever is Al/a^ where a 
is the distance indicated. Suppose that d is the difference of the 
readings as observed by T. If b is the distance of the scale from the 
mirror, then 



since if a mirror rotates through an angle 6, a ray of light incident 
upon it rotates through 2B [cf. p. 347]. 

If the length of the rod is measured, the zero coefficient of expansion 
for the material of the rod may be deduced from the equation 

1% li "f" A^ 1 -4" Afj 

where the symbols have their usual meanings. 

To check the value so obtained, and see that the apparatus has not 
been disturbed, it should be allowed to cool to room temperature 
and the scale reading seen in T compared with that obtained originally. 

The Comparator Method. — ^This method was designed by the 
International Committee of Weights and Measures at Paris for the 
purpose of comparing the length of any metre scale at various 
temperatures, with that of a standard metre maintained at con- 
stant temperature. Two massive stone pillars carry vertical micro- 
scopes, Fig. 8*3, each fitted with a micrometer eye-piece, the distance 
between the microscopes being approximately one metre. The stan- 
dard metre is placed in one trough and the scale under examination 
placed parallel to the standard in a second trough. To assist in 
maintaining the bars at constant temperature the troughs are 
double-walled, the bars being placed in the inner compsurtments, 
and water from thermostats circulates between the walls of these 
troughs. The temperatures of the baths are given by carefully 
calibrated thermometers, efficient stirrers being employed to main- 
tain a uniform temperature in each trough. The two troughs rest 
on wheels so that they may be moved along rails supported on a 
mass of concrete. In this way, first the standard metre, and then 
the other, is brought under the microscopes. 

When the standard metre is below the microscopes these are 
displaced laterally so that the images of the fiducial marks on the 
bar coincide with the cross-wires in the eye-pieces of the micro- 
meters. These will be called the * zero positions ’ of the micrometers. 
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The distance between the cross-wires is then 1 metre provided that 
the axes of the microscopes are vertical and the surface of the bar is 
horizontal. The experimental bar is then placed in the above 
position and the shift given to each micrometer to establish coinci- 
dence between the image of each mark on the bar and the cross- 
wires of the microscope through which it is observed recorded. 
Let these shifts be ao cm. and Pq cm. respectively : these quantities 
are considered positive if the microscopes have to be moved out- 
wards. The distance between the marks on the bar is therefore 

(100 + 00 + Po) cm. = Iq cm. (say). 

The temperature of this bar is then altered to f by varying the 
temperature of the water flowing round the trough in which it is 







Fig. 8*3. — Comparator Method for Measuring the Linear Expansion 

of Rods. 


situated. Let the shifts given to the micrometers measured from 
their zero positions to re-establish ‘ coincidence ’ be o^ cm. and 
P^ cm. respectively. Then 1^ ^ (100 + o^ + p^) and the coefficient 
of linear expansion for the material of the bar may be deduced 
for = Zo(l+A0, or 

. ^ (od - O'o) + (fit —fit)) 

(iOO + ao + )8o^* ■ 

BefcNTO doing this, however, the standard metro should again be 
brought below the microscopes to see whether the positions of the 
pillars bearing the microscopes have varied ; if they have a 
correction must be applied. 

Example . — A certain distance measured by a scale in cm., etc«, is 
H em. The tempmtture of the scale is ^2** the scale had been 

divided correctly at C.» what is the true value of the distance ? 
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At 0. each division is 1 om. long, 

i.e. 1 « Io(l + ^i) 
where X is the coefficient of linear expansion for the material of the rod 
and ^0 is the distance between two consecutive cm. marks at 0 ^ C. 

At < 0 ^ C. the distance between two consecutive cm. marks is 

*.{1 + A *,) = ^ 

Hence the distance required is H [1 4 > X(t^ — fi)] cm. 

Some Consequences of Expansion. — Industry often makes use 
of the expansion of metals. The iron tyres of cart-wheels are fitted 
while they are red hot ; when cold, their grip is considerably 
increased. The barrel of a gun consists of coaxial cylinders, the 
outer ones of wHioh are in turn shrunk on to the remainder. 
Greater resistance to shock is thus obtained. 

The rate of working of chronometers and watches is controlled 
by the oscillation of a balance wheel under the influence of a 
' hair spring.’ An increase in the diameter of the wheel causes 



(a) Bimetollio Balance Wheel. 



Fio 8*4. 


(6) Monometallic Balance Wheel 
(not cut). 


it to oscillate more slowly, while an increase in stiffness of the 
spring makes the wheel oscillate more quickly. Now a rise in 
temperature increases the diameter of the wheel but reduces the 
rigidity of the spring, both of which tend to augment the periodic 
time of the wheel, i.e. the chronometer ' loses.’ To compensate 
for this the rim of the wheel is constructed in at least two parts 
brass and steel frequently being used — ^Fig, 8*4 (a). The more 
expansible metal [brass] is placed on the outside so that a rise 
in temperature causes the section to curl inwards whereby the 
effective diameter is reduced. 
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Recent work by Oould, in America, has shown that the above 
type of balance wheel may be more than effectively replaced by 
those made from ‘elinvar’, a nickel-steel alloy, 
whose coefficient of linear expansion is small — 
Fig. 8*4 (b). Moreover, the hair spring should also 
be constructed from this same material, since its 
elastic properties are practically unafTeoted by 
changes m temperature. Other advantages of 
using elinvar will be mentioned later. 

Pendulums of invariable length, and therefore 
constant periodic time, were first constructed by 
Harrison. The manner in which this was accom- 
plished will be gathered from Fig. 8*6. Five rods of 
steel were used in conjunction with four brass ones. 
When the whole is suspended from a fixed support 
any expansion of the steel rods increases the 
length of the pendulum, while that of the brass 
reduces it. For the compensation to be complete 
the expansion due to three steel rods, plus that of 
the short piece from S to the cross-piece, must be 
equal to that of two brass ones owing to the par- 
ticular arrangement adopted. 

Invar Steel. — ^About thirty years ago M. Guillaume 
discovered an alloy of steel and nickel [36 per cent. Ni] 
whoso coefficient of expansion is very small. This 
particular alloy is known as Invar. It has been used 
in tho construction of invariable pendulums, and for 
surveyors* tapes. These tapes may be calibrated at 
the National Physical Laboratory whore they are im- 
mersed in a long trough through which water at a 
known temperature passes. A comparator method is 
used for measuring tho length of the tape. When invar was first 
discovered it was thought that it would be a suitable material from 
which to construct standards of length. Recent work at the National 
Physical Laboratorj% however, has revealed the fact that invar con- 
tinues to ‘ grow * for many years after it has been manufactured ; it is 
therefore not suitable for this purpose. 

An artificially aged ^ metre bar has been kept under observation at 
tho National Physical Laboratory for thirty years. In that period it 
has increased by 0*025 mm., and is still increasing at the rate of about 
0*00025 mm. per anniun. 

Some years ago a new alloy described as * stable ’ invar was intro- 
duced, but a four-metre bar of this material has been imder observa- 
tion since 1 926 and in nine years has increased by 0*022 mm. Recently, 
the National Research Council of Canada has reported that a one- 
metre scale of on alloy known as ' Fixinvar * has contracted by 
0*0009 mm. in nine months. 

^ The early growth of invar steel may be aooelerated by a process of arti- 
ficial ageing and this improves the subsequent stability. 



Fio. 8*5. — 
Harrison's 
Com p e n - 
sated Pen- 
dulum. 
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EXAMPLES Vra 

1. — ^A glass rod is 2*1606 metre, long at 0^ G. and 2*1624 at 117 ^ C. 
What is its mean coefficient of linear expansion between these tem- 
peratures T 

2. — Deduce the relationship between the coefficients of linear and 
volume expansion with temperature. Explain how to determine the 
coefficient of expansion of a liquid by weighing a solid of known expcm- 
sibility in it. 

3. — How would you proceed in order to test the accuracy of the state- 
ment — * the coefficient of linear expansion of brass is 0*000020 deg.-^ C.’ ? 
A simple pendulum consists of a bob suspended by a fine brass wire. 
The pendulum makes 3,600 vibrations per hour when the temperature 
is [16° C. Calculate what the period of the pendulum would be if the 
temperature fell to — 6® 0. 

4. — ^The relation between the volume and temperature of a substance 
is expressed by the equation 

V| = Vo[l -f 0 000172 t + 0*0000021 

Calculate the mean coefficient of expansion between 0^ C. and 100^ C. 
and the coefficient of expansion at 60*^ C. 



CHAPTER IX 

THE EXPANSION OP LIQUIDS AND GASES 

The Expansion of Liquids. — Since a liquid has no definite shape 
of its own, but assumes that of the vessel in which it is contained, we 
cannot speak of its linear expansion but only of its volume expansion. 
When a liquid in a graduated container expands, the expansion 
observed is the expansion of the liquid together with that of the 
containing vessel — it is termed the apparent expansion as distinct 
from the real expansion of the liquid itself. 

Experiment , — A flask and vortical tub© leading from it are filled 
with coloured water so that the liquid stands about half-way up the 
tube. The fiask is plunged into boiling water, when it is foimd that 
the level of the liquid in the tube falls temporarily, after which it 
rises. The fall is due to the sudden expansion of the glass before the 
liquid has had time to become heated. This experiment proves quite 
definitely that the expemsion of a liquid is influenced by that of the 
container. 

The Coefficient of Apparent Expansion of a Liquid. — Imagitie 
that A, Fig. 9-1, is a vessel completely filled at ti° with liquid ; B 
represents the same vessel at f,®. The vessel is now a little larger, but 
it is filled with liquid. C represents the state of affairs when the liquid 
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remaining in B and the vessel have cooled to fj®. Let w, be the 
mass of liquid in A at ii°, while m, is the mass left in B, i.e. the mass 
filling the vessel at f,®. Then a mass — wig has been expelled. 
A brief glance at the diagram shows that it is a mass of liquid m, 
at temperature which has expanded and driven out a mass 
wit ■— *»! when the temperature was raised. The mass driven out 
is proportional to the change in volume of a volume represented 

170 
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by a mass m,. Since the change in temperature was <» — <i it 
follows that the mean coefScient of apparent expansion between 
these temperatures is 

Ml — m, 

The Absolute Coefficient of Expansion of a Liquid. — ^This 
coefficient is detennined from observations on the density of the 
liquid at different temperatures. If p is the density, and v the 
specific volume, i.e. the volume of one gram of substance, 

_ mass _ 1 ^ 

^ volume ~ V 

Hence, when the temperature is 0® C., po == similarly, at <®C., 

Pi . But Vi Vq (1 -f- where a is the mean absolute coeffi- 
cient of cubical expansion over a range in temperature from 0® 0. 
to C. Hence 

, '’-5 = ^ . v,(l + ert) = (1 + al). 

Pi ^0 

Hence, if the density of the liquid is measured at each of two 
temperatures, a may be deduced. 

Note on the Mean Coefficient of Expansion. — The coefficient 
of volume expansion at a temperature t is defined by the equation 

^Idv 
^ V dt' 

Hence ix, the mean coefficient of expansion between temperatures 
and is given hy 



This equation is exact, but if we write — == I 4- and 

^ Vi 

expand the logarithm as a series we have 

Vy \ Vy ) 

Hence, neglecting terms in 

5 ^ 3-y.y = /a _ i\— 1— 

^i(^2 "" W \Pa /(^a 

where p, as usual, denotes density. 


and higher, we have 

7 )’ 
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Now a better approximation is obtained by using the series 

when as = (<>» *’i) neglecting only terms in as® and 

higher, we have 

__ _»* — »i 

“ i(»x +"»,)(#, - <1) 

^ / Pi-P t\ 2 __ 

\Pi H“ P2) (^2 ““ ^1) 

Indirect Determination op the Absolute Coefficient of 
Expansion of Liquids 

The Weight Thermometer or Dilatometer. — ^The weight 
(or better mass) dilatometer is generally used for determining the 
absolute coefficient of expansion of a liquid indirectly — the method 
is an indirect one since a correction involving a knowledge of the 
coefficient of volume expansion of the material of the envelope 
or vessel (usually glass) containing the liquid has to be applied. The 
weight thermometer consists of a cylindrical bulb drawn out at one 
end into a fine capillary (but with thick walls), this latter being 
bent twice at right angles. The mass of the instrument is first 
found and it is then filled with liquid. This is done by heating 
the bulb gently on all sides to expel some air, allowing it to cool 
with its open end under the liquid, when some liquid is drawn into 
the bulb, and then proceeding as in the experiment when a mercury 
thermometer was constructed. When filled, the instrument is 
placed in melting ice, its neck still being immersed in a small reservoir 
containing the liquid. The dilatometer is removed after ten 
minutes, when we may assume that its temperature is that of 
melting ice, and its mass determined after its surface has been dried. 
To prevent a loss of liquid during the weighing operations a small 
glass receptacle of known mass may be attached below the neck 
of the instrument and the whole weighed together. The dilatometer 
is then placed in a beaker containing water or some other liquid 
at a constant known temperature ; after ten minutes immersion 
its mass is determined when it is cold and its exterior dry. 

Let V be the volume of the vessel and y the mean coefficient of 
volume expansion of its material over the range of temperature 
employed. Let m be the mass of the liquid in the dilatometer and 
let i be the increase in temperature. Let p be the density of the 
liquid. Suffixes denote corresponding values of these variables at 
different temperatures. 
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Then 

Vgpi = 

= m,. 

But V, = Vo (1 + yt), and p^ = ^ . 

X “p Ctl 

Hence 

^0 ^opo(J- qQ 1 4~ 

Vopo(l + yt) ““ 1 + y< 


or 


a = . !!Lov 

W(< 


Since y is very small and is approximately the same as the 
above equation may be written 


a = 


nio — nit 

mjt 


+ r- 


We have seen that the fraction ^ which represents the mass 

nit* 

expelled divided by the product of the tnass left in and the rise 
in temperature, is the apparent or relative coefficient of expansion 
of the liquid in glass ; hence we have proved that the absolute 
coefficient of expansion = the apparent coefficient of expansion + 
the coefficient of volume expansion of the material of the containing 
vessel. 

The above method is, as here described, not a precision method 
since the temperature of the exposed stem is not the same as that 
of the beaker and it is difficult to estimate the necessary correction. 
Moreover, we have to assume that the expansion of glass is the same 
in all directions when calculating the volume expansion of glass from 
the linear coefficient. Actually, glass is a very anisotropic sub- 
stance, i.e. its properties are not the same in all directions. How- 
ever, the method can be made a precision one, but the details do 
not ooncem us here. 


The Volume Dilatometer. — ^This method of determining the 
absolute expansion of a liquid has one advantage over that just de- 
scribed, viz. the correction for stem exposure is zero since the whole 
of the instrument can be raised to one and the same temperature. In 
addition, although the dilatometer may bo filled by alternately heating 
and cooling, it may also be filled by a method in which the liquid is 
not heated, an expedient which is very desirable when dealing .with 
inflammable Uquids or a liquid which decomposes on heating to high 
temperatures. The dilatometer consists of a bulb, B, Fig. 9*2, having 
a graduated capillary CD attached to it ; at D this opens out into a 
wider tube to receive any liquid if occasion arises. To fill the instru- 
ment it is fitted through a cork as indicated in Fig. 9*2. The liquid to 
be introduced into the bulb is contained in a wide tube, F, projecting 
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from the side of E into wliich the cork is inserted. A second tube. A, 
passing through the cork allows the apparatus to bo connected to a 
vacuum pump so that it may be exhausted. The tap in A is then 
closed and the apparatus inverted. When air is slowly admitted the 
liquid is forced into the bulb B. 

Before the expansion of the liquid can be foimd it is necessary to 
know the volumes of the various portions of the dilatometer. Lot 
be the mass of mercury required to fill the instrument to the m-th 
division on the stem when all is at 0° C. Let Mn have a similar meaning. 
Then the volume from one scale division to the next is 



(M»t - Mn) -r (m — n)po» 

if the stem is of uniform bore 
and po is the density of inercurv 
{Mm ~ Mn) 


at Oft C. Let x 


N 


_ (- « 
ift \m — n/ 


Then the volume of the dilate- 
meter up to the zero mark at 
0° C. is 

Po 

Let us assume that when the 
instrument contains the liquid 
under investigation that it is 
filled to the p-th division at 
0® C. Then the volume of the 
liquid at this temperature is 


Pa \7n — n/ 


Po 

At C., when the liquid extends 
to the ^-th division, the volume 
of the dilatometer to this mark 
and therefore of the liquid at 
this temperature is 


-h yt] 




Lpo 

\m — n/ J 


where Jy is {the [coefficient of 

volume expansion of glass. The 
absolute .coefficient of expansion of the liquid, a, is therefore expressed 

+ >") - K' + + -i 

since, in genered, 

Yt = Vod +a«). 


Expansion of a Liquid by Hydrostatic Methods.— (a) One 
method depends upon measurements of the apparent loss in 
mass when a body is suspended in a liquid. In order to increase 
the ratio of this apparent loss in mass to the actual mass of the 
body or sinker, it should bo large and have a small mean density. 
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Such a sinker is indicated in Fig. 9*3. It consists of a her- 
metically sealed glass bulb weighted with mercury or lead shot so 
that it just sinks in the liquid under investigation. A hook is 
provided with which to suspend the sinker from the pan of a balance. 
Let M be the mass of the sinker in air, the mass in water at 
initial temperature [The liquid may conveniently be placed in 
a wide-mouthed Dewar flask and well stirred before observations 
are made. Changes in temperature will then be very small.] Then 

M — iWi = mass of liquid displaced = Vjp,, 

where V, is the volume of the bulb and there- 
fore of the liquid displaced, and pi is the 
density of the liquid at (j. 

Similarly, 

M - m, = V.P, = Vi[l + y(<, - «,)] p,. 
where y is the coefficient of volume expansion 
of glass. [Strictly speaking y is not the co- 
efficient of volume expansion of glass defined 
in terms of an initial temperature 0® C., but 
for ordinary work the correction on this ac- 
count is unimportant.] 

Let a the mean coefficient of expansion of the liquid over 
the range — <i. 



Then 




^l(^2 ' ' fl) 







(h 


1 pi 

oLm 


M — Wi 


m. 


{1 -f- y(t2 - h)}- -i 




A more accurate value of a, as deiincil on p, 172, is given by 


M — ftii (M — mg) 

^ + yh 1 _+ yh _ 2 

“ ' M — mi M_— m, ■ (fj — <,)’ 

l yti l + y\ 

and if yt 0, the above expression may be simplified in the usual 
way. 

(6) A second method consists in floating at two temperatures a 
hydrometer of known mass and expansibility in the liquid. If 
Vj and Vg are the volumes of the instrument at temperatures ti 
and respectively, p the coefficient of volume expansion of its 
material, pi and p, the densities of the liquid at these same tem- 
peratures, nil and the masses required to sink the hydrometer 
to the same fiducial mark in each instance, then 


M + = V,pi, 

M -f m, = = VJl + P(U ~ t,)]pr 


and 
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Then, a, the mean coefficient of expansion over the range of 
temperature to is given by 


5 = . .*’8 - •’i. = /a _ 

Vi(<a t\i )\h — 


DiiifiCT Determination ov the Coeffioient of Absolute 
E xPANsioi^ OF A Liquid 

The Method of Balancing Columns. — ^The methods hitherto 
discussed for determining the coefficient of expansion of a liquid 

all suffer from the defect 
that they involve a know- 
ledge of the expansion of 
the material of the con- 
taining vessel. Dulonq 
and Petit, about 1816, 
first developed a method 
for determining the co- 
efficient of expansion of a 
liquid directly, i.e. a know- 
ledge of the expansion of 
the material of the vessel 
was not involved. The 
principle is to compare 
directly the densities of the 
liquid at two tempera- 
tures between which the 
mean coefficient of ex- 
pansion is required. The 
liquid was placed in a 
U-tube, ABCD, Fig, 9*4, 
one limb of which was 
kept cool (in melting ice) while the other was maintained at the 
desired temperature (steam).^ Each limb was about 55 cm. 
long. 

Let /o and i be the temperatures of the cold and hot limbs respect- 



Fio. 0*4. — Principle of Dulong and Petit’s 
Apparatus for Determining Directly the 
Expansion of Mercury. 


1 Actually, by using heated liquids in the vessel surrounding AB, a series of 
results was obtained, the temperature of the hot bath being given by an air 
thermometer. 
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ively. Then, when equilibrium has been reached, a column of 
liquid at balances a column of the same liquid at /. K 77 is the 
atmospheric pressure i, that at B is 77 + At C it is 

77 + gpffiq. Since these are equal 


^Poffo = gptH^. 

~ = 1 + a«, 

Pi 


or 


a 




Hence, if and are determined experimentally (by means 
of a oaihetometer), a value for a may be deduced. 

Strictly speaking, in this experiment, equilibrium is never 
established, for, on account of density differences in the liquid, 
there wiU always be two feeble currents in the cross-tube — an upper 
one from the hot limb to the cold one, and a lower one in the 
opposite direction. At the level of the axis of the tube a state of 
equilibrium may be considered to exist, and it is for this reason 
that the heights 77o and Hg were measured from the axis of the 
cross-tube. To reduce the effects just referred to, the cross- tube 
is made narrow. 

To emphasize the fundamental principles of this method of 
measuring the coeiBcient of expansion of a liquid the design of the 
above apparatus has been kept as simple as possible. For example, 
it has been assumed that the hot limb was enclosed in a vapour 
bath. Actually, it was placed in a copper vessel containing oil ; 
this was heated by a furnace. Moreover, the temperature of the 
hot limb was measured by an air thermometer and by a weight 
thermometer. Consistent results were only obtained with the 
former, so that the indications of the weight thermometer were 
discarded. 

This simple form of Dulong and Petit’s apparatus is open to the 
criticisms that the temperature of the liquid in either limb was not 
constant, and that (Hg ~ H^) was not determined directly. It is 
desirable to do this since the accuracy of the final result depends 
chiefly on the accuracy with which (Hg — ffo) is determined. The 
apparatus was improved by Dulong and Petit themselves, also by 
Beqnault, and by Callbndab and Moss. The work of these; last 
three investigators will now be described. 

Regnault’s Apparatus. — ^The apparatus shown in Fig. 9-6 is 
a schematic representation of Regnault’s. The tubes AB and CD, 


^Expressed in- the same unite as g^H, 



HBAT 


178 

each 1*5 metres long, were connected by a horizontal tube AC, the 
connecting tube BD being bent to form a U-tube. The whole 
circuit was filled with mercury except for a small region in the 
U-tube, which was connected to an air pump, thus enabling the 


pressure m it to bo increased 



of Mercury. 

IN,B. No thonfnomoters are needed if 
ilio " cold ’ baths contain melting ico and 
the ‘ hot ’ bath is at tho temperaturo of 
steam produced at atmospheric pressure.] 

equal to the pressure of the air in 
pressure at M 


I mercury was just about to escape 
from the hole K. CD was 
surrounded by melting ice, 
whilst AB was immersed in 
j|: an oil bath, tho temperature 

1 of which was taken by means 

i of an air thermometer P, the 

; bulb of which extended almost 

I from the top to the bottom 

I of the bath. From observa- 

i tions on the heights Ho, 

^ 0 , and Aq', the coefficient of 
j absolute expansion was cal- 

culated. If C. is the 
temperature of the hot 
column and 0 ° C. tho temper- 
ature at ever^" other point, 
the pressure at M, duo to the 
mercury in AB, and tho 
atmospheric pressure, Zf, is 
n + gpi&t — where g 
is the acceleration due to 
gravity, and and po are the 
densities of the mercury at the 
two temperatures. Similarly, 
the pressure at N is /7 + 
gpQ (Ho — Aq), and this must be 
MGHN, and hence to the 


• • po(y 0 ~ Aq) =-pj H| — PqAq', 
or Po(Ho — Aq 4 Aq') = pjH|. 

• P® Hi , , . 

••ft + 

Now Hq, H^, and (Aq — Aq') = riA (say), are the three heights 
actually measured. 

Hence 


He -- Ho + Ah 
(Ho- jA)f * 
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Callendar and Moss* Apparatus.^ — ^Two vertical tubes, ^ AB, 
A'B', Fig. 9‘6 (a), each nearly two metres long, were bent twice at 
right angles so that the poi-tions BC, B'C', were horizontal. The tube 
AA' was made narrow to diminish the circulation of mercury from 
one vertical tube to the other. A mechanically driven paddle 
forced water, cooled to 0° C. 
by ice round M, through the 
wide tube surrounding AB. 

A'B' was surrounded by an 
oil bath heated by an electric 
current passing through the 
loop of wire Q, which was 
made in the form indicated 
to distribute the heat energy 
in the bath . A second paddle 
R caused this oil to circulate 
steadily round A'B'. The 
temperatures of the baths 
were indicatc<| by platinum 
thermometers P and P' the 
bulbs of which extended the 
whole length of the baths, 
so that the moan temper- 
ature of each bath was 
known accurately. The 
tubes CD and C'D' were also 
at 0° C. Special precautions 
were taken to keep the por- 
tions of the tubes strictly hori- 
zontal where they emerged 
from the baths. To prevent 
the conduction of heat along 
the horizontal tubes each 
array of tubes was silver- 
soldered to a brass block 
through which ice-cold water passed — cf. Fig. 9*6 (6). The lieights 
of the longer columns were measured with steel tapes, carefully 
calibrated, while the difference, D'D, was measured with the aid 

* The essential features only are dosoribed. Moreover it is ansumed ^that 
the temperature is 0** C. at all points except in the hot bath. Actually this 
was not so, but the oorreotions are too involved to be Considered here. 

^ AotuoUy there were six pairs of hot and cold columns placed in series. 
Successive columns were alternately hot and cold. The difference of level 
measured, DD', was then six times that due to a single pair of hot and cold 
columns. This difference amounted to about 20 cm. 


(b) 








. r 


T)l 



Fio. 9>6. — Apparatus for Investigating 
the Expansion of Mercury (Callendar 
and Mobs). 
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of a cathetometer. This consists of a horizontal telescope, having 
cross-wires in the eye-piece, and moving up and down a vertical 
graduated bar. 

Let H| and Ho be the lengths of A"B' and AB at temperatures 

and 0® respectively. Let fto and be the lengths CD and C'D' 
when both these columns are at 0®. If and po are the densities 
of mercury at <® and 0® respectively, the pressures at A and A' are 
n + grpoAo + and 77 + gptiK + where 77 is the 
atmospheric pressure. Hence 

Po(Ho + ^o) = p^i + Po^o^ 

. h,-h, + (V-a.) 

•• “ ~ (fe. - V)]t ■ 

If we call Aq' — Ao> l^be difference in levels DD', which was actually 
measured, Ahy 

H, ^ Ho + Ah 
“■■■ (VLo-Ah)t • 

Callendar found that the mean value of a between 0® C. and 100® C. 
was l*82xl0~’*deg.“^C., and that a increased as the temperature 
increased. 

The Anomalous Expansion of Water. — Water has a maximum 
density at about 4® 0., a fact which shows that the expansion of 
water with rise of temperature is anomalous, i.e. water at 4®C. 
expands when it cools. To determine the temperature at which 
water has a maximum density Hope (1805) devised and carried 
out an experiment on the following lines. A, Fig, 9*7 (a), is 
a metal vessel, narrower at the central region than elsewhere. 
The central portion may be surrounded by a mixture of ice and salt 
at a temperature of about — 6® C. The upper section of the appar- 
atus is coated with a thick layer of paraffin wax, B, while the lower 
portion is fitted with a Dewar fiask, C. These are necessary to 
diminish the exchange of heat between the water, which is placed 
in the apparatus, and the external surroundings, except where 
the water is being cooled by the mixture in the trough, D. E is a 
thick piece of glass provided with two apertures through which 
pass two mercury thermometers F and K. This latter thermo- 
meter is constructed so that its zero mark is just outside the 
apparatus ; it has a working range of about 20® C. 

Initially the apparatus is filled with water at about 10® 0. Before 
the annular trough is filled with the cooling mixture the reading of 
the upper thermometer will be slightly in excess of that of the 
lower one, for the warmer and therefore less dense portions of 
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the water are on top. When the nfixtuie is applied the temperature 
of the water in the lower parts of the apparatus will begin to fall, 
at first slowly, but then more rapidly, and finally more slowly, 
until it is 4^ C. Meanwhile, the water in the upper parts of the 
apparatus is cooled by the process of conduction, for heat flows 
downwards from this water to that surrounded by the freezing 
mixture in 1), and warmed by heat received from the surroundings. 
The upper thermometer indicates the resultant efiect. The cooling 
in the lower parts has been brought about by convection. 



After this stage has been reached the water in the central region 
becomes cooled to 0"^ 0., but it does not rise, since water at a tem- 
perature between 0^ C. and 4? C, has a density greater than that at 
about 10° C., which is still practically the temperature in the 
upper portions of the apparatus. More heat is then abstracted 
from the water near the centre, ice crystals are formed, and these 
rise. The water in the upper parts is cooled by the crystals as they 
melt until the temperature is reduced to 0°C. More ice crystals 
are then formed and these collect at the top, forming a layer of 
ice. The temperature indicated by the lower thermometer remains 
4°C., although it tends to fall — due to heat lost by conduction. 

If the temperatures of the two portions of water are plotted 
against time, curves simUar to those shown in Fig. 9*7 (6) are 
obtained. This experiment proves that water has a maximum 
density in the neighbourhood of 4® C. 
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Hope’s Experiment Modified. — ^Dyson has recently dtiscribed 
the following experiinoiit to demonstrate the fact that water has a 
maximum density at 4” C. Tbo modification reverses the usual pro- 
cedure, and works by warming ico-cold water by means of the energy 
dissipated in a small electric heater, A, Fig. 9*8 (a) fixed near the middle 
of a small vessel. This consists of a rectangular vessel 15 cm. X 7 cm. 
X 2*6 cm. Uniform heating of tho surroundings is prevented by a 
poorly conducting covering to the apparatus. The walls are made of 
ebonite sheet about 6 mrii. thick, tho joints being mode water-tight 
with tho aid of Chattertou*s compound. The heating coil is of nichromo 
tape from an old elcjctric iron. Jt is wound on a narrow strip of mica, 
and protected at the back and front by wider mica strips. Tho 
resistance of this coil is about 10 ohms, coil is mounted in a thin- 

wallod copper tube. Tlie procc'duro is to fill tho ap[)aratus with ice- 
cold water, 'rhis is loft for a inimito or two, then n'movod, o.nd tho 
whole refilled with ice-cold water. Alter eddy currents have subsided, 
tho current is switched on (0*75 amjxire) and readings of two mercury-iii- 
glass thermometers, l\and Tg, situated as i.ndioated, are noted at half- 



minuto intervals. The water in tho central portion of the apt)m-atu.s 
bc3comes warmed and until its temperature is greabi-T than 4 ’ C. sinks, 
displacing tho water in tho lower part. This occiU'S bocaiiso wat(!r 
between 0° ('. and 4° O. luxs a density greater than that of water at 
0® C. As the heating proceeds, however, tho water in tho central 
region finally attains a tomperature of 4/^ 0., but it does not ris»>, since 
the density of the water in tho superincumbent layers is k'-ss thaji unity. 
No convection currcaits are ])roduccd in tho upper part of tho apparatus 
until the tomperatun^ of the water near to the lioating coil exceeds 
about 8^ C., for then thfj density of the water close to the heating coil 
is loss than that above it, and so convection currents are formed. 
These tend to increase as the heating proceeds. In this argument tho 
effect of the heat exchange between tho apparatus and its surroundings 
has been neglected — in practice this exchange will modify slightly the 
shape of tho ideal curves shown in Fig. 9*8 (5). Tlio advantages of this 
apparatus are that it is quick in action and no froozing mixture is 
required. 

If this experiment wore continued for some time tho ttjinporature of 
the lower thormometcr wouKl rise above 4® 0., owing to heat being 
conducted downwards, but there would then bo no couvc(;tion currents 
in this part of tho apparatus since the water at tho top is always hotter. 
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Further Experiments on the Maximum Density of Water. — 
Joule and Playfaib (1851) investigated the temperature at which 
the density of water is a maximum in the following way, and the 
result they obtained is more reliable than that obtained with 
Hope’s apparatus. Two vessels, A and B, Fig. 9*9, made of tinned 
iron and filled with air-free distilled water, were connected at the 
bottom by a brass pipe, C, and accurately ground stop-cock, D, 
whilst at the top they were 
joined by a rectangular trough, 

E, 6 in. long and 1 in. deep. 

A slide placed in this trougli 
when necessary prevents the 
flow of water fi*om one vessel 
to the other. The cylinders 
themselves were each 6 in. in 
diameter and 4 ft. 6 in. long. 

They were supported in two 
places by moans of wooden 
brackets, Hj, Hj, and hay- 
bands wrappM round the 
vessels prevented the exchange 
of heat between the vessels 
and the surroundings from 
being excessive. To keep the 
apparatus free from vibration, 
it was allowed to rest on a 
support not in contact with 
the floor of the laboratory. 

When the stop-cock D was Fio. 9*9.— -Joule and Playfair’s Appar- 
opened and the slide carefully »tus for investigating the Tempera- 
removed, a flow of water took “ 

place from one vessel to the 

other if there was the least difference between the density of the 
water in the two cylinders. This flow was made manifest by plac- 
ing a hollow glass bead or ball in the iron trough. The mass of 
this bead was such that it only just floated — ‘ a matter of great 
importance, as the slightest buoyancy is accompanied by a certain 
degree of capillary attraction, and makes the ball liable to adhere 
to the sides of the trough,* The temperatures were determined 
with the aid of mercury thermometers, sufficiently sensitive to 
detect changes in temperature of less than 0*005® C. 

In making an experiment with this apparatus, the stop-cock 
in the connecting tube was closed, the water in each vessel thor- 
oughly stirred ; when it had come to rest, the stop-cock was opened, 
the slide removed, and the motion of the bead observed. If this 
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moved, it indicated that the water in the cylinder towards which 
the bead moved had the greater density. When a pair of different 
temperatures had been found for which the density of the water 
was the same, then one of them must be above and the other below 
the temperature at which water has a maximum density. Joule 
and Pla^air obtained a series of such pairs of temperatures in which 



Fia. 9*10. — 
The Specifio 
Volume o f 
Water. Its 
V ariation 
with Tem- 
perature. 


the temperature difference became smaller and smaller. In this 
way they located the maximum density of water at 3*96® C. 

The variations in the specific volume of water with change in 
temperature have been investigated at the Physikalisch-Technischen 
Rti^sanaiaUt Berlin, where the method of ‘ balancing columns ’ 
was used. The results, confined to the range 0® C. — 40® C., are 
shown in Fig. 9*10. 

The Millilitre. — Originally the kilogram was defined as the mass 
of a cubic decimetre of pure water at the temperature of its maximum 
density (and under a pressure of one standard atmosphere). The 
underlying idea was that there should be a simple relation between 
the unit of mass and the unit of volume. Having agreed to this 
definition several French physicists were entrusted with the work 
of constructing a standard kilogram of platinum. Before the middle 
of the last century it had been definitely established that the 
mass of the above standard was not identical with that qf a cubic 
decimetre of water at 4'’ G. and under a pressure of one standard 
atmosphere. Which mass was to be chosen as the standard ? 
Eventually the platinum standard was adopted, so that the kilo- 
gram is now defined as the mass of a certain lump of platinum- 
iridium (a copy of the original Borda kilogramme), and when 
comparisons with it are being carried out a correction for the 
buoyancy of the air is to be made if the material of the mass to be 
compared is not also platinum-iridium [cf. p. 88]. This choice of 
a unit destroys the simplicity existing in the original definition, 
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the density of water no longer being 1 gm. cm. * ’ at 4° C. and under 
a pressure of one standard atmosphere. The difference is small^ 
but it has to be considered in accurate work dealing with volume 
determinations. Accordingly, the litre is now defined as follows ; 

‘ It is the volume of one kilogram of pure water at the temperature 
of its maximum density and under a pressure of one standard 
atmosphere.’ On this basis 

1 litre s 1000-028 cm.*. 

The litre and millilitre (ml.) are now frequently chosen as the 
units of volume, burettes, flasks, etc., being marked in millilitres and 
fractions thereof. The advantage of this arrangement is that 
simplicity is regained, for the maximum density of water is 
1 gm. ml."i. 

The Correction for Stem Exposure. — Let us now investigate 
the correction to be applied to a mercury thermometer on account 
of stem exposure. Suppose that ^ is the reading of the ther- 
mometer when immersed in a bath whose temperature is n degree 
divisions of the thread being exposed. Let be the mean 
temperature of the exposed column as derived from observations 
on two independent thermometers situated near to it. Now the 
volume corresponding to one degree division may be considered as 
our unit of volume for this particular purpose. If a is the apparent 
coefficient of expansion of mercury in glass, viz. 0-00016 deg.“^C., 
then if the exposed column were heated to it would expand 
na(<a — or for practical purposes na{tf, — t^) since and 
are nearly equal. The corrected temperature is tf, + naitj, — t^). 
[This calculation is of purely academic interest.] 

Example. — U = 260® C., n « 160, and =* 40® C. 

ta «= 260 -f (160 X 0-00016 X 210) = 266-0® C. 

Correction of Barometric Reading for Temperature.— Let 

be the height as measured on the scale whose material has a 
coefficient of linear expansion A. This is not tlie true lujight, since 
if the scale were graduated at C. and used at C., each cm. 
division which is exact at will be [1 4- — ^i)] cm. 

For suppose is the distance between two consecutive cm. marks 
when the temperature is 0® C. Then Ij, the distance between these 
marks at ^j® C., is given by 

= ?o(l + A<i) = 1 cm., 

since it has been assumed that the scale was constructed at this 
temperature. 

Similarly I, = io(l + K,) cm.. 
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where is the distance between the same marks at C. Hence 

*1 "" 1 + K' 

or = [1 + i(<i — <i)] cm. 

This approximation is justified by the fact that X is small and 
ti and are not, in practice, very different from each other. 

The barometnc reading corrected for the fact that the scale is 
used at a temperature different from that at which it was made is 
therefore Hi[l + *“ <i]) = Hf [say]. The pressure is gp^% 

where is the density at C. : we require the height H of a column 
of mercury at 0® C. which would exert this same pressure. If p® 
the density of mercury at 0® C. and a its coefficient of expan- 
sion, H is determined by the equation 
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Fig. 9*11. — Mehmke’s 
Method for roduoing a 
Barornetrio Reading to 
0" C. (for scales on 
brass). 


ffpoH — gp2Hs. 


Since p^ = 
H = 


{l+atS 
HJl + Mt, - k )] 
[1 + oi%] 


Mehmke’s Method for Correcting 
a Barometric Reading for Tempera- 
ture. — ^To determine the corrections to 
be applied to barometer readings for 
temperature, assuming the scales to be 
graduated at 0®C., Mbhmke proceeded 
as follows. Suppose that the observed 
reading is 761 mm. of mercury at 17® 0. 
By means of a straight line join these 
points on the scales A and C shown in 
Fig. 0*11. The intercept on the scale 
B — ^2*1 mm. — ^then gives the amount to 
bo subtracted from the observed height 
in order to reduce the reading to 0® C. 
A device of this sort is known as a 
nomograph. 

Gas Regulators and Thermostats. — 

As the name suggests, a thermostat is a 
source of constant temperature. If a bath 
is lioated by a gas flame the temperature of 
the bath is never constant ; this is because 
the supply of gas varif^s or else draughts 
exist, and these, being of a variable nature, 
cause the heated body to lose thermal energy 
nt different ratfis. The device shown in Fig. 
9*12 is used to regulate the supply of gas, so 
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that whon the temperature tends to fall, more gas is supplied, and 
vice versa. The regulator A is placed inside the bath which is to 
become the thermostat, and gas entering at D 
travels along the path indicated by the arrows 
to the burner. Tho bulb A contains toluol, this 
liquid being chosen on account of its high co- 
efficient of expaTision but otherwisf) constant 
properties. When tho temperature rises beyond 
tho desired limit the expansion of tho toluol 
forces tho mercury upwards and this seals tho 
tube at B ; the screw C is arrangec* to allow 
sullicient gas to flow to tho bumiT through E 
and so prevent complete extinction of the 
flame. The dfisirod tomyiorature is obtained V>y 
altering tho position of tho narrow tube in i>. 

Tho rubber at C must be sufficiently long to 
allow for this manipulation. 




E 


i 


The Thermal Expansion of a Gas at 
Constant Pressure.— Method (i). In an 
earlier section [cf. p. 85] it was shown that 
the volume of a given mass of gas at a con- 
stant temperature depends upon the pressure 
to which it is subjected, so that if we wish to 
investigate how its volume varies with tem- 
perature the pressure inside the apparatus 
must be maintained constant. A convenient 
form of apparatus and a method of filling 
it with di^y air is indicated in Fig. 913. GasRo i 

A glass tube of uniform diameter [about la^or "for Thomo- 
2 mm.] and 40 cm, long having been cleaned, stat. 
dried, and closed at one end [cf. p. 152], is 

attached to a scale graduated in cm., etc. To indroduco a pellet of 
mercury, about 5 cm. long, and situat(*d half-way down the tube, 
and so enclose a quantity of dry air, an arrangement such as 
that indicated in Fig. 9-13 (a) may be adopted. A quantity 
of soda lime is placed in a U-tube and one of its limbs is provided 
with a rubber bung tlirough which passes a glass tube K. This 
is drawn out to a fine capillary. A gentle stream of air is blown 
through this apparatus so that the air in K shall be dry. By means 
of a wide glass tube drawn out to a capillary a pellet of mercury is 
first introduced into tho experimental tube, F. This tube is held in a 
vertical position and most of the air below the pellet removed by in- 
serting the end of the fine capillary below the pellet. The excess pres- 
sure due to the weight of the pellet forces the air below it through 
the capillary. This is then withdrawn and the tube P placed in a 
horizontal position with the end of thecapillary attached to K pro- 
jecting beyond the pellet. P is then slightly raised when the pellet 
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moves slowly down P and dry air is drawn into the tube. This 
operation is repeated several times to dry the walls of P thoroughly. 

When this has been done the tube P is withdrawn and attached 
in a vertical position to S, Fig. 9*13 (b), by means of rubber bands, 
B and C. This is then placed in a metal container and surrounded 
by melting ice. The position of P is adjusted so that the upper end 
of the mercury pellet is visible. The ice is thoroughly stirred and 


when the position of the pellet becomes con- 
stant the temperature of the air in the hibe 
will be 0® C. If the tube is uniform in dia- 
meter the length of that portion occupied 
by the dry air is directly proportional to its 
volume. To determine this length it is not 
desirable to raise the tube from the water 



Fiq. 9*13. — Simple Air Tliermometer. 



to see the lower end of the peUet since the air inside may be 
changed in temperature. This difficulty may be avoided by 
measuring the length of the mercury pellet [the small change in this < 
with temperature being neglected], and observing the position of the 
upper end of the pellet. In addition, if the scale 8 extends beyond 
the open end of the tube, the position of this end should be adjusted 
to some definite mark on the scale before taking observations, 
since the tube may move during the course of the experiment. 

The length of the tube occupied by dry air having thus been 
ascertained at 0® C., the ice is removed and the temperature raised 
to that of steam under the existing atmospheric conditions. This 
is preferably done by jacketing the tube with a wide brass tube 
through which steam is passed. The corresponding length of the 
tube below the pellet is determined. 

Now a,, the coefficient of increase in volume at constant 
pressure $ is defined as the fraction of the volume at the tern- 
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perature of melting ice by which the volume of a given mass 
of gas increases for a rise in temperature of one degree, the 
pressure remaining constant. Hence 

_ increas e in volume at constant preasur e _ 

^ Tolume at the temperature of melting ice x change in temperature 
_ V| — ^0 

Vo 

The above experiment enables Op to be found and it wiU be 
noticed that no thermometer has been used. Strictly speaking, 
dp as here determined, is an ‘ apparent ’ coefficient, but the 
correction for the expansion of the glass is negligible compared with 
the experimental errors. 

The same a2Jj)aratns may now be used to determine the difference 
between a temperature as indicated b}^ a mercury-in-glass thermo- 
meter and by a constant-pressure air thermometer. [It should 
be pointed out that there is no reason at all to suppose that the 
indications ought to be identical.] Thus, to determine this differ- 
ence at about 60'’ C., the tube and mercury thermometer are placed 
in water and the temperature adjusted by passing in steam [or 
otherwise]. When the temjierature is steady, the reading of the 
mercury thermometer and the i)osition of the pellet in the tube 
are noted. Assuming a^, the temperature of the bath is calculated 
and the required differemee deduced. 

Gay Lussao, and later Reqnatjlt, investigated the thermal 
expansion of gases at constant pressure. They found for the 
so-called permanent gases that this coefficient was equal to 
0*00367 or deg.**^ C. This statement is an expression of a law 
generally referred to as Charles’ Law. [The gases hydrogen, 
oxygen, nitrogen, helium, are called permanent since at one time it 
was believed that they could not he liquefied.] 

The Pressure CoefiBclent. — ^If a gas is heated under the con- 
dition that its volume remains constant, the pressure increases. 

The coefficient of increase in pressure at constant volume, 
d^ is defined as the fraction of the pressure at the tempera^ 
ture of melting ice by which the pressure of a given mass of 
gas increases for a rise in temperature of one degree, the 
volume remaining constant. Hence 

Pt = Po (1 + 

If the gas obeys Boyle’s law, it may bo shown theoretically 
that ttp =tt 9 . Let p, V and t be the pressure, volume and temper- 
ature of a given mass of gas, whilst suffixes attached to p and V de- 
note the values of these quantities at different temperatures. If the 
temperature of the gas is increased from 0 ° to f ° while the pressure 
remains constant. 


V, = Vo(l + 


( 1 ) 
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If the temperature of the gas remains at but the pressure is 
increased to until the volume is Vq, then, by Boyle’s law, 


( 2 ) 

Eliminating V| from these equations, we have 
PoVoCl + Opi) = PtV, 

or Po(l + Op^) = ft (8) 

If, however, the volume had remained constant throughout and the 
temperature had been increased from ihe temperature of melting ice 
to then from the definition of oe« 

ft = f>o(l + a^) (4) 

Hence 


a,= a,. 

Experimental Determination of a.* the Pressure Coefficient. 



Fia. 9-] 4. — Apparatus to find av. 


— A convenient laboratory 
method uses the apparatus 
indicated in Fig. 9*14. A 
bulb A, containing dry air, 
is connected by rubber tub- 
ing to a mercury reservoir B. 
The glass tube leading from 
A passes through a cork in 
the bottom of a metal vessel 
D, containing melting ice. G 
is a fiducial mark to which 
the level of the mercury is 
adjusted by raising or lower- 
ing B when the temperature 
of A has been kept constant 
for several minutes by thor- 
oughly stirring the ice mix- 
ture. To determine the differ- 
ence in height h between the 
levels of the mercury at C 
and B, a U-tube is partly 
filled with water and placed 
as shown. The required 
difference is ascertained by 
means of the scale S. If the 
barometric height is known 
the pressure in A may be 
calculated. 

The ice is then removed 


from round A and the temperature raised by passing in steam. 
A finally acquires the steam temperature and after the bulb has 
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been at this temperature for several minutes and the mercury 
brought to 0, the pressure in the apparatus is determined as 
before. Then may be calculated, since 

Pt == Po{l + CLjt). 

Again it should be noticed that oc, has been obtained without 
reference to a mercury thermometer, and the instrument may be 

used to compare the eorreeted reading of a mereiiry-in-glass 
thermometer at a steady temperature with the reading of a constant- 
volume air thermometer at the same tt'mperatnre : or a curve 
could be obtained showing the correction to be applied to a given 
mercury thermometer in order to ol)tain a temx)erature on the gas 
scale. 

[Note : If the mercury in the tube B is at the temperature of 
the mercury in the l)arometer, the lieight h may be added to the 
uncorrected height of the barometer, since the linal calculation 
depends on the ratio of pressures. To deduce f, however, the 
barometer height must be corrected in the usual way.] 

The Absolute Zero of Temperature. — Suxiposo that we try 



Fto. 9*16. — Centigrade Scale of Tomperatnro and the Absolute Zero of 

Temperature, 


to use a knowledge of the expansion of a gas at constant pressure 
in order to construct a scale of temperature. Then Vq, the volume 
of the gas at the temperature of melting ice, and volume 
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of the gas under the same pressure but at the temperature of steam 
produced under standard conditions, have to be determined. If 
these data have been obtained the diagram shown in Fig. 9*15 (a) 
may be constructed. In this, the straight line OP has been made 
ICK) units long, while at O and at P ordinates to represent and 
Vioo have been drawn — these are OA and PB respectively. In 
other words, wo have plotted the points (0, Vq) and (100, Viqq). 
Suppose the points A and B are joined by any arbitrary curve 
such as the one shown dotted. Then this curve could be used to 
construct a scale of temperature. Thus, if the instrument were 
used under such conditions that the volume of air increased to a 
value the pressure remaining constant, then the temperature 
would be obtained by drawing a straight line parallel to the 
temperature axis OP to intersect the curve. For the particular 
curve drawn there would be three points of intersection — state 
of affairs which is utterly absurd since a thermometer cannot be at 
three different temperatures at one and the same time. This 
difficulty could be removed by drawing a simpler form of curve 
so that only one point of intersection would be obtained, but the 
most logical thing to do is to join A and B by a straight line. Then, 
in effect, the increment in volume represented by BD has been 
divided into 100 equal parts, each of which represents a degree 
on the centigrade scale of a gas-thermometer at constant pressure. 
Then, as similarly discussed in detail on p. 161, the volume vq will 
represent a temperature 0 on this scale. It must be borne in mind 
that there is no reason why this temperature should be the same as 
that of a mercury-in-glass thermometer in the same bath as the 
gas-tliermometer — even when all corrections to such a thermometer 
have been applied. 

In actual practice it is seldom possible to obtain on account 
of the atmospheric pressure not being equal to that of a column of 
mercury 76 cm. long, at sea-level in latitude 45'", when its tempera- 
ture is that of melting ice. The corrected barometric height is 
therefore obtained and a value for the steam temperature calculated 
— ^for present purposes it is sufficient to assume that the change in 
the boiling-point of water for one centimetre of mercury change in 
pressure is the same on all centigrade scales, viz. 0*37°. Thus, 
suppose the steam temperature is 99*7° 0. when the experiment with 
the gas-thermometer is made. The diagram shown in Fig. 9*16 (b) 
may then be constructed, and if BA is produced to cut PO in M, 
it will be found that OM represents a temperature of — 273® on 
the constant-pressure gas centigrade scale of temperature. At this 
temperature the volume of the gas would be zero if the gas retained 
its normal properties. It is called the absolute zero of tempera^ 
ture on the above scale. If T^ is the temperature of melting ice 
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on this scale, then Tq = 273® K.^ Any temperature 0® 0. is there- 
fore (To + 0)® K. j 

The convenience of such an absolute scale is at once apparent 
for the volume of a given mass of gas at constant pressure 
is directly proportional to its absolute temperature. This is 
known as Gay-Lussac’s law for a gas at constant pressure. To 
prove this, we have, Vq = Vo(l + oLp.O) 

But Op = so that 

«e = Vo(l+^) = |’(To + e). 

. Vq _Vo‘ _ Vo 

“ To'-^To + O^lV 

Now ill a similar way we may use the increase in pressure of a 
gas heated at constant volume in order to construct another centi- 
grade scale of temperature. Thus if and P 99 . 7 , say, have been 
obtained experimentally, the diagram shown in Fig. 9*15 (c) may 
be constructed. If BA is produced it will be found to cut the 
axis of temperature at — 273® on the constant-volume centigrade 
gas scale. As before, it is easily shown that 

* Po Ps _ Pe 
To ” To + 0 “ 

i.e. the pressure of a given mass of gas at constant volume 
is directly proportional to its absolute temperature. This is 
Gay-Lussao’s law for a gas at constant volume. 

For an ideal gas, which in the above has been assumed to be the 
thermometiic substance, the two absolute zeros are identical. Wo 
shall assume that they are the same for all such gases as air, nitrogen, 
helium, etc. 

The Cbaracteristlc Equation for Gases.— If p is the pressure, 

V the volume, and T the absolute temperature of 1 gm. of gas, then 

pv 

^ = constant == 'X. 

This equation, which is called the characteristic equation for a gas^ 
shows that if T is constant, then pv is constant [Boyle’s law] ; 

on the other hand if v is constant ^ is constant, or if p is constant, 

V 

is constant [Gay-Lussac’s law]. Using c.g.s. units, p is expi'essed 

in dyne.cm.“^ v has the dimensions cm.® gm.“^. Thus pv is 

^ Tlie letter K is used to denote temperatures on cm absolute centigrade 
scale. 
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exjjressed in erg.gm.-^. Consequently the unit for ^ is 
erg.gm.“i K. 

In some calculations it is more convenient to consider the volume 
V of 1 gram-molecule. [A mass of any substance equal to its 
molecular weight in grams is termed a gram-molecule of that 
substance.] The characteristic equation then becomes pY = RT, 
where R == M being the molecular weight of the substance, 
[cf. also p. 109.J R is known as the universal gas constant, 
whereas is the gas constant per gram of gas. 

To calculate the value of R, since 1 mole of a gas occupies 
22,415 cm.-'* at S.T.P., we have 

pV 7(5 X 1:P59 X 08O-(5 X 22415 
” T "" ^ “ 273 2 


/. R == 8*314 X 10’ crg.molc. i deg. i. 

Hence, for oxygen, molecular weight 32, 

= (8*314 X 10’) 32 = 2*598 x W erg.gm. “*deg. i. 

If V is the volume of a mass m of gas, the characteristic equation 
becomes 

pV pY 


This equation is utilized in the construction of a standard gas ther- 
mometer, but before such an apparatus is described its use in a 
numerical example will be demonstrated. 

Example,— Two bulbs of 100 om.* and 200 cm.* capacity are oon- 
nected together by means of a capillary of negligible bore. Initially 
both bull^ ore in melting ioe $ finally the 200 cm.* bulb is in steam 
at 100^ C. If the initial pressure is 76 cm. of mercury, what is the 
final pressure 7 [Neglect expansion of the bulbs.] 

Lot h bo tho final pressure (cm. of mercury). Lot g and p denote 
the intensity of gravity and the density of mercury respectively. 

Consider the mass of gas in each bulb. 


Initially, 


76 X .7 X p X 100 


- mass of gas in the smaller bulb. 


and 


1() X g X p X 200 
^"^273 


mass of gas in the larger bulb. 


76 X r/ X p X 100 IQ X g X p X 200 „ • i 

^273 + W^3 moas of gas in both bulbs 

(and it is this quantity which remains constant). 

Similarly, in tho final stage 

gph X 100 gph x 200 . . . , v « 

273 + -Wx 373 == 8“ “ 

IQ X g X p X 100 76 X 7 x p x 200 

"" ■ + ~~~'X~x2i3 


.*. h ~ 02*5 cm. of mercury. 
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Boyle’s law. — It has already been stated that the volume of 
a given mass of gas at constant temperature is inversely proportional 
to the jiressure to which it is subjected. In symbols this becomes 
2>V = constant and it is now known that this constant is m^T, 
where the symbols have their usual significance : thus^V = m0iT. 
It will be noted that this expression involves m, but if p is the 

density of the gas when the pressure is so that p ^ ^ wo may 

» > 

write ” ~ 'XT = constant, if tlie temperature is constant. Thus 
P 

for any ideal gas at (ionstant temperature it has been established 

that - — constant, i.(\ tlie density of an ideiil gas under such 

conditions is directly ])roportional to the pn^ssurc : tlie ‘ mass ’ 
has disappeared from the equation when it is given in this form. 

The Constant Volume Gas Thermometer. ~A simple form 
of such a thermometer is shown in Fig. 9'lfi. A bull) A is connected 
by means of a capillary tube to a manometer, DE, the S£)aee above 
the mercury being exhausted so that observations on a second 
barometer are unnecessary. If at any time any gas should find its 
way into the space above E, it may bo forced into the small bulb 
above the constriction shown by raising F. When F is restored 
to its normal position a small pellet of mercury remains in the 
constriction, tlie gas being entrapped above it. The reservoir F, 
containing mercury, may be raised or lowered by means of a puUej'' 
(not shown in the diagram). To use this apparatus to measure an 
unknown steady temperature it must fust be used to determine the 
reading on the absolute scale of temperature corresponding to 0® C., 
the temperature of steam under standai’d conditions being defined 
as 100® C. [This is equivalent to finding since the reciprocal of 
this is the number required.] 

To do this the bulb A is first immersed in melting ice and then in 
steam. In each instance the pressure inside the bulb A when the 
mercury in the manometer is in contact with the extremity of 
a piece of black glass, G, which serves as a fiducial mark, is 
determined.^ 

Simple Theory. — Lot us first neglect the volume of the dead 
space and the expansion of the bulb A. I^et V be the constant 
volume of A. Let To be the absolute temperature con'esponding to 

^ Attention must be drawn to the fact that the mercury levela in K and 
F are the same when the mercury level in D is being made to coincide with 
the tip of G — the tap N being open, of course. If N is closed, as in the dia- 
gram, this condition no longer necessarily applies, for F may bo lowered with- 
out affecting the mercury level in K. 
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the zero on the centigrade scale. Let t be the steam temperature 
on the centigrade scale at the time of the experiment. The oorre- 
sponding absolute temperature is (T, f). Let p, and be the 

pressures in A when its temperature is 0° C. and 0. respeotiyely. 



Then 


Hence 


P,V 


mass of gas enclosed in A 


piV 

^{T, + ty 


pt _ pt 

T, T. + 1 

Since po> Pt> f ®re known, To may be calculated. 

Let us now suppose that d is the temperature on the centigrade 
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scale which is to be measured. Let ps be the pressure in A when its 
temperature is 0 . Then 

T« T, + 0’ 

BO that 0 is determinable. 

More Complete Theory. — ^L^t p be the pressure and V the volume 
of A, where suffixes are now used to denote the values of these variables 
at corresponding temperatures. Let a> be the volume of the dead 
space, and r be its mean temperature as measured by calibrated 
mercury thermometers placed near to it. [Mercury thermometers 
may be used since terms containing o) and t only appear as small 
quantities in the final equations.] Then the symbol to indicates the 
mean temperature of oi when A is at 6^ C. Similarly m is the particular 
value of (o under these conditions, etc. Then 

mass of gas enclosed 

p Nt pm 

p<V o[l + y<] PtfOpCl + y(T< - T,)] 

'^(T. + 0 '^(t, + T,) 

where y is the coefficient of cubical expansion of glass. 

To solve this equation for To we first omit all terms containing oi — 
the * correction terms * — and use the resulting equation to obtain an 
approximate value for To. This value is then inserted in the correction 
terras of the more exact equation and the equation thus obteuned 
solved for To- 

Similarly when A is at 0®C.. wo have 

PoVo peo}9 

OTo ^(Tg + Tg) ^ ^(To+ 6) ^ '^(Tg-f Tfl) 

P^Vofl P 0 W^[l + yjte - Tg)] 

TO + 0 ) ^ + tb) 

The Constant-pressure 'Gas Thermometer. — ^The apparatus 
described on p. 188 may be used as a constant-pressure gas ther- 
mometer : in fact, it is a simple form of Gay-Lussac’s original air 
thermometer. Such thermometers are not capable of yielding accurate 
results, for gas tends to leak passed the mercury pellet. A more modem 
form is indicated in Fig. 9*17. A bulb S is connected to a mercury 
manometer by means of a narrow tube AB (1 mm. diameter). The 
amoimt of mercury in the manometer, and hence the pressure of the 
apparatus, may be controlled by the siphon EF. The bulb S and the 
manometer CE are immersed in baths, the temperature of the former 
being varied while that of the latter is kept at Tg. Stirrers placed 
in these baths help to keep the temperatures uniform. Polished metal 
screens X and Y diminish the exchange of heat between the two ^ides 
of the apparatus. To use this thermometer to measure a steady 
temperature we have to stanc^rdize the instrument when its bulb 
is in ice and then in steam, as in the previous experiment. Let V be 
the volume of S. <o that of the connecting tubes, and v the volume 
above the mercury level in the manometer. Let t be the mean tem- 


PoVg PqQJq 

OTg .^(Tg + Tg) 
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perature of cu as measured by calibrated mercury thennometers. Then 
by reasoning similar to that used in the previous section, we have, if 
IJAs the pressure of the gas wliich is constant throughout the experi- 
ment, 

/7Vo Utoo hvq nVi na)t nvt 

To "^(To +To)"^ To "■ (T^ -f (To + - T. ' 

where vt is the volume of gas above the mercury in the manometer 
when S is at a temperature C. 

If y is the coefficient of cubical expansion of glass, the above equation 
may be written 

Y® j. 4. *• _ Y«<L+Jl) . + y(T. - 1,)] »_ 

T, "^(T, +r,) +T,- (T. + O + (T, +T,) + T,* 

Hence Tq may be calculated, since vt is known from the position of 
the mercury in the manometer. 



Similarly 

Y« j. «»»0 , Vo (l + y^) , ^ + y(Ta - Tq)] , 

T; (T, + T.) T. = T. + e (T, + to) T~' 


SO that d may be determined since Tq is known. 

This apparatus may be used to determine the expansion of an 
irregular solid or the change in volume occurring when a metal melts. 
If W is the volume of the metal in S the volume of gas is V — W, so 
that the general equation becomes 


V. - W, ca, 
(T» + a) T. + 


Vff 

A' if — constant. 
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If tlie volume of the metal in the apparatus is known at one tem- 
perature, the above equation enables us to deduce that at a second 
temperature when the experiment has been carried out at these two 
temperatures. 

Callcndar’s Compensated Gas Thermometer (Constant Pres- 
sure). — ^The gas thermometer described in the previous paragraph 
is not a precision instriunont, chiefly owing to the errors arising in the 
determination of v, since the mercury surface has to be viewed through 
a water bath. To avoid this and also eliminate the correction for dead 
space Cajllbndar devised the compensated gas thermometer shown 
(liagrammatically in Fig. 9*18. The * thermometer side ’ of the 
instrument consists of a glass [or silica] bulb V attached by capillary 
tubing 1 mm. in diameter to another bulb M containing mercury. 



Fig, 01 8 , — Callendeur’s Coinponsated Gas Thermometer, 


Thjs is kept in melting ice, and mercury may be withdrawn from it 
through the siphon A. The ' compensating side ’ of the instrument 
consists of a bulb S maintained at 0^ C. throughout the experiment. 
These two parts are connected together by an oil gauge B. 

Actually tVie apparatus was bont at the points X and Y so that the 
capillary tubes lay side by side and were therefore at the same mean 
temperature. Initially all bulbs are at 0° C. and the pressure, 77, and 
mass, m, of gas on eacli side of tlio gauge made equal. Let V, S and 
M be the volumes of the gas in V, S, and above the mercury m M 
respectively. Hence, when all three bulbs are in melting ice, we have 


TTVo 4. 

'+ To) 

i.o. 


JTMq JJeOff 

'i^(Tq 4" Tq) 
Yo 4. Mo _ So 

To To ” To’ 


Similarly, when V is at C., 



m. 


ITVt , TJwt , TTMf _ UcOj ^ TTSp _ ^ 

^(T, + 0 i«(To + T.) ~ a?(T, + T,) OT, “ 

V< . M< _ S, 

(T, +«) ■*'T, “T,- 
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Yo . Mo _ . M? 

To To (To + t)'^ To' 
Vo(l+yO Vo+Mo-M< 
To + < ~ To * 

so that To is determinable. 

Similarly, when V is at 0® C., 

Vo(l +y0) Vo 4- Mo -M(? 
To 4 0 ■" T, 


so that 0 is known. 

If the bulb is made of silica, y may be neglected, and we have 
To 4 0 Vp 


i.e. 


To “ Vo + Mo - M^ 

r M,>^Mo n 

® - ^®LVo 4 Mo - mJ 


EXAMPLES IX 

1. — Mercury has a density of 13-59 gm. cm.** at 0® C. What is its 
density when placed in steam (bai-ometer 75-1 cm. of mercury). 

2. — A glass weight thermometer has a mass 6-34 gm. when empty, 
and 151*73 gm. when filled with mercury at 99® C. If 2-08 gm. have 
been expell^ in changing the temperature from 0® C. to 99® C., deter- 
mine the coefficient of relative expansion for mercury in glass. 

3. — ^A mercury thermometer has a stem 18-6 cm. long, the internal 
diameter of which icT 0-068 cm. The thermometer is to be used from 
— 5® C. to 110® C. Calculate the maximum volume of the bulb if 
the expansion of mercury in glass is 0-00015. dog.*^ C. 

4. — Convert the following values to S.T.F. 

(a) 260 cm.*, 17^ C., 78 cm. pressure. 

(5) 1092 cm.*, 101® C., 40 cm. pressure. 

5. — A litre of air at S.T.F. (i.e. standard temperature and pressure, 
0® C. and 76 cm. of mercury at 0® C. etc. respectively) has a mass of 
1*29 gm. At what temperature will the moss of a litre of air be unity 
under a pressure of 768 mm. of mercury ? 

6. — A sample of dry gas is contained in two vessels connected to- 
gether by a tube of negligible volume. Both vessels are initially at 
20® C. One is raised to 100® C. What is the final pressure if the 
initial pressure is 72 cm. of mercury, and each bulb has a constant 
volume of 48*6 o.c. ? 

7. — ^Describe a modem form of gas thermometer and explain how 
you would use it to measure an unknown but steady temperature. 

8. — ^Describe an accurate method of determining the coefficient of 
absolute expansion of mercury. If a column of liquid 60 cm. long at 
4® C. balances a column of the same liquid 50-5 cm. long at 98® C. 
calculate the absolute coefficient of cubical expansion of the liquid. 

9. — ^The density of mercury at 10® C. is 13*57 gm. cm.-*. At IQO® C. 
it is 13-35 gm. cm.-*. What is the mean coefficient of expansion of 
mercury between these two temperatures 7 
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10. — ^A weight thennometer of fused silica holds 6,000 gm. of a 
liquid at 26® C. When heated to 100® C., 0*400 gm. of liquid over- 
flows. Assuming that the liquid expands uniformly how much more 
liquid will overflow when the temperature is raised to 176° C. ? The 
expansion of the silica may bo neglected. Justify any formula you 
quote. 

11. — ^Distinguish between the absolute and apparent coefficients of 
expansion of mercury, and explain how the former coefficient has been 
directly determined. 

12. — ^Explain how (a) the change of volume of a gas heated under 
constant pressure, (6) the change of pressure of a gas heated at constant 
volume, may be us^ to define a scale of temperature. Show that if 
the gas is an ideal gas the two scales will agree. Describe a form of 
apparatus suitable for measuring temperatures on the first scale. 

13. — In 1802 Dalton observed that 1,000 volumes of air at 66® F. 
become 1,321 volumes at 212® F., the pressure being constant. Compare 
the value of the coefficient of expansion of air at constant pressure 
given by these observations with the ordinary text-book value. — 
(N.H.S.C. 29.) 

14. — Sliow that in the case of a water-in-glass dilatomoter the 
tomporaturo of apparent maximum density will bo above the true 
temperature, and find how much mercury must bo placed in the bulb 
of such a dilatomoter in order that tho temperature of a})parent 
maximum density may be identical with tho true temperature, assum- 
ing that the coellicients of volimio expansion of mercury and glass 
aro 0-000180 dog.'^C. and 0-000023 deg.”^ C. rovspectively. 

16. — ^Describe experiments to show that water has a temperature of 
maximum density at about 4®. 

Discuss the bearing of this fact on the freezing of water in lakes. 

16. — ^A cylinder of iron 30 cm. long floats vertically in mercury at 
0® C. Calculate the increase in the depth to which tho cylinder sinks 
when the temperature is raised to 100® C. Density of mercury at 
0® C. = 13*6 gm. cm.“* ; density of iron at 0® C. = 7*6 gm. cm.-* ; 
absolute coefficient of expansion of mercury = 1*82 x 10“* deg.-^C. ; 
coefficient of cubical expansion of iron — 3’51 x 10^* deg.-^ C. 

17. — ^An iron bottle holds 1,380 gm. of mercury when full at 0° C., 
20 gm. of mercury are expelled when the bottle is heated to 100° C. 
and a further 42 gm. when it is heated in an oven. Assuming that 
the expansion of the bottle may bo n(3glectod, calculate a value for 
the temperature of tho oven. 

18. — ^Distinguish between the true and apparent coefficients of ex- 
pansion of a liquid, and explain how the true coefficient of expansion 
of mercury has been directly determined. 

19. — Describe how you would determine the coefficient of expansion 
of a liquid by floating a Nicholson’s hydrometer of known expansibility 
in it. If a liquid has a density of 0-831 gm. cm.-* at 15® C. and 0-793 
gm. cm.-* at 82® C., calculate its mean coefficient of expansion between 
these temperatures. 

20. — Give the theory of a weight thermometer and describe how 
you would use it to determine the coefficient of expansion of mercury. 

21. — A barometer reads 764 mm. at 17® C. Find the reading at 
0® C., if the apparent coefficient of expansion of mercury in glass is 
0*00016 deg.-* C., and the coefficient of linear expansion of glass is 
9 X 10-* deg.-* C. Assume that the instrument is furnished with a 
glass scale correct at 0®0. 
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22. — ^The density of water at 4^G. is unity, and at 60° C. 0*983 
gm. cm.**. Calculate the mean coefficient of expansion of water 
between these two temperatures. 

23. — Describe Regnault's method of determining the coefficient of 
expansion of mercury. 

24. — flask containing dry air is corked up at 20° C.« the pressure 
being 1 atmosphere. Calculate the temperature at which the cork 
will be blown out if this occurs when the pressure inside the flask is 
1*7 atmospheres. 

25. — ^In an experiment to determine the expansion of a liquid by 
the method of Dulong and Petit, the heights of the columns were 59*72 
om. and 61*08 cm., the temperatures being 0*0° C. and 99*7° C. respec- 
tively. Calculate the coefficient of expansion of the liquid. 



CHAPTER X 
CALORIMETRY 

Quantity of Heat. — The fact that two or more equal masses of 
different materials are at the same temperature does not mean that 
they are thermally alike, i.e. if they are placed into equal quantities 
of water at the same initial temperature, the rise, or fall, in tempera- 
ture of the water will be different. This is because the bodies con- 
tain different quantities of thermal energy. The unit quantity of 
heat is called the calorie and it is the amount of heat required to 
raise the temperature of one gram of water 1® C. This particular 
unit of heat is sometimes called the small or gram^calorie to 
distinguish it from the large S kilogram^calorie, which is defined 
as the amount of heat necessary to raise the temperature of one 
kilogram of water 1® C. Accurate experiments have shown that 
the amount of heat (energy) required to raise one gram of water 
1° C. depends upon the particular degree interval chosen. In 
practice it is customary to use the mean calorie which is defined 
as the hundi'edth part of the heat required to raise one gram of 
water from 0® C. to 100® C. For accurate scientific work, where 
this variation in the calorie has to be oonsidered, it is preferable 
to define the gram -calorie as one-fifth of the heat necessary to raise 
the temperature of one gram of water from 15° C. to 20® C. The 
reasons for this are twofold — (a) this is the range in temperature in 
which experiments are usually made, {b ) a rise in temperature of about 
5® C. is about the smallest range in temperature which can be measiu^ed 
accurately, and it is fallacious to base a practical science on a unit, 
which cannot be measured with the precision required by modern 
physics. 

Engineers use another unit of heat known as the British thermal 
unit [B.T.U.] ; it is equal to the heat required to raise the tempera- 
ture of 1 lb. of water 1® F. The heat necessary to raise the 
temperature of 1 lb. of water 1° C. is sometimes used in English- 
speaking countries. It is termed the centigrade heat unit. Gas 
engineers find these units too small for their requirements so that they 
have adopted as their unit of heat the therm. It is equal to 100,000 
B.T.U. 


203 



204 


HEAT 


Thermal Capacity : Specific Heat.— The amount of heat, Q, 
required to increase the temperature of a body by 0, is proportional 
to 6 if we assume that the physical properties of the body remain 
constant. Thus 

Q oc 0. 

To get rid of the sign of proportionality we introduce a constant 
C, and write 

Q = ce. 

C is known as the thermal capacity of the body. If Q is 
measured in calories, we have 

[cal.] = [C].[deg. C.] 

[C] = [cal. deg.-i C.] 

Now the thermal capacity of a homogeneous body is proportional 
to its mass, m, for if its mass is increased n-fold, the heat required 
to change its temperature by an amount 0 will be increased n-iold. 
Thus 

C X m, 

or C = sm, 

where s is a constant known as the specific heat of the material 
of the body. The specific heat of a substance is its chemi(!al 
capacity per unit mass, so that 

[s] = cal. gm.“"^ deg.“^ C. 

[In another system of units we have, for example, 

[s] = B.T.U, lb.~i deg.“i ¥.] 

If M is the mass of water having a thermal capacity equal to that 
of a given body, mass m and specific heat s, then 

M X 1 — ms, 

M is known as the water equivalent of the body. 

Determination of Specific Heats by the Method of Mixtures. 
— The following example will perhaps illustrate this method before 
we discuss it in detail : — 

Example, — A block of tin, mass 502 gm., was heated in boiling 
water at 99*6^ C. and then dropped into 313 gm. of water ; the tem- 
perature rose from 16*4*’ C. to 19*1*’ C. Find the specific heat, a, of 
the tin. 

We assume that all the heat given out by the tin in cooling from 
99*6*’C. to 19*1** C. is acquired by the water. 

Now heat lost by tin « mass of tin x its specific heat x its fall 

in temperature 
602 X s X (99*6 - 19*1) cal. 

Similarly, heat gained by water » 313 X 1 x (19*1 — 16*4) cal. 
Equating these two quantities 

s » 0*029 cal. gm.'* deg.“* C. 
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Regnault’s Apparatus for Determining Specific Heats.— 
In an aoourate detennination of specific heats several errors in the 
above experiment have to be eliminated, (a) While the metal is 
being transferred from the heater to the water some heat is lost ; 
ifi) we have neglected the heat given to the calorimeter, i.e. the 
vessel containing the water ; (y) directly the temperature of the 
calorimeter differs from that of its surroundings there is an exchange 
of heat between them. To reduce the magnitude of the error due to 
(a) Regnault devised the apparatus shown' in Fig. 10*1. The sub- 
stance is suspended by means of a piece of cotton inside the heater 
through which steam is passed. A thermometer is inserted so 
that its bulb is in contact with the solid whose specific heat is 
being determined — ^not to measure the steam temperature — but 
merely to indicate when the temperature of the solid has become 



Fro. 10*1. — ^Regnault's Specific Heat Apparatus for Solids and Liquids. 


constant. When steady conditions have been obtained, the screen 
B is raised, the calorimeter pushed underneath the heater and the 
solid introduced into the calorimeter by withdrawing the slide A. 
The calorimeter is quickly withdrawn, the screen lowered, and the 
rise in temperature of the calorimeter and its contents observed. 
The specific heat of the solid can be calculated from the following 
equation : — 

Heat lost by solid heat gained by water + heat gained by 

calorimeter, 

i.e. 


(mass of solid x its sp. ht. x its fall in temp.) = (mass of water 
X 1 X its rise in temperature) + (mass of calorimeter x its sp. ht. 
X its rise in temperature). 
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In this equation allowance has been made for the heat imparted 
to the calorimeter. 

Two methods of obtaining a correction for the heat exchange 
between a calorimeter and its surroundings are discussed below. 

Although water is generally used as the calorimetric liquid, it 
has been suggested that aniline would be better for two reasons, 
(a) its specific heat is 0*62 cal. gm."^ deg."^ C., so that the 
rise in temperature is greater than with water when equal 
amounts of heat are received by the same mass of the two liquids, 
iP) its vapour pressure is less, so that losses due to evaporation 
are reduced. 

The Specific Heats of Liquids. — These may be determined 
by the above method if a solid of known specific heat is used 
in the heater and a known mass of liquid is placed in the 
calorimeter. The equation to be used is 

(mass of solid X its sp. ht. X its fall in temperature) 

= [(mass of calorimeter X its sp. ht.) + (mass of liquid 
X its sp. ht.)] X (rise in temperature). 

Methods of Calculating the Correction for Heat Exchange 
between a Calorimeter and Its Surroundings in Calori- 
metric Experiments. — Since, in general, in a calorimetric experi- 
ment the temperature of the calorimeter is not the same as that 
of its surroundings, there must be a heat exchange between them. 
The rise in temperature if the heat exchange were zero may be 
obtained as follows : — 

(i) Rumford^s method. — Bumxobd first made a correction for 
thi.s in the following way. By means of a preliminary experiment 
he ascertained approximately what the rise in temperature was 
in a given experiment. Let this rise be 6°. He then repeated the 
experiment with the initial temperature of the calorimeter and 
its contents below the temperature, of the surroundings. 
The maximum temperature reached in the repeated experiment 
will be {t + J6)® approximately — actually {t + <^)° — and Bumford 
expressed the view that the heat gained by the calorimeter during 
the time that the temperature was below t will be compensated by 
the heat loss when its temperature is above /. This would only 
be true strictly if the rate of supply of heat to the calorimeter, 
etc., was constant : in general, this is not so, for the rate of supply 
diminishes rapidly when equilibrium of temperature between the 
‘ hot body ' and the ‘ calorimeter ’ is nearly reached — for ex- 
ample, it may happen that the temperature changes jfrom (/‘~ Jd)'* 
to in a time which is only one-quarter that in which the tem- 
perature changes from to (< + 

(ii) Ferry* s method. — ^This is a simple modification of an 
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earlier method due to Rowland. In thiSi readings of the tem- 
perature of the calorimeter and its contents are recorded at known 
times, both before and after the introduction of the hot body, and 
also during the interval in which the temperature of the hot sub- 
stance is becoming equal to that of the calorimeter. Suppose that 
ABGD, Fig. 10*2, is the curve representing such a series of readings. 
Let the straight lino y = t (the room temperature) intersect the 
above curve in P. From B to P the calorimeter and its contents 
receive heat &om the body which has been introduced into it and 
also from its surroundings : from P to C they continue to receive 
heat from the body, but impart heat to the surroundings. 

Through P let a straight line parallel to the axis Oy be drawn, 
and let DC and AB be pro- 
duced to cut this line in Q and 
R respectively. Then, in the 
absence of heat exchange be- 
tween the calorimeter and its 
surroundings, the rise in tem- 
perature would be RQ. The 
justification f6r this is as 
follows : — If the hot body 
had not boon introduced into 
the calorimeter, the tempera- 
ture of the latter would con- 
tinue to change along BR. 

Thus, while the temperature 
actually changes from B to 
P, the change from M to R 
was due to heat received 
from the surroundings, while 
the change from R to P was 
due to heat received from tho hot body in the time BM. 

Now suppose that when the temperature of the calorimeter 
and tho calorimotric liquid is equal to that of the room, i.e. as 
represented by P, an amount of heat sufficient to raise the tem- 
perature by PQ instantaneously is added. Then in the time KC 
during which the calorimeter, etc., actually continue to receive 
heat, the loss of heat to the surroundings must be such that the 
change in temperature is QK, i.e. tho point C is reached either 
along the path PQC or by the actual path PC. Hence QR is the 
required corrected rise in temperature. 

Steady Flow Calorimetry. — ^This method of determining the 
specific heat of a liquid [or gas], originally developed by Callen- 
DAB, is suitable not only for finding the specific heat of a liquid 
at room temperatures but also at other temperatures — or rather 



Fin. 10’2. — Ferry’s Method for Correct- 
ing for Hoat Exchange between a 
Calorimeter and its (Surroundings. 
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the actual quantity which is measured is the mean value of the 
specific heat over a small range of temperature [cf . the definition of 
the calorie, p. 203]. 

An apparatus suitable for laboratory work is shown in Fig. 10*3. 
A narrow glass tube, BC (2 mm. in diameter), is attached to two 
wider glass tubes, D and E, the whole being supported by means 
of ebonite discs fitted in a glass tube, FO. 

A manganin wire passes down the tube BG and is insulated ther- 
mally from the glass by means of a thin rubber cord wrapped 
spirally round the wire. In this way uniformity of temperature 
over any cross-section of the tube is secured in the experiment. 


X Y 



Fio. 10*3. — Steady Flow Colorimotor. 


The ends of the wire are soldered to copper cups. The heating 
current is supplied from a large battery so that the current shall 
be steady, and it is measured by an ammeter, A. The current 
leads are shown thick. To determine the rate at which energy 
is dissipated in the wire and in this instance transferred to the liquid 
flowing through the capillary tube, it is necessary to measure the 
potential difference across the wire as well as the current through it. 
This is done by means of the potential leads (shown thin) and the 
voltmeter, V. The potential leads are soldered to the copper cups 
at points near to the ends of the manganin wire. They are wrapped 
spirally round the cups after being threaded through rubber tubmg 
of such diameter that any liquid flowing through the calorimeter 
circulates round the cups. In this way uniformity of temperature 
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is seoured across the bulbs of the mercury thermometers, Tj and 
Ta, used to measure the rise in temperature of the liquid passing 
over the manganin wire when energy is dissipated therein, i.e. 
the thermometers do indicate the temperatures of the incoming 
and escaping liquid. This arrangement is a very essential part of 
the apparatus. 

It is also necessary to maintain a steady flow of liquid. The 
Mariotte bottle, M, contains a supply of air-free liquid. It escapes 
from the bottle when the tap, T, is opened, and passes through a 
spiral tube, S, immersed in a large beaker of water, so that its 
temperature becomes constant before it passes through the capillary 
tube, R, also immersed in the water. The diameter and length of 
this tube must be so chosen that the liquid flows through the 
calorimeter at a convenient rate. At a given temperature the rate 
at which a liquid flows through a particular capillary tube is deter- 
mined by the pressure diflerence between the ends of the tube. 
To secure a constant head of liquid the bottle, M, is provided with 
two tubes, X and Y, passing through a rubber bung which fits 
the neck of the bottle tightly. Let us suppose that the shorter 
tube is used first. When T is opened, the whole of the calorimeter 
having been filled with the liquid whose specific heat is required, 
liquid begins to flow through the calorimeter. The flow is not 
steady until bubbles of air appear at the end of the shorter capiUary 
tube X. The pressure is then determined by the head of liquid Aj. 
The liquid above the lower end of the tube X is the real supply. 
In the course of the experiment it will be found necessary to decrease 
the flow of liquid to about one-half that used at first ; this is done 
by closing the open end of X : bubbles of air soon appear at the 
lower end of Y, when the pressure is determined by the head of 
liquid The exit tube firom the calorimeter ends in a short 
piece of capiUary tubing pointing vertically downwards so that the 
liquid breaks away from the tube in drops. 

If I is the current in amperes through the wire and V the poten- 
tial difference in volts across it, then the rate at which energy is 
being dissipated is VI watt. [1 watt. = 1 joule. seo.“i = 10’ erg. 
sec.^^J If m is the mass of liquid flowing per second, 8 its specific 
heat, 0 the rise in temperature, it is known that 

VI = Jww0, 

where J is a constant numerically equal to 4*184 in the above system 
of units. The above equation enables the specific heat of the liquid 
to be determined. [J = mechanical equivalent of heat in joule. 
cal.“^ cf. p. 272.] 

It will be noticed that there is no term in the above equation which 
takes into consideration the thermal capacity of the calorimeter. 
In this particular type of calorimetry the thermal capacity of the 
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oalorimeter does not have to be oonsidered since its temperature 
assumes a steady value at all points before any measurements are 
made, and therefore no more heat is given to it. It must be pointed 
out, however, that the method is only suitable for research work 
when due precautions to obtain steady conditions are taken. 
If conditions are not kept steady the correction for the water 
equivalent of the calorimeter is indeterminate and accurate results 
are not possible. 

In the above equation we have assumed that the heat lost is zero. 
ActuaUy this is not so, although in the apparatus used by Callondar 
FG was exliausted to reduce heat losses due to conduction and con- 
vection, and silvered to diminish the loss of heat by radiation. The 
correction may be made as follows : — ^Let h cal. be the heat lost per 
second per degree rise in temperature above that of the outer jacket. 
[In Callendar’s apparatus PG was surrounded by a second jacket 
containing water at the temperature of the incoming liquid, in 
order that the conditions under which heat is lost should be con- 
stant.] Then the more exact equation is 

Vjli = J[m,50 + AO], 

where the suffix denotes one particular experiment. The flow of 
liquid is then altered to and the current adjusted so that the rise 
in temperature of the liquid is again 0. Then 

VA = J[m^ + AO]. 

By subtracting these equations we obtain 

Yili — V,I. = Js0(mi — w,), 

which is an equation independent of A, the heat loss as defined above. 

In the above we have used a voltmeter and an ammeter to measure 
the potential difference and current respectively. In the original 
research these were determined with the aid of a carefully calibrated 
potentiometer. Moreover, the temperatures were recorded by 
platinum thermometers. 

The Determination of Specific Heats by the Method of 
Cooling . — Theory of the Method : This method is based on 
the assumption that when a body cools, while suspended in an 
enclosure, the quantity of heat dQ, emitted in a time dt, 
depends only on 0, the'excess of the temperature of the l^ody above 
that of the enclosure, and on the nature and area of the surface 
of the body. We may therefore write 
dQ = a,/(0).5^ 

where /(0) is an unknown function of 0, but one which depends 
on 0 only ; a is a constant for any given body. 

Let nil bo the mass of the body, s, the specific heat of its material, 
and dOi the fall in temperature in time di. 
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Then 


[where tx, — 

time.] 

Similarly 


TO, a, . dOi SQ = aJ(Q)6t. 



TO, a, a, = a,/(0), 

^ , i.e. ai ia the drop in temperature per unit 




/. if the surfaces are iden- 

tical ill rtU i*espectB. 

From the above equation we see that if the specific heat of the 
material of one body is known that of another may be determined, 
when the rates of cooling (i.e. the rates of drop in temperature) for 
the same excess temperature are known. Moreover, thooreticaUy, 
the method enables us to determine the specific heat of a substance 
at a given temperature, instead of a mean value for the specific heat 
over a range of temperature. In practice, as the method is ordin- 
arily carried outi the inherent errors are often greater than any 
variation in the specific heat of the material. 

Application to Liquids. — ^In practice the above method is 
only used for liquids since it is impossible to ensure that the tem- 
perature of a solid is uniform throughout. Unfortunately, however, 
the liquid must be placed in a container and the thermal capacity 
of this enters into the equation. Thus, if rn is the mass of the 
container and s the specific heat of its material, Mj the mass of 
liquid, and Sj its specific iieat, we have 

{ma + M.i8j)ddi = (}Q = aj{0) , dt 
and, similarly, for a second liquid 

(ww + = aJiO ) . 6t. 

Now by using the same volume of liquid in each instance, and 
liquids successively in the same container, we may assume (at least 
as a fii'st approximation) that ai a,. We then have 
7ns + MjSi _ 0^2 
tns + MgSa 

so that if 8 and Si are known (water is generally used as one of the 
liquids), Sg, the specific heat of the liquid under investigation, 
may be calculated. 

Practical Details. — A blackened calorimeter is about two- 
thirds filled with water at 70^ G., and the temperature noted at 
half-minute intervals. Since it is necessary that the temperature 
shown by the thermometer should also bo that of the walls of the 
calorimeter the water must be stirred, but not vigorously. Also, 
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the calorimeter must be provided with a lid to prevent evaporation 
of the liquid and consequent loss of heat, which would be a con- 
siderable fraction of the heat lost during an experiment by the 
calorimeter and its contents. For convenience the lid may support 
the thermometer. To obtain good results, the calorimeter should 
be suspended by moans of three fine strings in a double-walled 

vessel, the space between the 
walls being filled with water — 
Fig. 10-4 (a). The temperature 
of this is recorded — it is the tem- 
perature of the enclosure. From 
the results thus obtained a cool- 
ing curve is constructed — ^Fig, 
10*4 (&). The problem then 
immediately before us is to 
determine the slope of this 
curve at a given point (tem- 
perature). To do this the tan- 
gent at any point, P, say, is 
drawn, its position being estim- 
ateef by eye. The slope of this 
tangent determines the rate of 
cooling for the particular in- 
stant represented by P. Since 
it is impossible to estimate the 
position of the tangent accur- 
ately in this way, let us see how 
the value for the slope thus 
obtained may bo improved. 
The process is repeated for 

'’SqJidbytorMe^ofcooliS/ several other t^peraturea 

a graph sbowmg the relation 

between excess temperature and the rate of cooling drawn- 
cf. Fig. 10*4 (c). The particular value of the rate of cooling 
for a given temperature excess may he deduced from the graph. 
The value so obtained will be better than that obtained by drawing 
the tangent at the corresponding point on the cooling curve shown 
in Fig. 10'4 (6), since the position of a tangent can only bo estimated, 
whereas the value for the slope now obtained is derived from the 
positions of several tangents and we assume that the errors in 
drawing these are as often positive as they are negative. 

An equal volume of liquid whose specific heat is to be investi- 
gated, having been warmed, is then introduced into the calori- 
meter, and a cooling curve obtained as before. The rate of cooling 
for the same excess temperature is then determined. From the 
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information thus obtained, by means of the above equation, the 
specific heat of the liquid is calculated. 

[It must be very carefully noted that the validity of Newton’s 



Time Rate of Cooling 

(b) Via, 10-4. (c) 


law of cooling, so often, yet wrongly, connected with the above 
method of determining specific heats, does not enter at all into the 
argument,] 

On Drawing Tangents to a Curve.— Suppose it is required 
to draw a tangc^nt at a point P on 
a curve APB, Fig. 10-4 {d), A 
small plane mirror MN, with its 
plane normal to that of the diagram, 
is placed across the curve at P as 
indicated. PB' is the image of PB 
formed by reflexion in the mirror, 
and the curve appears to be broken 
at P. If the mirror is slowly 
rotated about a vertical axis 
through P, a position of the mirror 
is found for which the imago of Fig. 10-4 (d). 

PB appears to be continuous with 

PB itself. The mirror is then normal to the curve at P, so that 
the tangent is readily constructed. 

RegnauWs Experiments on the Method of Cooling , — ^RnoNAirLT 
made a series of experiments with the object of ascertaining how far 
this method could bo relied upon in the estimation of specific heats. 
Ho worked with substances whose specific heats had been determined 
by the method of mixtures. Regnault showed that the method was 
not applicable to solids, for not only did his results differ from those 
obtained by the method of mixtures, but they were not consistent 
among themselves. A similar conclusion was arrived at with regard 
to powders. For liquids, however, he concluded that the method was 
convenient and accurate. 

Callendar’s Remarks on the Method of Cooling for Liquids. — 
The advantage of this method is that there is no mixing of the sub- 
stances under investigation, and consequently no heat due to chemical 

i.p. I 
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action evolved or absorbed. The defect, however, lies in the fact that 
the whole measurement depends on the assumption that the rate of 
loss of heat is the same in the two experiments under conditions appar- 
ently similar, and that any variation in the conditions or uncertainty 
with respect to the rate of loss of heat, produces its full effect in the 
final result, whereas in the method of mixtures it would only affect 
a small correction. Another source of error is that it is difficult to 
make accurate observations on a rapidly falling mercury-in-glass 
thermometer. Callbndab advocates the use of a fairly large calori- 
meter, the surface of whicli, as well as that of the enclosure, should 
be permanently blackened, so as to increase the rate of loss of heat 
by radiation as much as possible compared with those by conduction 
and convection, which are less regular. For accurate work the liquid 
should be stirred continuously, and the outer vessel covered with a 
hollow lid containing water maintained at a constant temperature. 

Academic Problems on the Method of Cooling. — In these it is 
often assumed that the specific heat of the substances used and of the 
material of the calorimeter are each constant. Under these conditions 
the equations for the heat loss may be integrated and the specific 
heat of a liquid found by comparing the times required for the liquid 
and the water to fall through the same range of temperature. 


'Phus 

gives 

Similarly, 


(mA +MS)^ 


am 


dd ri* 

-h MS)J ^ ^ 

for another liquid, cooling from 0, to 


Oit in time 


+ MS)| ~ = a(<4 - (,). 

Hence miSi + MS — ti 

”1" klS ^4 “ 

Ferguson and Miller’s Method for the Determination of the 
Specific Heat of Liquids. — ^Tho apparatus to be described was 
deeiguod so that any reasonably equipped works laboratory could 
obtain values for the specific heats of liquids which could bo depended 
upon to 1 per cent, or better. Moreover, it can bo used in precision 
work. In brief, the method consists in supplying energy, by meaim 
of a coil heated electrically, at a rate sufficient to maintain a calori- 
meter and its contents at steady temperatures, for example, 6° C., 
10° C., 16° C., . . . higher than the walls of an enclosure in which 
it is supported — but from which it is insulated thermally. After the 
temperature of the calorimeter and its contents lias been raised to 
a temperature of about 60° C., the heating is discontinued, and a 
cooling curve obtained. If V volt, is tho potential diflbrence across 

tho heating coil when the current through it is I amp., then — 


which is tho rate of loss of heat from the calorimeter, and which must 
be equal to the rate at which energy is supplied when .the temperature 
is constant, is given by 

dQ ,,, de VI 
~'ai — + 


(i) 


where M is the mass of liquid, a its specific heat, C the thermal capacity 
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of the calorimeter, d the temperature difference between the calori- 
meter and its smTouiidings, and J is the mechanical equivalent of heat. 
dO 

When — has boon determined, we have an equation from which 

tho spocihc boat of the liquid used at a temperature 6 above that of 
its surroundings can bo derived. 
dO 

To determine accurately from tho cooling curve the method of 
drawing tangents, as explained on p. 213, is not good enough. Ferguson 

do 

and Miller therefore assumed that — -f: — whore A; is a constant. 

dt 

Thus (1) becomes 

(MS + C)fce' = -j- • • • • (i») 

To establish tho validity of tho oquation assumed for tho rate of 
fall in temperature, we have, hy integration of that oquation, 

0“^ — ~ Ikt, .... (iii) 


where 0^ is tho initial temperature excess corresponding to tho zero 
value of t. Now tho experiment has famished us with a set of values 
of 0 and t : hence if 0“^ is plotted against t, a straight lino should be 
obtained if tho law assumed for the rate of fall in tomporaturo is correct. 
Such a lino was found, and from its slope tho value for k determined. 

Tho thermal capacity of tho calorimeter was determined expori- 
montally by filling the calorimeter with water and carrying out an 
exporiment on tho linos indicated. 

The advantages claimed for tills method are that it is easy in 
application, is fairly rapid, does not demand any excessive quantity of 
liquid, and, with simplo apparatus of the ordinary laboratory typo, 
gives results in which tho error is less than one por cent. Also if the 
thermal capacity of the calorimeter is determined independently, the 
method becomes a laboratory one for the determination of Joule’s equi- 
valent. 


The Specific Heats of Gases. — When heat [thermal energy] is 
imparted to a gas the resulting change in temperature depends upon 
the manner in which the gas is permitted to expand, for during an 
expansion tho gas will do work against the external pressure the 
amount of which may be a very considerable fraction of tho whole 
energy imparted to the gets. Hence, if we are to define the specific 
heat of a gas the conditions under which the heating takes place 
must be stated, for to each possible mode of expansion there is a 
corresponding specific heat of the gas. The two principal specific 
heats of a gas are the specific heat at constant volume (c,) and 
that at constant pressure (c^). If m is the mass of a gas, 0 the 
rise in temperature when it is heated under the condition that its 
volume remains constant, the heat required is mefi, where is the 
specific heat of the gas at constant volume. Similarly, if c, is 
the specific heat of the gas at constant pressure, meji is the heat re- 
quired to raise by 0 the temperature of a mass m of the gas when 
the pressure remains constant. 
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To show the significance of the difference between these two 
specific heats, consider one gram of gas contained in a cylinder fitted 
with a frictionless piston. If A is the area of this piston and p the 
external pressure, the force acting upon it is pA. If a quantity of 
heat is supplied sufficient to raise the temperature C. under the 
condition that the volume of the gas remains constant, this quantity 
is numerically equal to the specific heat of the gas at constant 

volume. All the heat imparted is 
utilized in increasing the thermal 
energy of the molecules and no 
work is done by the gas against 
the external pressure, since the 
piston does not move. 

On the other hand, when heat is 
supplied to the one gram of gas 
under the condition that the pressure remains constant the piston 
will move forward a distance d, Fig. 10-5, the volume changing from 
Uf to Ut. The work done against the external pressure is 
pA X d = p(v2 — Vi). The heat which has gone to increase the 
kinetic energy of the molecules is therefore Cp — ap{v^ — Vj), 
where a is a conversion factor — it is equal to the reciprocal of J 
the mechanical equivalent of heat [cf. p. 272]. If the energy is a 
function of temperature only, the above increase in energy must 
be c„, for cal. at constant volume increase the molecular energy 
by the same amount. Hence it follows that the specific heat at 
constant pressure (Cp) is greater than the specific heat at constant 
volume (c^). 

Regnault’s Method for Determining the Specific Heat of a 
Gas at Constant Pressure. — ^The apparatus used by Regnault is 
shown in Fig. 10*6. The gas to be investigated was compressed in a 
reservoir, A, placed in a large tank of water so that its temperature 
could be kept constant. The pressure in the reservoir was indicated 
by a mercury manometer, B. Some preliminary experiments were 
conducted to find what mass of gas had fiowed from the container 
when the pressure fell between two definite limits. The flow of gas 
was controlled by a valve, C, and the gas then passed through a long 
copper spiral immersed in a thermostat, D, where its temperature 
was raised to that of the thermostat, a fact which Regnault estab- 
lished in a series of subsidiary experiments by placing a thermometer 
in the tube and comparing its reading with that of the thermometer 
in the oil. The flow of gas was kept steady in this part of the 
apparatus by controlling G. The pressure was indicated by the 
mercury manometer, 6. After leaving the heater the gas passed into 
a thin brass vessel placed in a water calorimeter, E. Actually, this 
vessel consisted of a number of chambers with partitions to increase 
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its surface area so that there might be a rapid transfer of heat from 
the gas to the water. Finally^ the gas escaped through a spiral 
tube, F, into the atmosphere. Let Oi and 0^ be the initial and final 
temperatures of the calorimeter and its contents. If f is the tempera- 
ture of the incoming gas the first portion of the gas was cooled from 
t to 0i while the last portion cooled from t to 0^. The average fall in 
temperature was therefore [f — + ^ 2 )]* The heat lost by the gas 

was therefore inCj,[i — |(di + 0|)], where m is the mass of gas passing 
through the calorimeter during an experiment. The calorimeter was 
protected from heat radiated from D by the screen shown. The 
experiment lasted for some time so that the errors due to heat lost 



by the calorimeter wore considerable, and although a correction was 
made, the results obtained by Regnault differ by 2 per cent, from 
more recent values. 

If C is the thermal capacity of the calorimeter and its contents, 
the heat imparted to it is C(fl, — 0i). Hence [cf. p. 288] may be 
calculated from the equation 

- 3(0i + 0,)] =C(0, - 0,). 

Callendar’s Method for the Determination of Cp.— G allbn- 
DAB, and more recently Swann, utilized the method of continuous 
fiow calorimetry to determine the specific heat of a gas at constant 
pressure. The essential features of their apparatus are shown in 
Fig. 10 . 7 . B and C are two glass tubes about 2 cm. in diameter 
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joined together by a short spiral of glass tubing and surrounded by 
a wider tube D, the space between D and the inner tubes being 
exhausted to diminish the heat lost from the calorimeter. A steady 
stream of gas, from a thermostat, entering at E and escaping at F 
was heated by an electric current passing through the heater G. 
To measure the energy [heat] dissipated in G, an ammeter A, and 
resistance B, were placed in series with G, while a voltmeter V 
measured the potential difference between the ends of the heating 
coil. In their actual research these were measured by a potentio- 
meter method so that V and A must be regarded as a symboUc 
representation of the apparatus actually used. The temperature 
of the incoming gas was measured by a platinum thermometer Pj 
and after the heated gas had been ‘ mixed * by the wire gauze H, 
in order that its temperature might be uniform, a second platinum 
thermometer P* measured this temperature. We have already seen 
that the energy dissipated per second by the current in G is VI joule. 


t 
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or -j— cal., where J is the mechanical equivalent of heat in joule. 

cal.“^ If m is the mass of gas passing per second, fl the rise in 

temperature, we have 

VI = J[mCpfl + AO] 

where h is the heat loss per second per unit rise in temperature. If, 
therefore, the experiment is repeated so that the mass of gas flowing 
per second is different but that the rise in temperature is the same 
(by adjusting I) we have, if the suffixes refer to the two separate 
experiments, 

V,Ii = J[m^CjJd + AO], 
and VJ, = J[m,CpO + AO], 

from which may be determined. Special methods were adopted 
to measure mi and m, : we cannot discuss them here. 

In order to make the conditions of the experiment quite definite 
the whole apparatus was surrounded by a water jacket kept at the 
temperature of the incoming gas. 
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The Specific Heat of Superheated Steam.— The specific heat 
of steam at constant pressure over a range of temperature from 
104*’ C. to 115*’ C. was measured by Brinkwobth, who used an 
apparatus similar to that just described but specially adapted to 
suit the particular purpose in view. Only one platinum ther- 
mometer was used — first to measure the temperature of the steam 
before any energy was dissipated in the heating coil : secondly to 
measure the temperature of the steam when energy was dissipated 
at a known rate. The steam was then condensed so that the mass 
of steam flowing per second ‘was easily obtainable. The value of 

finally obtained was 0-487 cal. gm.~i deg.^^ C. 

Latent Heat. — When the temperature of a solid is gradually 
raised, the stage at which liquefaction takes place is quite definite 
for all pure crystalline substances, e.g. ice, tin, but not for sub- 
stances like wax, butter, some metallic alloys, etc., which graduaUy 
become plastic in character. The definite temperature at which 
liquefaction takes place is called the melting-point — or fusing-point. 
During the process of fusion a definite quantity of heat [known as the 
latent heat of fusion] is absorbed per unit mass of substance, and 
this heat is emitted in equal amount dining the reverse process. 
The heat emitted when a mass m of liquid is caused to solidify, 
without change of temperature, is equal to ml, where I is termed 
the latent heat of the liquid at its freezing-point The dimen- 
sions of I are given by 

[Z] = [cal. gm.“i], 

if a calorie is the unit of heat and the mass is expressed in grammes. 
It is not correct to speak of the latent heat of ice [or indeed any 
solid] — it is the water at 0° C. which possesses the latent heat — 
not the ice. Similar remarks can be made concerning the transi- 
tion of liquid into a vapour at the same temperature — in this case 
we have the latent heat of the vapour. If m is the mass of vapour 
condensing to form a liquid at the temperature of the vapour, then 
the heat given out is ml, where I is termed the latent heat of the 
vapour. Again, it is not correct to speak of the latent heat of a 
liquid at its boiling-point — it is the vapour at that temperature 
which possesses the latent heat. 

Spirits, such as Eaii de Cologne, are used to alleviate headache, 
on account of the cooling which takes place when they evaporate. 
Eau de Cologne is used because it evaporates easily [i.e. it has a 
high vapour pressure, cf. p. 245] and its latent heat is considerable. 
Menthol is sold for the same purpose. 

Experimental Determination of the Latent Heat of Fusion 
of Ice» or the Latent Heat of Water at O*’ C. — The mass of a 
calorimeter is found, and also the mass of water required to fill it 
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to the extent of two-thirds its volume. The calorimeter is placed 
on corks in a glass vessel and the temperature observed. One or 
two lumps of ice, previously dried, are then added ; the temi)erature 
is noted when all the ice has melted, and stirring produces no further 
efFect on the thermometer. The mass of the calorimeter and its 
contents is again determined, in order to ascertain the quantity of 
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ice used. Approximate results having been thus obtained, the initial 
temperature of the calorimeter should be adjusted, so that the final 
temperature is likely to be a few degrees below room temperature 
so that Ferry’s method of applying a correction for the heat 
exchange between the calorimeter and its surroundings may be 
used. If the temperature becomes much less than that of the 
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room there is a tendency for dew to be deposited on the calorimeter, 
and an unknown amount of heat imparted to it. 

Let AB, Fig. 10*8, represent the cooling curve for the calorimeter 
before the ice is added. When the ice is introduced, at the stage 
represented by B, the cooling becomes more rapid and the tempera- 
ture falls until all the ice has melted and the temperature corre- 
sponding to the point G reached. The temperature then rises as 
indicated by the portion CD of the curve. Let E be the point of 
intersection of the ‘ room-temperature * line with ABCD, and 
suppose that AB and DC produced cut the vertical line through E 
in H and G respectively. Then H6 is the fall in temperature, 
(sa-y)* which would have been obtained in the absence of any heat 
exchange between the calorimeter and its surroundings. 

While the ice is melting it should be kept below the water surface 
by means of a stirrer to which a piece of copper gauze has been fixed. 
This also acts as an efiicient stirrer throughout the experiment. 

If C is the thermal capacity of the calorimeter and its contents, 
the heat abstracted from them is CO. This is used in melting a 
mass, m, of ice — found by weighing the calorimeter at the conclusion 
of the experiment — and in raising its temperature to 0^, i.e. to C. 
Thus, 

CO = mZ + (w X 1 X 0i) == m(l + Oi)y 
so that I may be found. 

The chief objection to this method of determining the latent 
heat of fusion of ice is that it is never certain whether or not firee 
water is associated with the ice which is introduced into the calori- 
meter. This difficulty has been avoided as follows : — Some broken 
pieces of ice were cooled several degrees below zero and their mass 
(about 100 gm.) determined. It was then introduced into a calori- 
meter containing kerosene oil at a temperature two or three degrees 
below 0^ C. Under these circumstances the ice must have been 
entirely free from water. A very small electric current was passed 
through a heating coil immersed in the oil to raise the temperature 
of the calorimeter and its contents to — 1^ G. Electrical energy 
was then supplied at a much greater rate and sufficient to melt the 
ice and raise the temperature of the calorimeter and its contents 
to 0*5° G. In this way the ice had certainly all been melted and 
the heat dissipated in the calorimeter had been employed in three 
ways : 

(i) in raising the temperature of the calorimeter and its con- 
tents from — 1° C. to 0° C. [specific heat of ice = 0*493 cal. gm.”* 
deg.“* C.] 

(ii) in melting the ice, and 

(in) in raising the temperature of the water, oil, and calorimeter 
to 0*5° C. 
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In addition, there was a small exchange of heat between the 
oalorimeter and its surroundings. The sign of this will depend 
upon circumstances, but a correction for this was made. To make 
this correction as small as possible, the calorimeter was placed in 
a well-lagged box maintained at 0^ C. 

In addition to the advantage which this method possesses over 
the one described above, it also has the following — ^the fluidity of 
the oil remains practically unchanged, and there is no thermal 
reaction between the oil and ice or water. 

The above experimental procedure is due to A. W. Smith, who 
obtained 78-896 mean cal. gm.*^ as the latent heat of fusion of ice. 
The value generally accepted to-day is 79-70 cal. gm.“^ 

The Latent Heat of a Vapour. — The latent heat of the vapour 
of water at its normal boiling-point can be investigated experi- 
mentally by means of the apparatus shown in Fig. 10-9. The 

underlying idea is to pass the vapour 



Fio. 10-9. — Latent Heat of a 
Vapour. 


[steam] into a known mass of liquid 
[water] contained in a calorimeter. 
From the observed rise in temper- 
ature of the calorimeter and its 
contents, the latent heat can be 
calculated. 

Into a copper vessel with a narrow 
neck there is fitted a glass tube [pre- 
ferably made of ‘ pyrex,' because it 
withstands changes of temperature 
much better than ordinary glass]. 
The vessel is half filled with the liquid 
under investigation and then placed 
upon a ring burner standing upon a 
sheet of asbestos. A quantity of the 
liquid cooled to a temperature several 
degrees below that of the room, but 
not sufficiently cold for moisture from 
the atmosphere to become deposited 
on the calorimeter, is placed in a 
calorimeter and its mass found. It 
is desirable that the calorimeter 
should be about two-thirds filled. 
When the vapour is issuing freely 
from the tube of the boiler, the 


temperature of the calorimeter is observed, and the vapour 
allowed to play directly on the surface of the liquid where some of 
it is condensed. The steam that escapes does not impart heat to 
the oalorimeter, and so doe.s not concern us. By obtaining a 
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time-temperature curve for the calorimeter before the passage of 
the steam, during its passage, and afterwards, the rise in temper- 
ature in the absence of any heat exchange between the calorimeter 
and its surroundings may bo found [cf. p. 207]. 

If C is the thermal capacity of the calorimeter and its contents, 

and O 2 its initial and toal temperatures, 0 the corrected rise in 
temperature, t the steam temperature, then the heat given out by 
a mass m of steam in condensing to water at temperature t and 
then cooling to fig* is wZ -f (m X 1 X flg). But this is CO, so that 
Z may be found. 

On Laboratory Methods for the Determination of Latent 
Heats. — ^Instead of using a copjjer calorimeter and somewhat small 
(luantities of water a Dewar flask and larger quantities of water may 
be used. It is first necessary to detormino the thermal capacity 
of the flask. To do this a known mass of water at 25® C. is placed in 
the flask and, after thoroughly shaking, its temperature is noted. An 
approximately equal amount of water of known mass and at a tem- 
perature of about 10® C. is then added to the flask and after it has been 
thoroughly mixed with the other water the final temperature is recorded. 
The heat exchange between the flask and its surroundings is small 
and may bo neglected. The thermal capacity of the flask is then 
calculated. 

To determine the latent heat of fusion of ice a known mass of water 
at 25® C. is placed in the flask, well shaken, and the temperature noted. 
Pieces of dry ice are then added imtil the temperature is reduced to 
about 10® C. The mass of ice used is then determined and the latent 
heat of fusion calculated in the usual way. 

Tho latent heat of steam at the boiling-point of water under existing 
atmospheric conditions of pressure may bo determined in a like manner. 

Tho masses of ice or of steam used in these experiments is considerably 
greater than if an ordiriarj’^ calorimeter is used, and although tho changes 
in temporatiue are rather large tho heat exchange between tho calori- 
meter and its siuroundings is small and negligible. 

Berthelot’s Apparatus. — The liquid whose heat of vaporiza- 
tion is required is placed in a special flask, A, Fig. 10*10. A glass 
tube open at both ends projects through the bottom of this flask. 
A ground glass joint, 0, connects this tube to a glass spiral and 
bulb immersed in water in a calorimeter. The liquid is heated 
by a small gas-ring, G, the direct passage of heat from the 
flame to tho calorimeter being prevented by a wooden cover 
held in position by an outer vessel which diminishes the 
loss of heat fifom the calorimeter by convection and conduction. 
When the liquid boils the vapour condenses in the spiral and is 
collected in the bulb, D. When a rise in temperature of about 
5^0. has been obtained the flame is put out and the final tem- 
perature noted. S is a stirrer and T a mercury thermometer reading 
directly to 0*1® C. The net exchange of heat between the calori- 
meter and its surroundings may be oonsiderably reduced by com- 
mencing the experiment with tho temperature say three degrees 
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below that of the room and passing the vapour until the tempera- 
ture is three degrees above — ^there is no need to make a pre- 
liminary experiment in this 
instance. The bulb is re- 
moved, the two exits being 
closed with corks to pre- 
vent evaporation. The 
mass of vapour condensed 
is found and its latent heat 
calculated as follows. 

Let m be the mass of 
liquid, L its heat of vapori- 
zation, B the specific heat 
of the liquid [assumed con- 
stant over the temperature 
range involved], T the boil- 
ing point of the liquid under 
the pressure conditions pre- 
vailing, while 0| and 0| are 
the initial and final tem- 
peratures of the calorimeter. 
Then the heat given out by 
the vapour + the heat given 
out by the liquid produced 

Fio. 1010.— Latent Heat of a Vapour “ t 

(Bertholot’e apparatus). ww(T — 0,). The heat ab- 

sorbed by the calorimeter 

and its contents, of thermal capacity C, is C(fl, — 0j). Hence 
ml + ms(T — 0,) — C(0, — Oi) 

I may be calculated when the other factors in this equation are 
known. 

An Electrical Method for determining the Latent Heat of 
a Vapour produced at Atmospheric Pressure. — The apparatus 
consists of an inverted Dewar flask, F, Fig. 10*11 (a), provided with 
a rubber bung through which peuss a delivery tube G, surrounded 
by a Liebig's condenser, and a tube H of the form indicated. A 
coil of manganin wire is placed round the lower portion of that 
part of G which is inside the flask and connected to a battery as 
shown. The current I amp, through the wire is measured by the 
ammeter A, while a voltmeter V gives the potential difference 
across the wire. The liquid under investigation is introduced into 
the flask and boiled. Care must be taken to see that the liquid 
level in H is always above the top of the manganin coil — otherwise 
the vapour will be superheated. The mass of h'qiiid evaporating 
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in 10 miniites is determined ; let m be the mass evaporating per 
second. Then if 2 is the latent heat of vaporization 



Fxg. 10*11.- -Laboratory Method (Electrical) for determining tho Latent 
Heat of Vaporization of a Liquid. 

where J is the mechanical equivalent for heat {4‘18 joule, cal.”^) 
and h is the heat lost per second. If therefore a series of observa- 

VI 

tions is made and a graph showing the relation between m and - 

J 

drawn, the slope of the line will be L An actual grajih obtained in 
the laboratory is shown in Fig. 10*12 (6). It gave I = 213 cal. gm.“^ 
for alcohol. 

Continuous Flow Method of Determining Latent Heats of 
Vapours. — modification, suitable for students’ use, of a nioro recent 
form of apparatus for determining the latent heats of vaporization of 
liquids at their normal boiling-points is shown in Fig. 10*12. It con- 
sists of a well-lagged heating vessel. A, in which tho liquid is placed. 
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The thermal energy is supplied by means of an electric current passing 
through a coil of resistance wii'e which surrounds the lower part of A. 



Fio. 10*12. — Modern Apparatus (Steady Flow 
Method) for Determining Latent Heat of 
Vaporization of a Liquid. 


The coil is insulated electrically from A by means of cbsbestos paper. 
The terminals at the ends of the copper leads to the heating element 
are fixed in an ebonite ring attached to A. A glass tube, B, passes 
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through the base of A, and it is of sufEcient length to project beyond 
the surface of the liquid. A conical shield, D, placed inside the heating 
vessel diminishes any transfer of radiant energy between the liquid and 
the top of the boiler ; perforations in this metal shield permit the 
vapour to circulate freely. B is cormectod by means of a conical joint, 
C, to a long glass tube E surrounded by a condenser through which a 
stream of cold water is passed. This condenser has the particular form 
indicated so that any heat lost from the water after it has been heated 
is given to the incoming water : in this way heat exchanges between 
the apparatus and its surroundings are minimized. [The ebonite, or 
hard wood, collar H permits the appamtus to be assembled quite 
easily.] Let Oj and O2 be the initial and final temperatures of the water 
as measured by the thermometers T^ and Tg. Then M((?3 — 0^) is the 
heat lost per second by the vapour and the liquid it foims, if M is the 
mass of water flowing per second. If I is the latent heat of vaporiza- 
tion of the liquid, and a its moan specific heat over the range of tem- 
perature from to 0a where 03 is the boiling-point of the liquid, then 
the above ijuantity of heat is also 

m[l + s(03 - 0j)], 

whore m is the mass of liquid condensing per second. Tliis is found 
by weigliing the amount of liquid which collects in the conical flask 
F in a known time. Hence 

M(02 — 0J,) = in[l -j- fi(03 — ^i)]» 
so that I may be calculated. 

This equation is not exact, since the temperature of the liquid as it 
leaves the tube E is not 0^ ; however, the correction is small. 

Since two different thermometers are used to measure 0^ and 02, a 
correction is necessary for the fact that no two mercury thonnometers 
are consistent in their indications. To estimate the correction to be 
applied, water at temperature 0^ is passed through the apparatus while 
no vapour is condensing. If Tj reads ^1, the tomporature difference to 
bo used in the above equation is (02 — The correction, on this 
account, to 03 — Oj is negligible. 

The Ice Calorimeter. — ^Tho first and simplest form of ice 
calorimeter was invented by Black. It consisted of a block of ice, 
free from air bubbles, in which a cavity had been made. The top of 
the calorimeter was covered with a slab of ice so that a body placed 
inside the calorimeter was thermaUy insulated from external objects. 
A known mass of solid whose specific heat was required was heated 
to some definite temperature and then transferred to the cavity 
which had been dried by wiping it with some absorbent. The 
temperature of the solid was soon reduced to 0^ C., a definite 
amount of ice being melted in the process. The amount of water 
formed was estimated by wiping the cavity with a sponge — the 
increase in mass, say M, was then found. If 2 is the latent heat 
of fusion of ice, the heat given to the ice is MZ. This is equal 
to maO where m is mass of the solid and 0 the initial temperature 
of the heated body. Whence 

s = MZ mfl. 
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The objectioDB against this simple apparatus are that it is difficult 
to remove all the water melted and also not easy to obtain large 
blocks of homogeneous ice. Lavoisier and Laplaob improved the 
ice calorimeter, but its value was enhanced when Bunsen devised 
the form shown in Fig. 10*13. A tube P is fixed into the 
upper end of a wider tube Q, shaped as shown. The space between 
them is filled with air-free water, with the exception of the lower 
portion and the side tube S which contain mercury. A capillary 
tube B, graduated so that the volume between any two marks upon 



Fiq. 10' 13. — Bunsen’s Ice Calorimeter. 


it is known, is inserted through an ebonite stopper at S, the end 
of the mercury thread in B being adjusted to a convenient position 
by means of the iron screw T. The whole appcuratus, with the 
exception of B, is placed in a large Dewar vessel containing melting 
ice and left overnight so that its temperature is everywhere 0^ C. A 
little ether is then placed in P and caused to evaporate quickly by 
bubbling air through it. The heat required for this evaporation is 
partly abstracted from the water at O'* C. so that some ice is formed 
around P. When sufficient ice has been formed the apparatus 
is placed inside the double-walled container shown. The spabe 
between the above walls is filled with melting ice so that eventually 
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the temperature is everywhere 0® C. A small quantity of water 
at 0® C. is then placed in P and a hot body of mass m at temperature 
0 lowered into P — a swab of cotton- wool at the bottom of P dimin- 
ishes the risk of fracturing the apparatus. During the cooling of 
the hot body a quantity of heat msQ is emitted, thereby melting 
some ice. The volume of the water in Q is thus altered, the change 
in volume being derived from the observed change in the position 
of the mercury in R. Let d be the distance through which the 
mercury recedes, and a the cross-sectional area of the capillary 
tube. Then the diminution in volume is {ad). Let be the density 
of water at 0® C., that of ice at the same temperature. The 

specific volumes of water and ice at 0® C. are therefore — and -V 

, Pi Pz 

respectively. The contraction when 1 gm. of ice melts is there- 


fore — 


Pz Pi 


Hence the mass of ice melted is ad 



gm.. 


for which the heat required is 


cal. 

Pi — P2 



or « = 

(Pt — P»)m0‘ 

For this instrument to be used successfully it is necessary to 
have an air space between the actual calorimeter and the ice in 
the double- walled container — ^heat then only passes slowly between 
the calorimeter and the container, so that the creeping of the 
mercury along R which occurs if this precaution is not adopted 
is much reduced. Callendab surrounded Q by a second glass 
bulb, the intervening space being exhausted. The rate at which 
the creeping occurred was thereby still further diminished. 

The r^ source of trouble in using Bunsen’s ice calorimeter lies 
in the fact that the ice inside the calorimeter melts at a temperature 
below 0® C. because of the pressure exerted by the mercury column 
(due to its weight and surface tension). 

The Bunsen ice calorimeter may bo standardized by first carrying 
out an experiment with water. For this purpose a known mass 
of water at, say, 20® C. is introduced into the calorimeter, and this 
water, in cooling down to 0® C., supplies a definite amount of heat 
to the calorimeter. The distance through which the mercury in 
the capillaiy recedes is noted and the so-called constant for the 
calorimeter calculated. This constant is defined as the heat 
required to bo given to the calorimeter in order that the mercury 
shall recede 1 mm. in the capillary tube. 

The process of standardization as just described is difficult. It 
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is much better to use an electrical method. To do this a coil of 
manganin wire, wound on a mica frame, is introduced into the 
bulb of the calorimeter, containing a thin insulating oil, and a 
steady electric current of I amperes passed through it for t seconds. 
Let V volt, be the difference in potential across the coil as measured 

Vli 

with a voltmeter. Then the heat liberated will bo - ^ calories, 

J 

where J is the mechanical equivalent of heat [cf. p. 272], If the 
corresponding change in the position of the mercury is observed, 
the calorimeter constant may be deduced at once. The advantage 
of standardizing the instrument by either of the above methods is 
that it is not necessary to assume a value for the density of ice. 

Joly’s Steam Calorimeter. — ^This calorimeter was designed 
by Joly in 1886 as an accurate means of determining the specific 
heat of a solid. The essential parts of this calorimeter are shown in 
Fig. 10*14. A metal enclosure, A, called the steam chamber, is fur- 
nished with a wide side tube, B, through which steam is passed, and 



an exit tube, C» near the bottom of the chamber. A small metal 
pan, D, is suspended from one arm of a balance by means of a fine 
wire, passing through a smaU hole in the top of the chamber. The 
solid, whose specific heat is required, is placed on this pan and its 
mass determined ; the temperature is recorded. Steam is now 
admitted; some condenses on the pan, solid, and sides of the 
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chamber. The increase in mass of the pan and solid is due to the 
moisture which has condensed upon them in raising the temperature 
to that of the steam. This increase is determined about five minutes 
after the entry of the steam — ^if the experiment is allowed to continue, 
drops of water from the top of the chamber fall upon the pan and, by 
so doing, vitiate the results. The hole must not be too large at the 
point H where the supporting wire passes into the steam chamber, 
for then moisture may condense on the balance, and if it is small, 
steam condenses there so that the balance readings are not steady. 
The condensation of the steam is prevented by placing a nickel 
coil, P, round the wire, immediately above this hole. The coil is 
heated to redness by an electric current, thus preventing the forma- 
tion of a water globule. 

If II is the mass of steam condensed, I its latent heat, the quantity 
of heat imparted to the pan and solid is [jlL This is also the 
heat required to raise the pan from its initial temperature 0i to 
its final temperature 6,, together with the heat required to raise 
the solid through the same range of temperature. Hence 

/iZ = (MS + ms) (0, — 0|), 

where M and m are the masses of the solid and pan of specific heats 
S and s respectively. In general, the pan is made of copper so that 
its specific heat is known ; should it be unknown, however, it can be 
determined by a preliminary experiment in which no solid is placed 
in the pan. 

In practice a small correction to the above equation has to be 
made owing to the fact that the body is first weighed in air and then 
in steam. 

The Specific Heat of a Gas at Constant Volume. — For this 
determination it is essential to enclose the gas in a container the 
mass of which is, in general, much greater than that of the enclosed 
gas. Joly's differential steam calorimeter, Fig. 10-15, was the first 
means whereby the specific heat % of the gas could be measured 
directly and not deduced from the difference of two thermal capacities, 
viz. that of the gas and its container, and that of the container alone. 
The apparatus consisted of two equal copper spheres, SS, 6*7 cm. 
in diameter, suspended in the same steam chamber from the opposite 
arms of a balance. These spheres were provided with pans, AA, to 
trap any condensed steam wliich might fall from the spheres. One 
of the spheres contained gas at normal pressure while the second 
contained some of the same gas at a pressure of several atmospheres 
[pressures of 20 atmospheres were sometimes used]. The initial 
temperature having been recorded, steam was passed into the 
chamber through D and the mass necessary to resWe equilibrium 
was due to the excess condensation brought about by the difference 
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between the mass, m, of gas in the two spheres. If { is the latent 
heat of steam, and fi the difference in the mass of steam condensed 
on the two spheres, the heat given to the m gm. of gas is /d. This 
is equal to mc ^(02 — 0i)» where flj is the temperature of the steam 
and Ox calorimeter initially. 

Since the spheres are equal the buoyanoy correction to which 
reference has been made [of. p. 231] is eliminated. If results of high 



Fig. 10*15. — Joly’s Differential Steam Calorimeter. 


precision are being aimed at, a small correction has to be made for 
the expansion of the copper spheres. Also, if the two spheres are 
not exactly equal an experiment must first be made with each 
sphere exhausted in order to ascertain the difference in the amount 
of steam condensed when the temperature of the spheres is raised 
to the steam temperature. A correction for this difference is then 
applied when the main experiment is carried out. 

Further Remarks about the Steam Calorimeter. — One 
advantage of the steam calorimeter is that it may be used to 
determine the specific heats of solids, liquids, and gases ; more- 
over, it applies whether or not the material is available in large or 
small quantities. Liquids, powders, and substances attacked by 
water vapour, must be sealed in a glass container, the thermal 
capacity of which must be known — ^it may be determined by this 
method of calorimetry. The method is not only an accurate one, 
but it is also universal in its applications. 

Atomic Heats. — In 1818 Dulonq and Petit enunciated the law 
which bears their names, viz. the product of the specific heat of an 
element in the solid state and its atomic weight is constant and 
equal to 6*4. If a quantity of material equal to its atomic weight 
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in grams, i.e. one gram-atom, is considered the above law implies 
that the thermal capacity of every gram-atom is the same. Since 
every gram-atom of substance contains the same number of atoms 
it follows that the atoms of all elements in the solid state (whatever 
that means) have identical thermal capacities. 

It was soon found that the law was only a first approximation 
to the truth, for the constant varied from 6*7 to 6*7. When we 
remember that the thermal capacity of a substance measures the 
energy [heat] necessary to cause the molecules to move more rapidly 
or to rotate more quickly, this result is really not very surprising. 

For a long time the elements carbon, boron, and silicon were 
considered to be exceptions to this law, but when their specific 
heats were measured at high temperatures the anomaly disappeared. 
Debyb has since shown that this law is really a first approximation 
to a law which is more complicated but at the same time more 
universal. A discussion of this law would take us too far from our 
present object if it were considered here. 

Molecular Heats. — Neumann, Regnault, and others, have 
extended the ^above law so that it applied to molecules. They 
defined the molecular heat as the product of the specific heat 
and molecular weight of a substance and showed that the molecular 

heat of a body was 
equal to the sum of 
the atomic heats of its 
constituents. The 
molecular heats of a 
gas at constant pres- 
sure and at constant 
volume are denoted by 
Cp and C„ respectively. 

Determination of 
the Calorific Value of 
a Sample of Coal. — 

[The calorific value of a 
solid or liquid fuel is the 
amount of heat given 
out per unit mass — 1 lb. , 
1 gm. or 1 kgm. — ^when 
the substance is burnt. 
For a gas, it is the heat 
given out when a defin- 
ite volume — 1 standard 
cubic foot — is burnt.] 
Tlio apparatus used for 
this purpose is known 
as a bomb calorimeter, 
one form of which is 
Fia. 10*16. — A Bomb Calorimeter. indicated in Fig. 10*16. 
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Tho coal is powdered, dried, and a definite mass placed in the small 
capsule provided. Tho cover is screwed in position and oxygon 
admitted until tho pressure inside is about 20 atmospheres. Tho whole 
is placed in a metal calorimeter containing a kno^vn moss of water. 
This is well stirred and tho temperature observed by a thermometer 
graduated to read to 0*01° G. The coal is ignited by passing aii electric 
current through a platinum spiral lying in contact with tho coal. The 
current is such that the wire is raised to incandescence. This current 
is only maintained for a few seconds, so that the heat developed by the 
current may be neglected in comparison wi^h the other heat quantities 
involved. When tho combustion is completed the final temiDorature 
of the water, etc., is noted and from the known thermal capacity of the 
calorimeter and its contents tho calorific value of tho sample may be 
derived. 

Example , — bomb calorimeter whose thermal capacity was 
647 cal. deg.""^ C. was immersed in 2000 gm. of water in a vessel 
whose thermal capacity was 98 cal. deg.“^ 0. After burning one 
gram of coal the temperature increased from 17*66° C. to 19*98° C. 
Calculate the calorifio value of the coal. 

Heat imparted to water, etc. = total thermal capacity of calori- 
meter and contents x rise in temperature 

= 2745 X 2*33 6400 cal. 

Hence its calorific value is 6400 cal. gm."'^ 


EXAMPLES X 

1. — How much heat is lost by a copper block 8*1 cm, x 3*6 cm. dia- 
meter in cooling from 93° C. to — 8° 0. ? Specific heat of copper 
— 0*092 cal. gm.“^ deg."^ C. ; density 8*8 gin, cm.-* 

2. — ^A calorimeter contains 70*2 gm. of water at 15*3° C. On adding 
143*7 gm. of water at 36*6° C. the temperature rises to 28*7° C. What 
is the thermal capacity of the calorimeter ? 

3. — A calorimeter of thermal capacity 8*1 cal. dog.“^ C. contains 
60*3 gm. of water at 13*2° C. A solid of mass 46-3 gm. at 99*6° C. is 
dropped into tho calorimeter. The final temperature is 18*2° C. Cal- 
culate the specific heat of the solid assmning that 5*3 cal. of heat are 
lost during the course of the experiment. 

4. — ^How much ice will be melted when a piece of metal, mass 60*4 
gm., specific heat 0*042 cal. gm.~^ deg."' C. at 627° K. is dropped on to 
ice ? y = 80 cal. gm.-']. 

5. — ^A piece of metal of mass 64*2 gm. at 9*7° 0. is placed in tho chamber 
of a Joly steam calorimeter (barometer 76*9 cm. of mercury), 1*62 gm. 
of steam condense. If Z » 640 cal. gm.**', calculate tho specific heat 
of the metal. 

6. — ^The mass of mercury required to fill 10*0 cm. of the index tube 
in a Bunsen ice calorimeter is 3*1 gm. The thread moves 54*6 mm. 
when 14*6 gm. of metal at 97*2° 0. are introduced into the calorimeter. 
The densities of ice and of water, each at 0° C., may be taken as 0*917 
gm. cm.“® and 1*000 gm. cm."®, rosj)ectivcly. If tho latent heat of water 
at 0° C. is 80 cal. gm.“', and the density of mercury 13*6 gm. cm.“®, 
calculate the specific heat of tho metal. 

7. — ^Define the terms thermal capacity and specific heat. Describe a 
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method other than that known as the method of mixtures of deter- 
mining the specific heat of glass. Given that 1 cm.* of ice at 0®C. 
yields 0-918 cm.* of water at the same temperature and that the 
mercury in a Bunsen’s ice calorimeter recedes 5 cm. in a capillary whose 
cross-section is 0*01 cm.* when a body of mass 10 grams and initial 
temperature 100® C. is placed inside the calorimeter, calculate the 
specific heat of the substance, [i for water at 0® C. — 80 cal. gm.-*] 

8. — Explain why the specific heat of a gas at constant pressure is 
not the same as the specific heat at constant volume, and state what 
becomes of the energy on heating the gas at constant volume. Describe 
and explain a method of measuring one of these specific heats for air. 

9. — ^Describe and explain a method, other than that known as the 
* method of mixtures/ of determining the specific heat of a liquid. 

10. — ^Describe an apparatus which, in your opinion, would be suitable 
for measuring the calorific value of coal gas, and explain how you would 
use it. 

11. — Define the terms : latent heat, specific heat. Describe Joly’s 
steam calorimeter and explain how it may be used to determine the 
specific heat of a piece of india-rubber. 

12. — ^Describe an accurate method of determining the specific heat 
of aniline and discuss the advantages of this liquid when used instead 
of water as a calorimetric liquid. 

13. — Describe an accurate method of determining the latent heat 
of vaporization of"' alcohol. 

14. — A gram of ice at 0® C. contracts 0*090 cm.* on melting to form 
water at the same temperature. A piece of metal is heated to 78® C. 
and then carefully inserted inside a Bunsen’s ice calorimeter. If the 
total contraction is 0*056 cm.* and the mass of the metal is 8*76 gm. 
calculate the specific heat of the metal. ^Vhat is the thermal capacity 
of ail the metal 7 What would be the value for the specific heat of 
the metal if the unit of temperature were 1® F. 7 [I ^ 79 cal. gm.'*.] 

16. — A mass of 186 gm, of copper was heated in steam when the 
barometer road 74*6 cm. The copper was dropped carefully into 84*6 
gm. of alcohol. The temperature of the alcohol ond ita oontainor roso 
from 16*4^ C. to 23*7° C. If the specific heats of copper and alcohol 
an; 0*10 and 0*63 cal. gm,“* dog.“* C. respectively, calculate the thermal 
capacity of the container. 

16. — Steam at a temperature of 100® 0. is. carried along an iron pipe 
50 metres long and weighing 20 lb. a foot. When the steam firat 
enters the pipe the temperature of the iron is 15® C. If the specific 
heat of iron is 0*12 cal. gm.~* deg.'* C. and the latent heat of steam 
540 cal. gm.'*, what is the minimum amount of steam condensed to 
water before it passes freely along the pipe 7 

17. — Describe the steady flow method of measuring the specific heat 
of a liquid, and explain why it is especially suitable for measuring the 
small variations of specific heat with temperature. 

18. — Equal quantities of water are placed in two similar calorimeters, 
except that the outer surface of one is blackened and the outer surface 
of the other is polished. When the blackened calorimeter is suspended 
in an enclosure at constant temperature, the water in it cools from 
61® C. to 69® 0: in a; seconds, and from 41® C. to 39® 0. in y seconds. 
When the polished calorimeter is similarly treated the water cools 
from 61® C. to 69® C. in z seconds. Deduce expressions for the tem- 
perature of the encloaive and for the time the polished calorimeter 
takes to cool from 41® 0. to 39® G. Indicate any assumptions you make. 



CHAPTER XI 


CHANGE OF STATE 

Fusion 

Normal Freezing-point. — For every substance such as water, 
naphthalene, the elements, and eutectics [cf. p. 242] there is a 
definite temperature above which the substance is wholly liquid, 
while below that temperature it is solid. This temperature is called 
the normal freezing-point when the external pressure is one atmo- 
sphere. Thus the normal freezing-point of water is 0° C. — ^if the 
applied pressure is changed the freezing-point alters. Later on, 
it be found that this change is very small even when the change 
in pressure is one atmosphere, so that the effect of changes in 
atmospheric pressure on the melting-point of ice is negligible in 
practice. Other substances such as fats, alloys in general, silica, 
and glass, do not have a definite melting-point but are plastic over 
a range of temperature. 

The Laws of Fusion.— (a) For a given external pressure the 
temperatures at which substances belongingto the first class of 
substance melt are the same as that at which they solidify J.e. 
during fusion or solidification the temperature is constant. 

(b) During fusion heat is absorbed {latent heat affusion) 
while during solidification heat is disengaged {latent heat 
of the liquid at the freezing-point). 

Determination of the Melting-point of a Solid . — Method i : 
A capillary tube is made and dipped in a crucible containing a little 
of the molten substance. The liquid rises in the tube which may 
then be withdrawn. When cold the tip of the tube is heated to 
redness and closed to prevent the liquid from leaving the tube 
when in use later. The tube is attached to a thermometer by 
a rubber band and placed in a beaker of water (or oil) heated by 
a small gas flame. The open end of the capillary should be above 
the surface of the liquid in the beaker. The liquid is well stirred : 
when the substance melts the temperature is recorded. The flame 
is removed and the temperature at which solidification sets in noted. 
The mean of these temperatures is the melting-point required. To 
save time a preliminary experiment should be made in which , the 
rate at which heat is imparted to the liquid is increased. When 
an approximate value of the melting-point has been obtained in 
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this way the slow rate of heating should then be adopted commeno- 
ing at a temperature a few degrees below the approximate value 
of the melting-point. 

Method a : When a body, such as a crucible containing a pure 
metal, is cooling, the curve obtained by plotting the temperature 
against time is regular and smooth, provided that no change of 
state occurs. During tl^je passage, however, from one state to 
another, say from liquid to solid, a certain amount of heat is almost 
invariably emitted — ^in fact it is the latent heat of the liquid metal 
at its freezing-point which is given out. When the conditions are 
such that this change of state is about to take place, the first few 
molecules which separate give up their latent heat. Any further 
loss of heat does not cool the body but causes a further separa- 
tion of solid particles, and the amount of solid which separates is 
just sufficient to balance the heat lost ; the temperature of the 
mass therefore remains constant. This process continues until 
solidification has taken place, when the temperature again falls. 
Such facts are utilized in the determination of the melting-points 
of substances. 

Experiment , — Clamp a boiling tube in a vertical position and 
surround the tube by boiling water. Introduce naphthalene into the 
tube until, wlien molted, it is about two -thirds filled with liquid. Insert 
a thermometer in the liquid so that its bulb is in the centre of the 
liquid and fix it rigidly in this position, no stirrer being used. Remove 
the water, dry the outside of the tube and surround it by u large vessel 
to protect it from air currents. Record the temperature at intervals 



(a) (b) 

Fio. 11*1. — Ordinary Cooling Curve. Invorse-rute Cooling Curve. 

of half a minute, continuing the readings until the temperature is 
about 20 degrees below the melting-point. When the observations 
are plotted, the temperature axis being vertical, the resulting curve. 
Fig. 11-1 (a), is called a cooling curve. If the experiment has hesiu 
carried out with duo care it will bo noticed that one portion ot the 
curve is parallel to the time axis. The temperature corresponding 
to this is the melting-point of the naphthalene. 

The Inverse -rate Curve. — Metallurgists are frequently required 
to construct a cooling curve of an alloy because it conveys to them 
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information oonoeming its composition. Since the observations 
are usually made at high temperatures thermo*couples have to be 
used in place of mercury thermometers. Working at high tempera- 
tures means that the rate of cooling will be increased, so that if a 
cooling curve is constructed in the usual way it is difiScult to estimate 
those temperatures where a change in phase takes place. To make 
these transitions more apparent an inverse-rate curve is con- 
structed. In this the temperature is plotted vertically, but along the 
s;-axis the time to cool one degree is plotted. The type of curve 
obtained is similar to that in Fig. 11-1 (b). Changes of state are in- 
dicated where the curve shows peaks running parallel to the x-axis. 

Unstable Conditions. — Liquids with a definite freezing-point 
can be reduced in temperature to a point some degrees below the 
normal freezing-point, if the abstraction of heat takes place slowly 
and the liquid is not shaken. The liquid is then said to have been 
supercooled. Such phenomena were noticed by Fahbbnhbit as 
early as 1724. Gay-Lussao also reported that if water were placed 
in a clean vessel and covered with a layer of oil, the whole remained 
liquid at — 12^ G. — a slight shake and the whole froze, the tempera- 
ture rising to 0® 0. Pure antimony can be supercooled by 60® C. 
The phenomenon is easily observed in the case of sodium 
thiosulphate which melts in its own water of crystallization. The 
solution may be cooled to room temperatures, but if a small particle 
of foreign matter is introduced, heat is evolved and the temperature 
rises to 32*4® C. — the normal fusion-point. The phenomenon of 
supercooling can therefore be used in the accurate determination 
of the melting-point of a substance. Despbetz noticed the same 
effect in capillary tubes containing water and it has been suggested 
that this is possibly the reason why the sap often remains liquid 
in the capillary vessels of plants during a spell of cold weather. 

The Change In Volume on Solidification. — In general, a con- 
traction occurs when a substance passes from the liquid to the solid 
state. This may be shown by melting tin in a crucible and then 
allowing it to cool. When the tin is cold a distinct cavity will be 
seen where the surface was flat when the tin was liquid. Paraffin 
wax behaves in the same way. Water, bismuth, and antimony 
exhibit the reverse effect. The increase in volume when water 
freezes may be shown with the apparatus indicated in Fig. 11*2. A 
laige test-tube is half-filled with water and turpentine poured in on 
the water so that the tube is filled completely. The tube is closed 
with a cork provided with a long piece of glass tubing. After it has 
been ascertained that there are no air bubbles present, the tube is 
surrounded by a freezing mixture [cf. p. 241]. At first the level of 
the oil may fall slightly due to a decrease in temperature, but soon 
the oil will rise rapidly. On removing the' tube from the freezing 
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mixture ice will be noticed in it and it is the expansion due to its 
formation that causes the oil to rise. 

The expansion accompanying the production of ice 
brings in its train many beneficial results, but un- 
fortunately also some that are destructive. Amongst 
the beneficial results it may be mentioned that the 
fertility of soil is increased because of the disinteg- 
ration of its parts diiring frosty weather. The same 
action is responsible for the weathering of rooks. 

Moreover, life, as we know it on this planet, is only 
possible because of this expansion. Had it been 
otherwise the ice form^ in ponds and streams 
during the winter would sink, and the heat of 
summer would not be sufiScient to melt it. Year after 
year conditions would pass from bad to worse until 
all life depending upon an adequate supply of water 
would become extinct. 

On the other hand, this same expansion causes 
water-pipes to burst, and is often sufficient to raise 
a pavement. To prevent lead pipes from bursting 
it has been proposed to make them square in section 
so that when ice formed only the shape of the section Fio. 11-2. 
would alter — it would tend to become circular. The 
proposal has not been adopted on account of the difficulties of bend- 
ing such tubing and . of making a T-joint in it. 

Influence of Pressure on the 
Melting-point. — We have already in- 
dicated that the melting-point of a 
substance depends upon the pressure 

to which the substance is subjected. 
Jambs Thomson, in 1849, first showed 
that the melting-point of a substance 
which expands on solidifying [ice] would 
be lowered when the pressure was in- 
creased. Simple reasoning shows that 
this may be expected, for if a substance 
expands on solidification increased 
pressure will be unfavourable to such a 
change. Thomson calculated that the 
melting-point of ice would be lowered by 
0-0076® C. per one atmosphere increase, 
i.e. in vacuo^ ice melts at + 0-0076® C. 
Thomson’s brother, the late Lobd 
Kb™, the foUowing ex- 

mm on Melting-points. penment to test this conclusion. His 
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apparatus. Fig. 11*3, consisted of a strong glass cylinder, A, 
containing ice and water. A thermometer was placed inside 
and a massive piece of lead, B, in the form of a 
ring kept the central portion of the apparatus 
free from ice so that the indications of the ther- 
mometer could be observed. The thermometer 
contained a mixture of ether and sulphuric acid 
as the thermometrio substance. A glass case 
protected the thermometer from the effects of 
increased pressure which would have tended to 
make the thermometer reading too high, due to a 
diminution in the volume of the bulb when the 
pressure was increased. The bulb of the thermo- 
meter was large so that the instrument was 
sensitive but slow in action. [At a later date 
Callendar used a platinum resistance thermo- 
meter which, in addition to being sensitive, was 
unaffected by changes in pressure and more rapid.] 
The outer glass vessel was closed by a metal lid 
provided with a screw phmger. By rotating the 
screw the pressure inside the apparatus could be 
increased. The pressure was measured by noting 
the compression of air enclosed in a vertical tube 
not shown in the diagram. 

To study the effect of pressure on the melting- 
point of wax, a substance contracting on solidifi- 
Fio 11-4 —A ca-tion, Bunsen devised the apparatus shown in 
psratua for 11*^' ^1^0 shorter arm AB contained wax 

i^eBtigating whilst air filled the portion DE. The bulb C and 
the rest of the apparatus were filled with mer- 
ing-points. cury. The temperature of C was increased by 
heating the water bath around it. This caused 
the mercuiyr to expand and exert a considerable pressure on the 
wax. The actual expansion was controlled by inserting the 
apparatus to different depths in the bath. The pressure was 
deduced from observations on the volume of the air above D. 
Bunsen found that paraffin wax, melting at 46*3° G. under a pres- 
sure of one atmosphere, melted at 49*0° C. when subjected to a 
pressure of 100 atmospheres. 

Regelatlon. — ^If a thin loop of copper wire from which a heavy 
load is suspended is passed round the middle of a large block of ice 
at 0° C., the pressure on the ice under the wire is considerable so 
that the ice melts and the wire passes into the block. The water 
thus formed passes round the wire and freezes again since the excess 
pressure upon it has been removed. This process continues until 
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after several hours the wire will have cut its way through the ice, 
but the block will remam intact. An important process per- 
sisting throughout the whole operation just described is the consent 
flow of heat through the copper wire. The water immediately 
behind the wire is solidifying at its normal freezing-point, whereas 
the ice underneath is melting at a temperature lower than 0*^ C., 
owing to the pressure to which it is subjected being much greater 
than atmospheric. Now the solidification of the water above the 
wire is accompanied by an evolution of heat while the melting of 
the ice below necessitates an absorption of heat. There will there- 
fore bo a flow of heat downwards through the wire and this main- 
tains botli actions in process at the same time. Prom this it is 
clear that the greater the thermal conductivity of the wire, the more 
quickly will the latter cut its way through the ice. As an extreme 
illustration of this the wire may be replaced by catgut when the 
cutting process is greatly retarded and the water does not freeze 
above the catgut. 

The melting of ice under increased pressure is shown by the 
following experiment. Two blocks of ice adhere when pressed 
together and the pressure removed afterwards. This adhesion even 
occurs if the experiment is repeated with the ice blocks immersed 
in warm water. 

The slippery nature of ice is also due to the fact that ice melts more 
easily under increased pressure — very cold ice is not slippery, and, for 
the same reason, very cold snow cannot be formed into a snowball. 

The motion of a glacier is attributed, at least in part, to this same 
phenomenon. The snow which accumulates to immense depths on 
high mountains exerts an enormous pressure on the underlying 
masses, which melt, and then freeze into solid ice when the pressure 
is removed. The increp.sed pressure of the snow and ice at the 
source causes the lower strata of the glacier, which was thus gradu- 
ally formed, to melt and solidify alternately. At each melting the 
glacier moves forward. This process is referred to as regelation. 

The Freezing of Solutions. — Experiment shows that the freez- 
ing-point of a solution is lower than that of the pure solvent. As an 
example let us consider the effect of lowering the temperature of an 
aqueous solution of sodium chloride. It is found that the tempera- 
ture at which ice begins to form and separate out from such a 
solution decreases as the proportion of salt is increased. This con- 
tinues until a* temperature of — 23^ 0. has been obtained. Any 
further decrease in temperature and the whole solidifies en bloc. 
The solution which solidifies at this temperature contains 23*6 per 
cent, of salt. If solutions having a higher concentration of salt than 
this are cooled it is found that the freezing-point decreases as the 
amount of salt decreases, i.e. as the proportion of water increases. 
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Moreover, it is salt and not Ice which now separates when the 
freezing-point Is reached. If the solution contains exactly 23*6 per 
cent, of salt then neither ice nor salt is deposited as the solution 
cools but the whole solidifies at a temperature of — 23® C. This is 
termed the eutectic temperature, while the particular mixture 
which freezes at this temijeratime is known as the eutectic. 

The Fusion of Alloys. — As a particular example let us con- 
sider the thermal equilibrium of alloys of thallium and gold. The 
freezing-point of pure metallic thallium is 300“ C. and is represented 
by A, Fig. 11*5. As the gold content increases tho freezing-point 
moves along AB until the eutectic point B is reached. Similarly, 
pure gold melts at 1100® C. — tho point C on the diagram. When 
thallium is added to gold the temperature of solidification falls until 
the eutectic composition is again reached. 



Fig. 11*5. — ^Thermal Diagram for Alloys of Thallium and Dold. 

Consider what happens when an alloy containing ON per cent, 
gold is cooled from the temperature indicated by tho point K. The 
whole remains liquid until L is reached, when thallium begins to 
separate. The amount of thallium thus separating increases imtil 
the temperature corresponds to M. The mother liquid then has the 
eutectic composition so that after passing M ail is solid — ^an intimate 
conglomerate of thallium and the thallium-gold eutectic. Similarly, 
if the alloy contains OS per cent, gold and its initial temperature is 
P everythiiig remains liquid until Q is reached, when gold begins to 
crystallize out. The amount of gold increases until B is reached 
after which the whole is solid. This consists of the thallium gold 
eutectic throughout which pure gold is distributed. This particular 
example has been chosen since AB and BC are nearly straight lines. 

The alloys of tin and magnesium are much more interesting from 
this point of view. The thermal diagram is given in Fig. 11*6. It 
is at once apparent that there is a definite maximum on the curve 
corresponding to an alloy containing 30 per cent, magnesium by 
weight. This corresponds to intermetaUic compound Mg^n. 
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The curve exhibits two eutectic points, one for the system tin and 
Mg 2 Sn, and the other for the system magnesium and Mg|Sn. The 
effect of cooling any particular alloy in this series is shown by the 
lettering in the diagram. 



Low Melting Point Alloys. — (i) Wood's metal.— This is an 
alloy of tin, lead, cadmium and bismuth, in the proportions 
1 : 2 : 1 : 4. It melts at 60-5® C. 

(ii) Rose's metaU Tin, 1 ; lead, 1 ; bismuth, 2. Melting- 
point 94*5® C. 

These readily fusible alloys find many applications in daily life, 
e.g. in automatic sprinklers for buildings, so that when a fire occurs 
a plug made from one of these alloys and inserted in a water pipe 
molts and the water rushes from the mains. Also, a flow of gas 
along a pipe may be stopped if pieces of such alloys have been 
placed in the pipe, for they melt when a fire breaks out. Fusible 
plugs also permit fireproof doors to close automatically in the event 
of a fire. These alloys are also used as fuses in electrical circuits. 


EXAMPLE XI 

1. — Describe and explain an experiment by means of which the 
effect of increased pressure on the melting point of ice may be investi- 
gated. How may the motion of a glacier be explained 7 


CHAPTER Xn 


EVAPORATION AND EBULLITION— THE 
PROPERTIES OP VAPOURS 

The Three States of Matter. — ^All substances are composed of 
molecules, or groups of atoms, and in solids these particles are held 
together by large forces — ^it is said that solid bodies possess the 
property of cohesion. There is no reason to believe, however, that 
these particles are at absolute rest ; in fact, if a piece of lead is 
placed in contact with gold and left for a period of several years, gold 
atoms are found embedded in the lead, showing that a shifting of the 
atoms has taken place. When the above experiment is performed 
at higher temperatures the migration of the atoms is facilitated. 
Prom such facto one must conclude that the molecules of a substance 
have a velocity which increases with rise in temperature. If the 
temperature of a solid is raised continuously, a stage is reached when 
the binding forces between the molecules cea.se to be sufficient to 
restrain their motion to the same extent as in a solid. The solid has 
changed into a liquid. A further supply of heat to the liquid again 
diminishes the forces of cohesion until the liquid becomes a vapour : 
in this last state of matter the molecules are more free to move than 
in any other. 

It muBt not be supposed that all the molecules in a body at a fixed 
temperature possess the same velocity ; in fact, for gases, Maxwell 
was able to calculate what fraction of the molecules in a gas were 
moving with a velocity different from that of the majority of the 
molecules. In liquids, for example, there will be some particles 
moving with a velocity greater than that of the major portion of the 
molecules, and these will, of course, move about more easily. Should 
they happen to be at the surface of the liquid, where, as mentioned 
in the section on surface tension, the resultant force is directed 
inwards, then the velocity being large, the energy of the molecules 
may be sufficiently big for them to overcome this force and to wander 
outside the realm of attraction of the liquid. Pig. 12-1 is a dia- 
grammatic representation of the state of affairs near the surface of 
a liquid in contact with air. The trajectories of the liquid mole- 
cules are indicated. Some of the molecules do not possess sufficient 
energy to escape from the liquid completely; they pass into a 
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region just beyond the liquid and then return to it. They have 
merely made a transient excursion into the so-called ‘ region of 
molecular attraction.’ Other 
molecules, possessing more 
kinetic energy, leave the liquid 
and do not return : the liquid 
is evaporating. Now an increase 
in the temperature of a liquid is 
accompanied by an increase in 
the mean kinetic energy of its 
molecules, so that more escape 
from the liquid — the rate of 
evaporation has been in- 
creased. [A current of air 
also faciUtates evaporation 
since some of the molecules 
not passing normaUy beyond the confines of molecular attraction 
are removed.] 

The molecules escaping from the liquid in the form of a vapour 
exert a pressure'^ in just the same way as do the molecules of a 
gas, since they possess momentum. 

The Saturation Vapour Pressure of a Liquid. — Let a small 
quantity of the liquid be introduced into the Torricellian vacuum 
of a barometer tube — Fig. 12*2. The introduction of the liquid 
is facilitated by means of the small pipette ; in this operation it 
is advisable not to use the lungs to apply the necessary pressure, 
it being better to attach a piece of rubber tubing to the end of 
the pipette. This tubing is closed with a short piece of glass 
rod, and then squeezed so that the pressure inside the pipette 
increases and causes the liquid to bo exuded and to rise above the 
mercury. At first, if a sufficiently small quantity of liquid has been 
used, the mercury column is depressed but no liquid is visible in 
the tube. The molecules of the liquid have escaped into the 
previously exhausted space, which is now said to contain an 
unsaturated vapour. By continuing the process, the mercury 
is further depres^, until suddenly there appears a small quantity 
of liquid on the surface of the mercury. When this happens just 
as many molecules leave the surface as return to it — the equili- 
brium, however, is a dynamic one, for there is no reason to suppose 
that the molecules of the vapour or the liquid have ceased to move 
when this condition is attained. The space above the mercury' is 
now saturated with vapour, and the depression of the mercury is 
equal to the saturation vapour pressure of the liquid at the tem- 
perature of the experiment, expressed in terms of centimetres of 
mercury. 



Fio. 12*1. — Diagrammatic Representa- 
tion of Molecules escaping from the 
Surface of a Liquid. 
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If the barometer tube is supported with its open end below merouiy 
contained in a deep vessel so that the volume of the space above the 
mercury "in the tube may be varied, it will be found that the height 
of the mercury in the tube remains constant, so long as there is 
liquid remaining in contact with the vapour. The volume of the 



Fzo. 12*2. Fig. 12-3. Fio. 12*4. 

Fig. 12*3. Regnault's Apparatus for S.V.P. of a Liquid when the S.V.P. 
does not exceed 30 cm. of Mercury. 

Fig. 12*4. — Regnault’s Apparatus for S.V.P. of Water below 0® C. 

vapour may increase, for example, but its pressure is unaltered — 
during the process, however, some of the liquid will evaporate ; 
if the volume is decreased, condensation ensues — by which process 
the pressure is maintained constant. 

Saturated vapours, i.e. vapours in contact with their own liquids. 
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are ohara»cterized by the fact that, at constant temperature, if the 
volume changes the pressure remains unaltered. 

Dalton performed experiments similar to the above and was able 
to enunciate two laws : — 

(1) The pressure exerted by a saturated vapour depends 
only upon the temperature and the particular liquid used. 

(2) The pressure exerted by a mixture of vapours (or gases) 
is equal to the sum of the pressures which each would separ^ 
ately exert if it alone occupied the space filled by the mixture. 
[Dalton’s law of partial pressures.] 

Regnault’s Apparatus for the Measurement of the S.V.P. of 
Water and Other Liquids at Low Temperatures. — This is a 
modification of an earlier form of apparatus designed by Dalton. 
The upper portions of two barometer tubes, Fig. 12*3, were placed 
in a bath which could be heated. The bath was well stirred and 
was made largo [45-50 litres] to minimize fluctuations in tempera- 
ture. Water was introduced into one tube, the quantity being 
controlled so that the space above the mercury was saturated with 
vapour. The difference in level between the two mercury surfaces, 
observed by a cathetometer, gave the saturation vapour pressure 
at the temperature of the bath in terms of cm. of mercury at the 
same temperature. To get comparable values at different tem- 
peratures the results were corrected to 0® C. The front of the bath 
was provided with a plate-glass window. The observ^ations were 
repeated at other temperatures. Regnault found that reliable 
results could not be obtained at temperatures above 50® C. since 
the bath became too long for its temperature to be kept constant. 
Moreover, when the mercury was depressed nearly the whole length 
of the bath there was a tendency for the mercury surface to be cooler 
than the bath, so that it became difficult to know the true tempera- 
ture corresponding to the pressure measured. 

Regnault’s Apparatus for Water below 0® C. — The apparatus 
consisted of two barometer tubes. Fig. 12*4, to one of which a bulb, A, 
had been sealed. This contained water and was surrounded by a 
freezing mixture of snow and calcium chloride. The depression of 
the mercury in the experimental tube below that in B is due to the 
pressure of the vapour ^ in A, and by measuring this depression the 
vapour pressure was determined. 

^ In the study of vapours there are many pitfalls, a very common one 
being associated with the foUowing experiment : — Suppose a glass cylinder 
is hermetically sealed and contains only a liquid (say ether) and its vapour. 
The ether is immersed in ice ; this condition is sufficient to determine the 
pressure inside the apparatus provided that the temperature is everywhere 
not less than 0* 0. If the upper region of the tube is gently heated some 
ether will condense, but the pressure inside the apparatus is still that of 
the vapour pressure of ether at 0*0. If two such pieces of apparatus at 
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Regnault’s Apparatus for Water at Higher Temperatures. 
— ^We have already noticed the objections to Regnault’s first 
apparatus when an attempt was made to use it at higher tempera- 
tures. To overcome these, Beonault built the apparatus depicted 
in Fig. 12-6. The method is based on the fact that when a liquid 
boils its saturation vapour pressure is equal to the pressure of the 
* atmosphere ’ in which the boiling occurs — cf. p. 252. The water 
was heated in a copper vessel, B, connected to a bulb. A, containing 
air. The tube connecting A and B sloped upwards and was sur- 
rounded by a condenser, C. The air could be removed m part from 



the apparatus by a suitable pump. The pressure in the bulb was 
atmospheric less that due to a column of mercury HE in the 
manometer. Four thermometers gave the temperature in B — 
only two are shown here. They were inserted in small cavities 
closed at their lower ends and containing mercury to give good 
thermal contact. Two thermometers were in the vapour and 
two in the liquid. Their readings were the same, indicating an 

0^ C. and 20** G.» renpoctively, ere connected together by means of a glass 
tap, then, when the tap is opened, the pressure is at once everywhere equal 
to that of ether at 0** G. : but ether at 20* G. exerts a greater pressure than 
this ; BO the ether at 20* G. evaporates and condenses in the other tube. This 
experiment shows that the vapour pressure above a liquid is always equal 
to the vapour pressure of the liquid at the lowest temperature existing. 
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absence of delayed boiling. The pressure having been adjusted 
to some desired value, the tap L was closed and in a short time 
the thermometers indicated a steady temperature ; the vapour 
pressure was then deduced since, because the liquid is boiling, it 
is the pressure of the atmosphere in the apparatus. By placing 
the thermometers in cavities as shown and not directly in contact 
with the liquid or its vapour, Regnault avoided errors due to 
the effects of a varying pressure on the bulbs of the thermometers. 

Although we have always referred to water as the liquid under 
examination it is at once apparent that the saturation vapour pres- 
sures of aU other liquids which do not react with mercury or glass 
can be determined by one or other of these methods. This 



Fia. 12-6. — Saturation Vapour Pressiire of Water at different Temperatures. 

apparatus may also be employed to determine the S.V.P. of a liquid 
at temperatures above its normal boiling-point, when the only 
change in procedure is to increase the pressure of the air in the 
apparatus. If the effect of increasing the pressure considerably 
above atmospheric is being investigated, a closed manometer must 
be used to measure the pressure inside the apparatus. The pressure 
is deduced from observations on the volume of air — or better nitro- 
gen-contained in the closed limb of the instrument. Moreover, 
the various joints must be suitably strengthened. 

The manner in which the saturation vapour pressure of water 
varies with temperature is shown in Eig. 12*6. 

Ramsay and Young’s Apparatus. — Ramsay and Young (1886) 
devised a convenient and accurate method of determining tho vapour 
pressure of a liquid at temperatures such that the saturation vapour 
pressure does not exceed 50 cm. of mercury. The arrangement is 
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sliown in Fig. 12*7. A glass tube A, with a side tube B, carries a ther- 
mometer T, and a dropping funnel 0 containing the liquid. The side 
tube B leads to a small bottle D, and this leads to a suitable manometer. 
The pressure of the air in A is controlled by a pump connected to E. 
The bulb of the thermometer T is surrounded with cotton or asbestos 
wool on to which liquid from the funnel is caused to drop, this being 
facilitated by the bond at the lower end of the dropping funnel. 

The tube A is placed in a suitable oil bath so that its temperature 
may be raised. Liquid is then allowed to flow on to the cotton-wool 
attached to the bulb of the thermometer until the wool is thoroughly 
wetted. Bapid evaporation ensues and the vapour displa<co3 the air 
in the lower part of the tube A ; in this region the liquid on the wool 



Fio. 12*7.- -Ramsay and Young's Method of Determining Saturation Vapour 

ProBSures. 

is surrounded by an atmosphere of its own vapour in which there is 
very little air. Under these circumstances the liquid soon roaches a 
state in which it is in equilibrium with its own vapour, i.e. it has reached 
its boiling-point for the particular pressure to which it is subjected : 
free-boiling is impossible, and the vapour cannot bo superheated as long 
as any liquid remains on the cotton-wool, but as the vapour gradually 
diffuses away towards D, further evaporation follows. The pressure 
inside the apparatus is equal to the saturation vapour pressure of the 
liquid at the temperature indicated by T. It must bo emphasized that 
it is only round the bulb of the thermometer that there is a saturated 
vapour — towards D, a vessel surrounded by ice, there is a mixture 
of air and vapour but beyond D there is only air, if D is offleient in 
condensing the vapour which enters that vessel by diffusion. The 
pressure in the apparatus, however, is constant and equal to the satura- 
tion vapour pressuro of the liquid at the temperature recorded by T. 
When the thermometer shows a steady temperature the reading on the 
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manometer is recorded. Tliis pressure difference, subtracted from 
atmospheric pressure, gives the vapour pressure of the liquid at the 
temperature indicated by T. Consistent results are obtained when 
the temperature of the oil bath is about 20® C. above that of the steady 
temperature indicated by T. 

The above apparatus was used by Ramsay and Yoimg to determine 
the saturation vapour pressures of camphor and acetic acid. They 
found that their results were most concordant for pressures not exceed- 
ing 60 cm. of mercury, i.e. for temperatures below and not too close 
to the normal boiling-point of the liquid investigated. 

Determination of the S.V.P. of Bromine. — ^ 

The saturation vapour pressure of a liquid [say 
bromine] which attacks mercury may bo determined 
as follows : — A long glass bulb, B, Fig. 12-8, is 
blown and made into a form of hollow spoon by 
heating the glass on one side and applying suction 
while tlie bulb is hot. A long light glass pointer is 
attached to B. This portion of the apparatus is siir- 
round(3d by a wido glass tube, the pressure of the air 
in it being controlled by a pump connectod above 
the tap, C. The pressure is recorded by the mano- 
meter Die in which the space above E is exhausted. 

The position of the end of the pointer on the scale S 
is noted when A and the tube around B are ex- 
hausted. Bromine is then introduced into A which 
is surrounded by a water bath and, providing that 
the temperature of B and the tube connecting it 
to A is greater than that of A, the pressure in A, 
and therefore in B, is equal to the .saturation pres- 
sure of bromine at the temperature of A. The 
excess tomporaturo just mentioned is obtained by 
a heating coil placed as shown. The pressure in 
the wide tube is then adjusted so that the end of 
the pointer which has become deflected in this 
process is brought back to its zero position. The 
pressure of tlio air in this tube is equal to the 
pressure in A. 

Conditions under which Bolling Occurs. — 

Before a liquid boils small bubbles of vapour 
are seen in those portions of the liquid nearer 
to the supply of heat ; if these are watched 
carefully it will be noticed that they disappear before reaching the 
surface of the liquid. The latent heat given out in this process 
helps to warm the upper regions so that eventually the temper- 
ature becomes uniform throughout the liquid, and the liquid boils. 

It should be noted that liquids evaporate when exposed to the 
atmosphere at a rate which is greatly accelerated by increase in 
temperature ; on the other hand, boiling only occurs when the 
S.V.P. of the liquid equals atmospheric pressure. 

Steady Bolling. — Some time after a liquid has commenced to 
boil it may sometimes be noticed that * explosive boiling ’ or 


Fio.12-8.— S.V.P. 
of Bromine. 
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' boiling by bumping ’ ocours. This is attributed to the fact that 
the nuclei necessary for steady boiling have disappeared or become 
inactive. Steady boiling may be re-established by introducing a 
few fragments of broken glass or porous porcelain. The gas enclosed 
in the material will maintain steady boiling for a considerable time, 
especially if the supply of heat is not too vigorous. 

The S.V.P. of a Liquid at its Normal Boiling-point.— A 
U-tube, closed at one end, is made and completely filled with mercury 
by the method of alternate heating and cooling. A little mercury is 
removed and replaced by recently boiled distilled water [air free] ; 
by inverting the tube, having closed the open end with the first 
finger, the water is introduced into the closed limb of the tube. All 
the mercury, except for a length of a few cm., is removed from the 



(a) Fio. 12*10. — Variation of B.P. 

Fig. 12*9. of a Liquid with Pressure. 


open limb — ^this may be done by means of a capillary tube, drawn 
out from wider tubing so that suction may easily be applied. The 
tube is then placed in steam, Fig. 12*9 (a), when it will be found 
that the mercury stands at the same level in each limb of the 
U-tube. This experiment shows that the S.V.P. of water when it 
boils under atmospheric pressure is equal to the pressure of the 
atmosphere. 

If it is necessary to find the boiling-point of a liquid, especially if 
it is available in small quantity only, another tube similar to that 
just described is made, only the liquid under examination is intro- 
duced instead of water. The whole is placed vertically in a bath 
containing Uquid which boils at a higher temperature than that 
being investigated, and the temperature raised until the mercury 
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is at the same height in each limb, the bath being well stirred. 
The temperature of the bath is noted ; the experiment is repeated 
with the temperature of the bath falling ; the mean of these is the 
boiling-point required — cf. Fig. 12*7 (6). In these experiments due 
caution must be exercised to see that a little liquid still remains in 
the limb A. 

The S.V.P. of a Liquid (Small Quantity Available) and 
Its Variation with Temperature.^ — The apparatus is shown in 
Fig. 12*10. It consists of a U-tube whose closed limb A contains 
the liquid above mercury. The other end of this tube is connected 
to a second U-tube B containing mercury. The pressure inside 
the apparatus may be varied by connecting the tube C to a pump. 
The boiling-point of the liquid at different pressiures is then investi- 
gated by inserting A in a water or oil bath and proceeding as in 
the previous experiment. 

Vapour Pressure of Solutions. — Experiment reveals the fact 
that the saturation vapour pressure of a solution is less than that 
of the pure solvent. It therefore follows that, when such a solution 
is at the temperature at which the solvent would boil under the pre- 
vailing conditions, the vapour pressure of the solution is less than 
atmospheric pressure, so that the solution does not boU : it only 
boils when the temperature is raised above this value. To deter- 
mine the boiling-point of a solution the thermometer must be placed 
in the liquid. The reason for this is that if we are dealing with an 
aqueous solution, for example, the steam from the liquid would 
condense on the thermometer bulb which would indicate a tempera- 
ture corresponding to the steam temperature under existing cir- 
cumstances. Any further heat supplied to this water simply causes 
it to evaporate without increasing its temperature, and since this 
supply comes from steam at a slightly higher temperature, water will 
condense on the bulb as fast as it evaporates away. Steady boiling 
is maintained by one of the methods already described. 

Variation of Boiling-point with Pressure.— We have already 
learnt that when a liquid boils its saturation vapour pressure is 
equal to that external pressure acting on its surface. It therefore 
follows that if the variation of the saturation vapour pressure with 
temperature be known the boiling-point of the liquid at different pres- 
sures is also known. Regnault’s apparatus may be used to investigate 
this effect. By abstracting air from the apparatus the boiling-point 
at pressures less than one atmosphere may be found, while by increas- 
ing the pressure of the air the boiling-point at higher pressures may 
be found. It is interesting to note that Regnault himself used this 
apparatus up to a pressure of 28 atmospheres and proposed to con- 
sWet a stronger apparatus to withstand greater pressures. 

The effect of reduced pressure on the boiling-point of water may be 
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shown in a very striking way as follows : — round-bottomed flask 
[any other shaped flask invariably oraoks owing to the increased 
strain at any corner when the pressure outside differs from that 
inside] is half -filled with water which is boiled to expel most of the 
air. While steam is still issuing, the mouth of the flask is closed 
with a rubber bung, the flame removed at oncep and the flask 
inverted under a stream of cold water. The water continues to 
boil vigorously, even though the temperature is reduced as low as 
40® C. 

The fact that liquids boil at lower temperatures when the external 
pressure is reduced is often used in the manufacture of certain 
classes of substance, especially those decomposing at a higher tem- 
perature. For example, milk is boiled under such conditions in 
the production of milk powder ; sugar is also refined by a similar 
process. 

The Hypsometer. — The atmospheric pressure at any station is 
equal to the weight of a column of air, 1 cm.* in section, stretching 
from that station to the upper limit of the atmosphere. It there- 
fore follows that at high altitudes the pressure is less than at sea- 
level. If the difference in pressure between two stations is known, 
the difference in their altitude may be derived at once if the density 
of air is also known. To carry a barometer from place to place 
would be cumbersome, so that it is preferable to use indirect means 
of ascertaining the pressure. This can be done with the aid of a 
hypsometefp an instrument employed in measuring the boiling- 
point of water at pressures other than that of the standard atmo- 
sphere [when it is defined as 100® C.]. This instrument resembles 
that used in discovering the error of a mercury thermometer at 
the upper fixed point. The thermometer, however, differs in one 
respect from the usual mercury-in-glass thermometer. The mercury 
column is broken near the upper end by a bubble of air. In using 
the instrument this short piece of mercury is shaken down ; after 
use the thermometer is removed from the hypsometer when the 
thread still remains in position, thus indicating the maximum 
temperature to which it has been subjected. 

Dalton *6 Law for Mixed Vapours. — For a mixture of two or 
more gases or vapours which do not react chemically with one 
another Dalton discovered that the total pressure was equal 
to the sum of the pressures that each component would exert if it 
were present alone and occupied the same volume as does the 
mixture. This is known as Dalton^s law of partial pressures. 
It can, of course, only be an approximation since it is impossible 
to establish an infinitely great pressure by mixing a large number 
of vapours. But as a first approximation it is true both for saturated 
and unsaturated vapours. 
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Example . — ^Moist oxygen is confined over water at 20® C. The 
total pressure is 768*2 mm. of mercury ; if the saturation vapour 
pressure of water at 20® C. is 17*4 mm. of mercury, calculate the pres- 
sure of the oxygen alone. From Dalton’s law of partial pressures it 
follows at once that the partial pressure of the oxygen is (768*2 — 17*4) 
™ 740*8 mm. of mercury. 


Experiment . — Introduce a small quantity of air into a barometer 
tube containing meroi^. Let the column be depressed x cm. so that 
the pressure of the air inside the tube is x cm. of mercury ; let the 
length of tube occupied by the air be Ij cm. Suppose that when a liquid 
is introduced into the space above the mercury the total depression 
is y cm., being the length of the tube occupied by the mixture of 
air and vapour. The air in the tube is now exerting a partial pressure 
p given by 

llOX =3 Igop 


where a is the cross-section of the tube. The partial pressure due to 
the liquid is therefore (y ~ p) = (y — cm. of mercury. 

If a little liquid remains as liquid in the tube the above is the 
saturation vapour pressure of the liquid at the temperature of the 
experiment. 


Experiment, ~^-I{ the saturation vapour pressure of water at 20® C. 
is known, its value at another temperature — say 60® C. — may bo 
determined as follows. A water index about 2 cm. long is used to 
enclose a volume of air in a capillary tube of uniform diameter. The 
tube is placed in a vortical position in a well-stirred bath of water 
at 20® C., and ZgQ, the length of the tube occupied by the air which 
is saturated with water vapour at this temperature is determined. The 
temperature of the bath is raised to 60® C. and I^q determined. Let 
and Pso be the saturated vapour pressures of water at 20® C. and 
60® C. respectively. If P is the atmospheric pressure and therefore 
the total pressure inside the tube, the partial pressures of the air at 
these two temperatures are (P — p,o) and (P — p^g) respectively. 
Applying the laws of Boyle cmd Gay-Lussac to the air, we have 

~~ Pzo)ho __ ~~ P6tf)^W 

T,o " T,o ' 

60 that pso may be determined if p,o is known. 

Experiment . — Introduce a little water above the mercury in the 
closed limb of a Boyle’s Law tube and make a series of observations 
of corresponding values of the pressure and volume of the mixture of 
air and saturated vapour. Plot the values of the pressures as ordinates 
against the reciprocals of the corresponding volumes os abscissas. 
I^aw the best straight line through the points thus obtained. The 
intercept made by this line on the y-axis is the saturation vapour 
pressure of water at the temperature of the experiment. The reason 
for this is that if P is the pressure of the air and vapour, p the S.V.P. 
of the water, then, considering the air alone, (P — p)V « constamt 

(say a), or P — p =» o/V. B[ence, if y =* P and x « y» this equation 

becomes y « oo? + p, which represents a straight line whose intercept 
on the y-axis is p, the required pressure. 
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The Triple Point.— In Fig. 12-11, the curve OP represents the 
relation between the vapour pressure of water (liquid) and its 

temperature : it is termed 
the steam line. The 
vapour pressure curve for 
ice is represented by OQ, a 
curve known as the hoar* 
frost or sublimation 
curve* The effect of pres- 
sure on the melting-point 
of ice is represented by 
the line OR, the so-called 
ice-line. The point O, 
where the three lines in- 
tersect is known as the 
triple point, its co-ordin- 
ates being pressure 4-57 
mm. of mercury, tem- 
perature 0-0075° C. This point is such that at the pressure and 
temperature represented by it, the three phases, solid, liquid and 
vapour may co-exist in eqililibrium. Any small departure from 
these conditions is accompanied by the disappearance of one of the 
phases and the equilibrium is represented by a point on one of the 
lines, OP, OQ, or OR, 

Definitions : The components of a system (of substances) 
arc those substances taking part in a reaction but not decom- 
posed in the process. The components may be elements or com- 
pounds — ^in the instance discussed above there is one component, 
viz., water. 

The phases of a system are the different physical states 
in which the components may exist. Thus ice, liquid water, 
and vapour are the three phases in which water may exist. 

Returning to Fig. 12-11, it may now be said that the lines OP, 
OQ, and OR represent the equilibrium conditions of three two- 
phase systems : liquid- vapour, vapour-solid, and solid-liquid. 

Vapour Density. — The vapour density of a substance is defined 
as the density, i.e. mass per unit volume, which the vapour would 
possess if it could exist as an ideal gas at 0^ C. and under a pressure 
of 76 cm. of mercury. Although such conditions can never be 
realized, it is usual to make the calculation as if such conditions 
were possible. In other words, ^ observations on the pressure and 
volume of a given mass of vapour at the steam temperature are 
made, and the vapour is then treated as an ideal gas in order to 
calculate the volume at S.T.P. Let V be the volume of the vapour 
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[unsaturated], at pressure p and temperature T® K. Then at 0® C- 
[or 273® K.] and 76 cm. of mercury pressure, its volume V*, in 
in so far as the vapour may be considered an ideal gas, is given by 

76V._J>V _p_ ^ V 

273 “ T’ •“ 76* T 

If m is the mass of liquid used, its vapour density p, as defined 
above, is 



^ ^ 1 
"** j) ‘273' V 


gm. cm.‘* 


One of the most accurate means 
of determining the vapour density of 
a substance is due to HoFMAI^^r. 
The apparatus is shown in Fig. 12*12. 
A glass tube A, having a diameter of 
2 cm. and length 90 cm., is cleaned, 
dried, filled with pure clean mercury, 
and finally inVerted in a trough B 
containing mercury. The tube A is 
surrounded by a wider jacket 0, 
through which steam or other vapour 
may be passed. The two tubes dip 
into B, the tube A being held in posi- 
tion by means of a circular piece of 
wire gauze D. 

A small known mass of the liquid 
whose vapour density is required is 
placed in a miniature bottle and in- 
serted under the barometer column ; 
the bottle rises and the liquid evapor- 
ates, causing the mercury column to 
be forced downwards — of course, all 
the liquid must evaporate. The 
volume of the vapour is deduced 
from the graduations on the tube, 
parallax errors being avoided by 
placing a mirror behind the tube, 
whilst the pressure is obtained as 
follows. Let Hq be the height of 
the barometer corrected to 0® C., the 





Fro. 12*12. — Hofmann’s 
Vapour Density Apparatus. 

[N.B. Tho thermometer 
shown suspended above is 
not required if steam is tho 
only vapour used to vaporize 
the liquid under investi- 
gation.] 


density of mercury at 0® C. being pQ. 

Then tho pressure in A = HoSrpo — H^p, where H is the height in- 
dicated, g the intensity of gravity, and p is tho density of mercury 
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at the steam temperature. Then, since ~ = constant for an 
ideal gas, Vq is determined by the equation 

V(HoPoz:^)_Vo_>< 

(273 + 0,) 273 ' 

where 0, is the steam temperature on the centigrade scale. 

It ought to be noticed that the pressure in A camiot be found 
by subtracting H from since H represents a pressure due to a 
column of mercury at the steam temperature while tho barometric 
height is measured directly at room temperature. To subtract 
these two heights is therefore absurd unless they are both corrected 
to the same standard temperature, viz. 0° C. The method adopted 
here is equivalent to this. Moreover, the volume of the tube will 
be found by calibrating it with mercury at room temperature so 
that a correction for the expansion of the glass has to be made in 
estimating the volume of vapour at the higher temperature. 
Another correction, although small, has to be made. It arises from 
the fact that when the volume of the tube is being estimated the 
curvature of the mercury is in the opposite direction from that in 
the actual experiment. A table giving tho necessary correction 
will be found in Science Abstracts, A, 1910, No. 1663. 

Dumas* Vapour Density Apparatus. — ^This apparatus, in 
addition to its historical importance as providing the first means 
of determining the vapour density of a substance, to-day furnishes 
us with the best means of determining such densities, when used by 

a skilled experimentalist, and full 
corrections are made for the rather 
numerous sources of error, which 
were not apparent to the earlier 
investigators. It is interesting to 
note that Lord Raylbigh used 
this method when he found that 
atmospheric nitrogen difiered in 
density from that prepared chemi- 
cally, a fact which ultimately led 

Fio. 12* 13.-^p^a8* Apparatus discovery of the inert gases 

for detexinmmg the Vapour , , ® 

Density of a Substance. argon, neon, krypton, xenon- 

gases which play an important 
part in modem atomic theory and also in industry. 

The essentials of this method are as foUows : A, Fig. 12*13, is 
a large glass globe, the neck of which is drawn out to a narrow and 
thin-walled tube, BG. This is supported by two metal rings, D 
and E, carried on a rod, H, attached to the outer casing of an iron 
bath, W, which may be filled with boiling water— or other sub- 
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stance. A copper lid, covered with asbestos, ensures that BC 
shall be at the temperature of the liquid boiling in W. 

To carry out a determination of the vapour density of carbon 
tetrachloride (CGI 4 ), for example, the flask A is cleaned, dried, 
and its mass determined. Let be the mass in the scale pan 
when the flask is weighed in air, at temperature i and pressure p. 
Then 

mi = apparent mass of bulb in air 

= mass of bulb mass of air displaced by the material of 
the bulb at temperature % and pressure p. 

About 5 cm.^ of carbon tetrachloride are then placed in the bulb, 
and when the water in W is boiling, the bulb and its contents are 
placed in position. The tetrachloride evaporates and displaces 
the air iaside the bulb. Finally, when all the liquid has evaporated, 
the bulb remains fllled with vapour at pressure p and temperature 
d, the steam temperature under prevailing conditions. [A piece 
of polished metal held near to the jet C is no longer dimmed when 
vapour has ceased to issue from the bulb.] The tube BC is then 
closed, the bulb removed from the water, dried, and its total mass 
again determined. Suppose that is the mass in the scale pan 
when the balance is in equilibrium and the bulb filled with 
vapoiu*. Let p bo the mass of the vapour in the bulb. 

Then m, = p + mass of bulb — mass of air displaced by the 
closed bulb at temperature t and pressure p. 

Hence m* — ^ — mass of air required to fill the closed 

bulb at temperature t and pressure p. 

To determine this mass of air, it is necessary to find the volume 
of the bulb. This is done by opening the neck of the bulb under 
water — ^the flask will completely fill with water if the experiment 
has been successfully carried out. Lot Vi be the volume of the 
flask at temperature as deduced from the mass of water it con- 
tains at temperature Let y be the coeflicient of cubical expan- 
sion of the material of the flask. Then 

V, = V,[i + y(«~ M] 

and V, - V,[l + y(d - (»)]. 

Let p 0 be the vapour density of the carbon tetrachloride at tem- 
perature 0 and pressure p. Then 

273 + 0 76 
^ " 273 ' j) • 

Now p = Vtf . pof 80 that po may be deduced when p is known. 

Let Go be the density of air under standard conditions, or its density 
at temperature t and pressure p. 



260 


HBAT 


rri. 273 p 

‘^ = 27r+-rw''- 

/, mass of air required to fill the bulb at temperature i and 
pressure p 

273 p 


= aV< = 


273 + r 76 


.Oo. Vi[l +y(« 


Hence po may be deduced. 

[In the above argument it has been assumed that the pressure 
and temperature of the air have remained constant throughout the 
experiment.] 

Cooling Produced by Evaporation. — In consequence of the 
fact that it is the more rapidly moving molecules which escape from 
a liquid when evaporation occurs, it follows that the total kinetic 
energy of the molecules remaining behind must diminish, i.e. the 
liquid will be cooled. To maintain the rate of evaporation heat 
must be supplied — ^this we have already termed the latent heat of 
vaporization of the liquid. 


Experiment . — Place a beaker containing ether on a wet piece of 
wood. By passing air from a bellows through the ether, cause this 
to evaporate rapidly. After a little while the booker 



cannot bo removed since the layer of water below 
will have frozen owing to the heat abstracted from 
it. 

Wollaston ’s Cryophorus . — This instrument 
consists of two bulbs, A and B, Fig. 12*14, joined 
together by a fairly wide tube as shown. The 
bulb A contains water, the rest of the apparatus 
being filled with water vapour only. The bulb 
B is placed in a freezing mixture of ice and salt 
while the upper one is jacketed with a thick layer 
of cotton-wool to diminish the exchange of heat 
between A and its surroundings. The vapour in 
B condenses ; it is replaced by vapour produced 
by the evaporation of water from A: more 
vapour condenses and more water evaporates. 
The necessary boat of vaporization is abstracted 
from the water itself so that its temperature 
falls, since heat can only pass very slowly 
through the cotton-wool to the water. After 


Fio. 12*14.— 
Wollaston's 


about fifteen minutes a layer of ioe will have 
formed on the surface of the water and ‘ snow ’ 


Cryophorus. will be visible in B. 
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EXAMPLES Xn 

1. — A quantity of air in contact with a liquid has a volume of 126 
cm.* at 19*2® C. under a pressure of 74'8 cm. of mercury. The pressure 
is increased to 141*8 cm. of mercury and the volume halved. If the 
temperature remains constant, calculate the saturation vapour pres- 
sure of the liquid at 19*2® C. 

2. — How may the saturation vapour pressure of alcohol be measured 
between 60® C. and its boiling-point 7 An enclosed mass of air is 
saturated with water vapour at 100® C. On raising the temperature 
of the whole to 200® C. without change of volume the pressure increases 
to 2 atmospheres. Find, approximately, the pressure at 0® C. 

3. — The space above the mercury in a barometer tube contains a 
little air, water vapour, and a drop of water. The length of the mercury 
column is found to be 73*5 cm. when the true height is 75*5 cm., and 
74*6 cm. when the true height is 76*7 cm. Assiuning that the top of 
the tube is 10 cm. above the mercury level in the first instance, calculate 
the pressure of the air and the vapour pressure of the water in the tube. 

4. — Explain how the boiling-point of a liquid at temperatures some- 
what above its normal boiling-point may be determined. A small 
liquid index encloses a volume of air in a uniform tube. If the length 
of the tube occupied by air is 20 cm. at 30® C., when the saturation 
vapour pressure of the liquid is 1*75 cm. of mercury, what will be the 
length when the temperature is 60® C., the saturation vapour pressure 
of the liquid then being 9*23 cm. of mercury 7 Height of barometer 
76 cm. 

6. — How would you study experimentally the relation between the 
saturation vapour pressure of water and the temperature, for temper- 
ativres above the normal boiling-point 7 A small gloss bulb nearly 
filled with waticr is placed in an iron cylinder which is then heated in 
a vessel of boiling water. When the temperature is steady, the cylinder 
is hermetically sealed and the glass bulb broken by shaking. Discuss 
what will then be the value of the pressure inside the cylinder. 



CHAPTER Xm 

WATER IN THE ATMOSPHERE 


Relative Humidity. — Our ideas concerning the conditions of the 
atmosphere, with reference to its moisture content, are often 
fallacious if they are formed without actual measurement. On a 
summer morning the presence of dew and slight haze shows that the 
air is saturated with water vapour. As the day progresses the heat 
of the sun warms the atmosphere and thereby enables it to cany 
more moisture without becoming saturated. Under such conditions 
it is often erroneously stated that the air is dry ; actually it contains 
more moisture than before. It is only by comparing the masses of 
vapour present in a definite volume of air under various circum- 
stances that the true facts can be ascertained. Instruments used 
for this purpose arc called hygrometers, whilst the ratio of the 
actual amount of water present to that required to saturate it at 
the same temperature is referred to as the relative humidity, or 
humidity, of the atmosphere. 

If m is the actual mass of vapour present in a given volume of air, 
and M the mass required to saturate it at the same temperature, the 

fH 

relative humidity ia But if the vapour obeys Boyle’s law, which 

it does approximately, this same ratio is equal to p, where p is 

the partial pressure of the water vapour present and P is the 
saturation vapour pressure of water at a temperature equal to that 
of the air. 

The Dew-point. — When moist air is cooled, a temperature is 
soon reached when the quantity of moisture present is sufiScient to 
saturate the air ; any further cooling causes some of the vapour to 
be deposited on surrounding objects in the form of dew. If the 
' surrounding objects ’ are not visible the deposition takes place 
on small nuclei — dust, etc. — and fog is produced. The first hygro- 
meters invented were designed to estimate the dew-point, for then 
the partial pressure of the water vapour is known since this is equal 
to the saturation vapour pressure of water at the temperature of the 
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dew-point. The vapour pressure of water at the existing tempera 
ture may be obtained from tables and the relative humidity may 
then be calculated. The essential features of a good hygrometer 
are that an observer should be able to ascertain the exact instant 
when dew begins to be deposited, and he should also be able to 
know the temperature of the surface on which the deposition occurs. 

Danlell’s Hygrometer. — This consists of two bulbs joined 
together as in a cryophorus, the enclosed liquid being ether. The 
lower bulb contains the liquid while the upper one is covered with 
a muslin bag on to which ether is poured. The rapid evaporation 
of the ether lowers the temperature here so that some vapour inside 
this bulb condenses. This causes the ether in the lower bulb to 
evaporate, a cooling effect being noticed. As the cooling proceeds 
dew begins to be deposited on a gold band on the outside of the 
bulb. The temperature is recorded by a thermometer inside the 
bulb where it is undoubtedly lower than that of the gold band. 
To overcome this difficulty the temperature is observed at which 
the dew disappears when the temjierature rises again ; the mean is 
taken as the dew-point. The upper bulb must only contain ether 
vapour — a little liquid ether may be allowed and some liquid 
certainly collects in this bulb while the instrument is in use. The 
mass of liquid in this bulb must never be allowed to become large, 
for if it does the rate of evaporation of the liquid in the lower bulb 
is seldom rapid enough for dew to be deposited. Although Daniell's 
hygrometer is the oldest form of such instrument it is unfortunately 
the most objectionable. Amongst the several objections we may 
mention that it is made of glass, a poor conductor of heat, and 
therefore does not assist in the establishment of a uniform tempera- 
ture. In addition, although a mean value of the temperature is 
observed it cannot be the true dew-point since the outside of the 
instrument is always hotter than the inside. Moreover, the air 
around is filled with ether vapour, and the liquid in the hygro- 
meter bulb is not stirred. Many of these objections do not apply 
to Begnault’s hygrometer. 

Regnault’s Hygrometer. — ^This apparatus consists of a glass 
tube A, Fig. 13*1, the lower end of which is attached to a highly 
polished thin silver thimble. The tube contains ether, and a piece 
of quill tubing passes through a cork, nearly to the bottom of A. 
A standardized thermometer also passes through the cork, its bulb 
being in the ether. A side tube is connected, through the tubular 
stand, to an aspirator, C, preferably placed at a considerable distance 
away so that the moisture content of the atmosphere shall not be 
disturbed by it. The withdrawal of air from the aspirator causes 
air to bubble through the ether and this produces a rapid evapora- 
tion with a consequent cooling. The process is continued until 
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moisture is deposited on the thimble : the temperature is recorded 
and the flow of air reduced so that one bubble of air passes in 5 or 
10 sec. The cooling now produced is insufficient to maintain the 
temperature low enough for the moisture to remain on the thimble, but 
the bubbles are necessary in order that the liquid may be thoroughly 



stirred. The temperature at which the moisture disappears is 
observed, and the mean temperature taken as the temperature at 
which the moisture content of the atmosphere is sufficient to saturate 
the air, i.e. it is the dew-point. The bulb B does not contain 
ether and is simply used as a comparator ; both tubes are protected 
from the operator by means of a large sheet of glass. 

Dines* Hygrometer. — reservoir, A, Fig. 13'2, is filled with 
water cooled by ice. A second chamber, C, communicates with A 
through a long tube. E is an exit tube. The flow of water is con- 
trolled by a tap, T. The upper part of C is closed by a piece of black 
glass or a silver plate. The thermometer D records the temperature 
when dew appears. T is then closed and the temperature at which 
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the dew disappears noted. The mean of these two observations is 
the dew-point but, as in Danielles instrument, it is not a reliable 
estimate of the dew-point. 

The Wet and Dry Bulb Hygrometer. — ^For field observations 
it is inconvenient to use a Regnault hygrometer ; instead, use is 
made of Mason’s wet and dry bulb hygrometer. Two ther- 
mometers are placed side by side, the bulb of one being surrounded 
by muslin, kept moist by means of a piece of cotton wick dipping 
into a small vessel of water. The * wet ’ bulb indicates a lower 
temperature than the dry bulb on account of the heat absorbed 
during the constant evaporation of the water which occurs there. 
This difference depends upon the relative humidity of the atmo- 
sphere ; to enable this to be calculated tables have been prepared 
showing the relative humidity corresponding to this temperature 
difference under various conditions. 

Instead of using tables in connexion with this hygrometer, the 
following formula is sometimes used to calculate the pressure, p, 
of the water present in the air. If t is the air temperature, that 
of the wet bulb, the saturation vapour pressure of water at the 
temperature of the wet bulb, P the atmospheric pressure, then 

P = Pw- AP(« - 1„) 

where A is a numerical factor. Attempts have been made to 
establish the formula theoretically, but they are not satisfactory. 

Wet and Dry Rulb Hygrometers of the Ventilated Type : 
Psychrometers. — ^The factor A in the above equation differs 
materially according to whether or not the wet bulb is in quiet or 
in moving air. In view of this the instrument has been regarded 
as a notoriously unreliable one. By modifying the construction, 
however, so that air at a definite velocity is drawn past the thermo- 
meter bulbs, it may be converted into a satisfactory instrument. 
* This important fact was demonstrated by the Italian physicist 
Belu in 1830, and in view of the simplicity of the device it is some- 
what surprising that the stationary form of wet and dry bulb hygro- 
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meter is tolerated at all to-day/ says Qriffiths in a Disoussion on 
Hygrometry before the Physical Society. He showed that if the 
velocity of the air exceeds about three metres per second the factor 
A assumes a constant value for a particular instrument. It is 
determined from simultaneous readings obtained with this hygro- 
meter and with Regnault’s [modern type, cf. p. 268]. 

To obtain a sufficient velocity of air past the thermometers they 
are secured to a rod and whirled round, or an electric motor may 
be used to draw air past them. The following instrument designed 
by Griffiths and an improvement on an earlier pattern by 
Assmann is known as a tubular psychrometer. It consists of a 
steel tube, Fig. 13*3 (a), in which the thermometers are placed. 
By means of a fan coupled to an electric motor, air is drawn past 
the bulbs of the thermometers. After the sack round the wet 
bulb has been moistened the instrument may be used for 40 min- 
utes without replenishing the supply of water. A glass window is 
inserted in the tube so that the thermometers may be read. An 
advantage of this instrument is that it is not necessary for the 
observer to be in the room where the humidity is being determined. 

The Chemical or Gravimetric Hygrometer. — In this method 
air at a known moan temperature, indicated by thermometers placed 
in the immediate vicinity of the apparatus, is drawn over pieces of 
pumice soaked with concentrated sulphuric acid (this is more effi- 
cient than calcium chloride) and contained in tubes D, Fig. 13*4. 
The pieces of pumice stone must not be too small or the amount 
of acid excessive, so that air passes freely through the tubes, the 
pressure of the air in A then being atmospheric. The aspirator A 
contains water, the vapour of which is prevented from reaching the 
absorption tubes by means of calcium chloride contained in a 
bottle B. The cork in the aspirator supports two glass tubes bent 
at right angles ; one acts as a siphon and the other serves to connect 
the aspirator with the rest of the apparatus. The assembling of 
the apparatus is facilitated by using absorption tubes of the type 
shown in the diagram. To prevent air leaking into the apparatus 
the corks are pushed well into the tubes and the necks of the 
bottles A and B, and then covered with molten wax ^ which is 
allowed to solidify. The tube C contains asbestos wool which 
serves to prevent dust particles from reaching the absorption tubes. 

Before using this hygrometer it is essential to discover whether 
or not the apparatus is leaking. To do this, the stop-cock Ti is 
closed, while the stop-cocks T, and T^ are opened. On opening 
the stop-cock T 4 attached to the delivery tube no water should 
exude from the apparatus, or rather it should not continue to 

^ A suitable wax consists of a mixture of beeswax and vaseline— about 
equal parts being melted together and then allowed to solidify. 
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do 80 — ^it will flow out slowly at flrat until pressure conditions 
inside the apparatus have adjusted themselves to correspond to 
the difference in level between the water in A and that of the 
exit of the delivery tube. If water continues to flow out there 
is a leak, and this must be rectified before proceeding further. 
It is essential that all the air finding its way into the aspirator 
should have passed through the drjring tubes. 

T4 is then closed and the drying tubes removed in order that 
their mass may be ascertained. Ihiring the above process the 
pressure inside A will have become atmospheric. All taps are then 



Fio. 13-3.— (a) Wot and opened, T4 being adjusted so that the rate 

Dry Bulb Hygrometer of flow of the water is about one litre per 

(a ^^B^ohrometer? minute. After about half an hour, T4 is 

(t) Sectwn^a^BB^^XX. closed and the increase in mass of the 
dr3dng tubes determined. The mass of 
the water which has escaped from the apparatus is also determined. 

If all corrections are neglected, the mass of water per cubic metre 
of the air is then deduced : if the amount required to saturate 
an equal volume of air at the same temperature and pressure is 
known, the relative humidity may be calculated. The objection 
to this method is that it occupies a considerable time and only 
gives a mean value of the humidity. 

Theory of the Gravimetric Hygrometer. — ^For the sake of 
simplicity we shall assume that 0 is the temperature of the air and 
the aspirator, and that it remains constant. Let V be the volume 
(in cubic metres) of water run out from the aspirator. Let P be 
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the barometrio pressure ; p the actual pressure of the water present 
in the air and p^ the .saturation vapour pressure of water at C. 
Since the dry air leaving the drying tubes and passing into the 
aspirator becomes saturated with water vapour the total pressure 
P inside the aspirator is made up of the saturation vapour press- 
ure of water at 0® C., and (P — p,), the partial pressure of the 
dry air. 

But this air was moist when it entered the hygrometer, its partial 
pressure then being (P — p). Then Vj, the volume of air entering 
the apparatus, is, by Boyle’s law, given by 
V,(P-J)) = V(P-J,.). 

Let be the increase in the mass of the diying tubes after an 
experiment. Then the mass of vapour present per cubic metre is 

— p 

v,~v p-p,- 

Now, unfortunately, in the above equation p is not known. It 
may be calculated as follows. Let a be the relative density of water 
vapour with resx>ect to air at the same temperature and pressure — 
then under the low pressures here contemplated a is a constant. 
If M is the mass of a cubic metre of air at S.T.P., the mass of a 
cubic metre of air at pressure p and temperature 0 is 

76(^^)- [« = T+,deg.-.0,l 

The mass of a cubic metre of water vapour at pressure p and 
temperature 0 is therefore 

Mper . P — p 

76(l+a0)~V P-p/ 

Prom this equation p is determined. The relative humidity is 
then given by X lOOJ per cent. 

[The mass of water present in a cubic metre of air measured under 
existing conditions may then be calculated — ^it is not given at once 
by this method as ordinarily supposed. The above quantity is 
termed the absolute humidity of the atmosphere.] 

A Modern Form of Regnault’s Apparatus. — The hygrometer 
itself, consisting of a silver thimble at the end of a glass tube, is 
mounted in the lid of a wooden box one half of which may be moved 
about hinges attached along that edge of the box passing through A, 
Fig. 13*5. Air is forced through some ether placed in the thimble by 
gently squeezing a rubber ball attached to the air inlet by rubber 
tubing. The surface of the thimble is viewed through a doubk 
glass window, the interior of the box being illuminated by a lamp 
L placed outside the box. Before a determination of the humidity 
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at any station is made, the lower half of the box is made to oscillate 
several times to ensure that the air inside the box is an average 
sample. The box is 
then closed and the 
experiment con- 
ducted in the usual 
way. The particular 
advantage of this 
apparatus is that 
the hygrometer is 
screened from the 
observer while ob- 
servations are being 
made. This is very 
essential when the 
temperature is low, 
for it must be re- 
membered that at 
0° C. less than 5 gm. 
of water is sufficient 
to saturate a cubic 
metre of air. 

Cloud and Mist. 

— The production of 
mist or cloud is one of the results produced by the condensation 
of moisture in the air — a cloud simply being mist at a high 
altitude. In order for such small drops of water to be formed 
some dust particles or electric charges must be present upon which 
the water vapour may condense. The drops must be extremely 
small since they do not fall to the earth — the viscous nature of 
the atmosphere is slight, but nevertheless sufficient to prevent 
any rapid motion of these particles. There is a tendency, however, 
for these drops to coalesce, and when they are sufficiently large, 
rain is precipitated. 

Snow and Hall. — Snow is probably a consequence of the direct 
passage of water vapour into the solid state. Hail is most likely due 
to the freezing which takes place when rain-drops pass through 
strata of air where the prevailing temperature is below 0^ C. By 
cutting a hailstone in halves it has been shown that such a stone 
may consist of several distinct layers, proving^ that moisture has 
condensed upon the original piece of hail sev^l times, and, after 
each condensation, freezing has occurred. 

Dew and Frost. — ^The small drops of water which are seen clinging 
to stones, etc., in the early hours of a summer morning and at 
other times are referred to as dew. These drops have not been 


Fia, 13.5.- -N.P.L. Form of Regiuiult’B 
Hygrumotor. 
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produced in the regions remote from the surface of the earth, but 
in the immediate vicinity of the earth’s surface. Dew is generally 
noticed when clouds have been absent. The absence of cloud 
permits heat to be radiated into space and this loss of heat is 
followed by a local lowering of the temperature. This lowering is 
much more marked when stones, etc., are present, for these are 
good radiators, and if the temperature is lowered below the dew- 
point the appearance of water-drops on the cooled object is the 
result. 

When there is no wind the layers of air near to the objects from 
which heat is being radiated are cooled more rapidly, so that the 
production of dew is favoured. The conditions favourable for the 
formation of dew were first stated by Wells (1812) in a celebrated 
’ Essay on Dew,’ and are as follows : 

(i) there should be a cloudless sky, 

(ii) there should be no wind, 

(iii) the relative humidity of the atmosphere should be high. 

In 1880 Aitken extended the above theory. He maintained 

that there are two t 3 rpe 8 of dew : 

(i) that which depends on the water vapour present in the 
atmosphere, 

(ii) that which results from the water given oflF by the leaves of 
plants. This is emitted as a vapour and under normal conditions 
passes at once into the unsaturated air. When the air near the 
leaves is saturated with water vapour, then that which comes from 
the leaves appears as dew on them. 

If the dew-point is below 0"^ C., and the temperature still lower 
the water is deposited as hoar-frost. When the temperature is 
below 0®C. but the air not saturated with moisture, then the 
prevailing conditions are known as a black-frost. 


EXAMPLES XIII 

1. — Write a short essay on the measurement of the humidity of the 
atmosphere. — (L. ’28.) 

2. — Define the terms relative humidity^ absohde humidity^ and aaiur- 
ated vapour. Describe and discuss the method due to Eegnault and 
the chemical (or gravimetric) method of determining the relative 
humidity of the atmosphere. 

3. — Explain how the absolute humidity and the relative humidity 
of the air may be measured. 

In certain conditions of weather, the walls and tiled floors in a house 
may become very damp. How do you account for this T How may 
it be prevented ? 



CHAPTER XIV 

THE DYNAMICAL THEORY OP HEAT 

Early Theories of Heat. — From the early days of science down 
to the beginning of the nineteenth century two rival schools had 
expressed their opinions concerning the nature of heat. The one 
regarded heat as a subtle fluid which permeated the pores of a body ; 
the other maintained that heat was due to the motions of the 
molecules. Neither theory was well founded — in fact, we may use 
them to compare the way in which research was prosecuted by the 
Ancient Greeks and that adopted to-day— or rather, the ways were 
always the same, only the various factors were assessed differently. 
The phUosophers of the Classical Era were satisfied with very few 
facts and proceeded at once to form a theory when they had become 
cognizant of them. Nowadays, it is not until many facts from a 
multitude of various sources have been obtained that a theory is 
attempted. 

The Caloric Theory. — ^This theory attributed heat to the pres- 
ence of a self -repellent and all-pervading fluid. It was attracted by 
all forms of ordinary matter and an increase in temperature was due 
to a gain in caloric, the resulting expansion being due to the mutual 
repulsion of its particles. It was generally held to be imponderable. 
The conduction of heat was attributed to the flow of caloric from a 
higher to a lower temperature — ^the driving agent being the self- 
repellent nature of this imponderable fluid. 

Hard Facts for the Calorlsts. — The adherents of the caloric 
theory were weU acquainted with the fact that heat may be pro- 
duced by friction as when a savage rubs two pieces of dry wood 
together to kindle his fire, or when a grinding wheel wears away the 
surface of a metal it is polishing, and the heat developed is so great 
that the abraded material is raised to incandescence. The calorists 
explained this by making the arbitrary but incorrect assumption that 
the thermal capacity of a substance was less in the powder form than 
otherwise. But still harder facts were in store for them. In 1708, 
while engaged in the boring of cannon at Munich, Count Rumfobd 
noticed the large amount of heat developed in this process. To 
test the matter further be used a blunt borer. The heat was still 
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generated, although the amount of abraded metal was negligibly 
small. The calorists, however, held steadfastly to the tenets of their 
theory, but when Davy showed that ice could be melted by rubbing 
two pieces together the death-knell to this theory was sounded 
(1799). According to the calorists, the friction had caii^d caloric 
[heat] to be squeezed out from the ice, i.e. the thermal capacity of 
water would be less than that of ice. This was contrar}^ to experi- 
ment. Davy therefore concluded that this imponderable fluid 
called caloric did not exist, but- that the motion of the ice molecules 
was increased by the rubbing, and that this increased motion 
revealed itself in the melting of the ice. 

Joule’s Experiments and the First Law of Thermo- 
dynamics. — ^During the years 1842-1848 Joule [of . Manchester] 
made some classical experiments on the relationship between 
mechanical work and heat. He showed that, irrespective of how 
the work was done, the heat generated was directly proportional to 
the work done. If W is the quantity of work done [usually measured 
in ergs], Q the amount of heat (calories) produced, the above state- 
ment is expressed by the equation 

W== JQ, 

where J is a constant, known as the mechanical equivalent of 
heat. 

Modern work has shown that J =» 4*184 x 10^ erg. cal.*^, i.e. 
4*184 X 10^ ergs of work must be developed to produce one calorie. 
In the f.p.s. system of units 1440 ft. Ib.-wt. of work are necessary 
to raise the temperature of 1 lb. of water 1° C. ; this is equivalent 
to 772 ft. Ib.-wt. deg.*"^ F. 

Although Joule was the first to make any accurate measurements 
on the relationship between heat and work, the fact that there 
might be a connection was suspected in 1842 by a German physician, 
Mayer. He noticed that the blood in the veins was brighter in 
colour for persons in tropical lands than elsewhere. He argued 
that the gain in heat by a person in the tropics was greater than that 
in cooler regions ; the decomposition of the blood was therefore 
less severe and so it had a brighter colour. 

A diagrammatic sketch of Joule’s first apparatus is shown in 
Fig. 14*1 (a). The water in a calorimeter A was churned by a 
paddle canying eight vanes, the mere rotation of the water being 
prevented by four fixed vanes inside the calorimeter — cf. 
Fig. 14*1 (6). The calorimeter was placed inside a constant tem- 
perature enclosure and supported on three ivory feet. The box- 
wood cylinder C acted as a heat insulator between the calorimeter 
and the axis of the paddle. The motion was imparted to the 
paddle by means of two large masses, M^ and M^, capable of descend- 
ing through a fixed distance. These masses were carried by strings 
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fastened to the axles of two large pulleys, BB, mounted on ‘ friction 
wheels.' 

If wi 1 and m* are the masses of the large metallic blocks, and h the 
height of fall, the work done in one descent is (m, + for the 

force (wj + i.e. the total weight, acts through a distance h. 
The blocks were allowed to fall n times to produce an appreciable 
rise in temperature of the calorimeter and its contents, so that the 
total work done was n[(mi + = W. The wooden cylinder, 

D, round which the string passed, w«w attached to the axis of the 
paddle by a taper pin, P, and this was removed to prevent the paddle 
rotating while the masses were being raised. 

If C is the thermal capacity of the calorimeter and its contents, 
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0 the observed rise in temperature, the quantity of heat produced, 
measured in calorics, is CO — Q, so that 

^ W n[mi + m^gh 
^ ~ Q CO 

In deriving this formula wo have assumed that there has been 
no exchange of heat between the calorimeter and its surroundings, 
and that the whole of the energy possessed by the blocks has been 
given to the calorimeter and its contents. Joule made a correc- 
tion for the heat exchange by observing the rate of cooling of the 
calorimeter. Another correction is also necessary, for when the 
blocks reached their lowest position they wore moving with a certain 
definite velocity—say v—so that their kinetic energy was 
J(m, + This must be subtracted from the total potential 
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energy to obtain the energy imparted to the oalorimeter. A further 
correction is necessary for the work spent in overcoming friction 
in the moving parts outside the calorimeter. To estimate this 
Joule disconnected the drum D from the paddle at G and the cord 
from the pulleys was passed round it in such a manner that as one 
block feu the other rose. To produce this motion a smaU mass fi 
was placed on one of the masses, it being adjusted so that the motion 
was uniform. The resistance due to friction was therefore /ig 
dynes and the total work spent in overcoming it nhjAg. The energy 
actually given to the water before any had been lost by radiation, 
etc., was therefore 

n[(mi + m,) {gh — Jv*) - /igh], 

BO that the correct equation is 

T _ + ^nt){gh — Jv*) - fxgh] 

" G0\ 

where Ox represents the corrected rise in temperature, i.c. the tem- 
perature rise obtaining in the absence of heat losses. 

Joule’s Second Apparatus. — ^About thirty years after the above 
experiments had been completed the British Association requested 
Joule to repeat his work because, in the meantime, some experiments 
in which electrical energy had been converted into heat had been made 
and there was a discrepancy of 1 per cent, between the values of J 
obtained by the two method. In the earlier form of apparatus the 
rise in temperature was only 0'5^, and the heat was not generated 
continuously. In addition, the paddles did not exx)erience a steady 
resistance, for it was a maximum when the paddles moved through 
the openings in the fixed vanes. Originally there had been four 
vanes and eight paddles so that these maxima occurred eight times 
per revolution. In the second apparatus, Fig. 14*2 (a), there were 
four yanes and two sets of padcUes each with five arms as at (6). 
Consequently there was never more than one paddle passing through 
an opening in the vanes at the same instant, yet such an event 
occurred forty times in each revolution. In consequence of this the 
driving torque was more steady and there was less vibration set up 
in the apparatus. 

The calorimeter, A, was supported so as to be free to rotate with 
the paddle, but such a rotation was prevented by applying a couple. 
For this purpose a fine silk cord passed round a groove on the surface 
of the calorimeter. This cord passed over two pulleys, BB, and 
carried scale pans, SS, suitably loaded. The motion was obtained 
by means of the hand-wheels, GO, a heavy flywheel, D, being 
attached to the vertical shaft to assist in steadying the motion. 
A conical bearing, E, supported the vertical sli^. After some 
preliminary work Joule found that the friction of the bearings was 
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not constant and so invented the hydraulic supporter, FQ, to reduce 
the pressure on the bearing. This consisted of two co-axial vessels, 
F and Q, the space between them being filled with such a quantity 
of water that the three uprights attached to the lid of the hollow 
vessel and in contact with the base of the calorimeter just relieved 
the thrust on the bearing. 

In making an experiment the calorimeter was filled with a known 
mass of water and its temperature noted. The thermometer was 



(a) L 

Fia. 14-2.'-Joule’8 Second Apparatus. 


removed and the wheels rotated so that the two masses were in 
equilibrium at a distance of one foot from the floor. They were 
maintained in this position for thirty-five minutes, after which 
the paddles were brought to rest and the final temperature re- 
corded. The number of revolutions was counted mechanically. If 
(Wi + is iih® of masses suspended from the silk 

cord, and r is the radius of the calorimeter, the work done in n 
revolutions is 27m{mi + is equal to JCO, where C is 

the thermal capacity of the calorimeter and its contents, and 0 its 
rise in temperature. From these observations J was calculated. 
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At a later date Howlakd made an elaborate series of experiments 
\mng a calorimeter and method similar to the above. The calori- 
meter was rotated mechanically to obtain a large rise in temperature 
in a relatively short time. This diminished the correction for heat 
lost by radiation, etc. — in fact, the correction was only one-fiftieth 
of that in Joule’s experiment for the same rise in temperature. 

Laboratory Method for the Determination of J. — The instru- 
ment used, which is based upon the original design by Callsndar, is 
illustrated in Fig. 14-3 (a). The principle of operation is as follows : — 
Mechanical energy is dissipated by means of a special brake rubbing 
on the outside of a rotating brass drum, or calorimeter, containing 
water, and the heat energy developed is deduced from observations 
on the rise in temperature of the water and the water equivalent of 
the calorimeter and its contents. The calorimeter drum, A, is rotated 



Fio. 14*3. — Callondar’s Apparatus for J (Meohanioal). 


about a horizontal axis by means of a driving wheel, B. This wheel 
can be driven either by hand or by a 0*1 h.p. motor through 
suitable reduction gearing. The number of revolutions made by 
the calorimeter drum is automatically recorded by the counter C. 
The brake consists of a silk bolt arranged to fonn complete turns 
round the drum. Unequal and adjustable masses, Mi. and M,, 
are suspended from the ends of this belt, and are automatically 
maintained in a position of floating equilibrium by a light spring 
balance S acting in opposition to the weight of Mt— see Fig. 14*3 (6). 
The extreme flexibility of the belt ensures that the difference between 
the weights of the loads at the two ends of the belt measures the 
friction. The rise in temperature of the water in the calorimeter 
is observed by means of a mercury thermometer inserted through 
an axial opening in the front of the cylinder. The bulb of this 
thermometer is bent round so that it is totally immersed in the 
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water. To ensure good results the surface of the drum should be 
kept as smooth and bright as possible and the belt dean and dry. 

The work done, W, is the product of the difference of the weights 
on the two sides multiplied by the number of revolutions and the 
circumference of the drum [cf. p. 67]. Thus if iHi and m, are the 
masses of the loads respectively in grams, a the reading of the 
spring balance in gm.-wt., then the weight on one side is 
while the effective weight on the other is (m, — 8)gt since the spring 
balance acts in opposition to the weight of Mf Hence 

W = 2n7if[m, — (m, — s)]g erg., 

where r is the radius of the drum, and n the number of revolutions. 
If C is the thermal capacity of the calorimeter and its contents, 0 the 
rise in temperature, then Q = CO, so that 

j - ^ 

To apply a correction for the heat lost, the initial temperature of 
the water should be two or three dogrec^c below that of the room. 
The drum is set in motion and the instant when the temperature is 
that of the room noted. The duration of the experiment from tills 
stage is noted, and the calorimeter then left to cool for the same time 
— the drum should be rotated but the band removed so that the 
heat is lost under the same conditions as in the actual experiment. 
Let AO he the fall in temperature during this interval. Since the 
mean excess of temperature over the surroundings is half the final 
excess, the rate of loss of heat at the end of the experiment is twice 
the mean rate of loss of heat during the actual experiment. If 
\A0 is added to 0, a correction for the heat lost from the calorimeter 
will be made. Hence 

^ ““ M(0 + iA'O) ' 

In an actual experiment n = 662, 2r = 14*9 cm., m| = 4265 gm., 
m, = 202 gm., s = 37 gm.-wt. (mean value), M = [300 + (384 
X 0*092)] gm., 0 = 8-50^ C., AO -= 0*80** C. [Time == 6 mins.] 
Hence 

J[300+ (384 X 0 092)] [8-6 + 0*4]=3-14 X 14-9 X 662 X 4100 X 981 
J == 4*18 X lO’^ erg. cal.’*. 

Callendar’s Electrical Method of Determining J. — We have 
already described the continaous-flow method of determining 
specific heats. In that method the value of J was assumed : we 
may now reverse the process and, having defined the mean specific 
heat of water over a range in temperature from Id** G. to 20” C. 
to be 1 cal. deg.^^ C., proceed to calculate J. Hitherto only 

l.P. L 
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a laboratory form of apparatus has been desoribed, but, on 
account of tbe importance of this type of calorimetry both in 
industry and pure science at the present time, the actual calori- 
meter wiU now be described. 

The electrical method is very advantageous, for the. supply of 
heat can be controlled accurately. The method was suggested at 
an early date and even Joulb made measurements in this way, 
but, at that time the electrical units were not known 
accurately. Joule did not place much reliance upon his results, and 
the fact that there was a discrepancy of 1-5 per cent, between the 
electrical and mechanical methods induced Rowland to perform the 
experiments already mentioned. Jamik determined J by an 
electrical method and detected a variation in the specific heat of 



water : the variation he obtained was twenty times that discovered 
by Regnault. 

GnnTFiTHS, at a later date, employed an electrical method, and 
diminished the external loss of heat by enclosing the calorimeter 
in a vacuum, but the vacuum he obtained was not exceptionally 
efficient for this purpose. 

SoHUSTEB and Gannon also used an electrical method, but they 
used mercury thermometers so that their results are open to the 
objections raised against such thermometers. 

In all the above experiments the thermal capacity of the calori- 
meter was not always even small ; Callendar’s steady flow calori- 
meter, Fig. 14-4, is so used that the thermal capacity does not 
appear at all in the calculations. A steady stream of water passing 
through a fine tube is heated by an electric current through a central 
conductor. The increase in temperature between inflow and out- 
flow was determined by a pair of platinum thermometers arranged 
differentially. This enabled the temperature difference to be 
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measured with an accuracy unattainable with mercury thermo- 
meters. To minimize the external loss of heat the flow-tube and 
thermometer pockets were sealed in a vacuum jacket. The whole 
was surrounded by a water jacket at a temperature of the inflow so 
that the exchange of heat between the calorimeter and its surround- 
ings occurred under constant conditions. The current and potential 
difference along the conductor wore measured by a potentiometer 
method. 

n these are I amperes and V volts respectively, the energy dis- 
sipated per second is VI x 10^ ergs. If m is the mass of water 
flowing per second and 0 the observed rise in temperature the heat 
produced per second is nud calories. Hence 


VI X 10’ 
mO 


erg. cal."*^ 


In this equation we have assumed that the heat lost is zero. The 
actual method of determining this heat loss has already been ex- 
plained [cf. p. 206] : only there we assiuncd J to find the specific 
heat of a liquid, \vhereas now we assume the specific heat of water 
to be unity and determine J. The specific heat of water varies 
with the temperature : it is taken to be 1 cal. gm.""^ deg.”"^ C. over 
the range 16® 0.-20® C., so that when J is being determined the 
experiment must be made over this range of temperature. The 
great merit of the continuous flow calorimeter is that when once J 
is known the capacity of a liquid for heat over a small temperature 
interval may be determined accurately. By surrounding the calori- 
meter with a water jacket at the temperature of the inflow at these 
higher temperatures, a further advantage was gained — ^the actual 
heat lost was made smaller than if the jacket had been at room 
temperature. We have also seen how the method was applied 
to measure the specific heat of a gas at constant pressure. 

A Simple Hot Air Engine. — ^In the experimental determina- 
tions of the mechanical equivalent of heat described above, a 
measured amount of mechanical or electrical energy has been disu- 
pated and the corresponding amount of heat determined oalori- 
metrically. A device whereby heat is converted into mechanical 
energy is termed a heat engine. A simple but nevertheless inter- 
esting form of heat engine may be constructed as follows: A, 
Fig. 14*5, is a silica flask connected to a U-tube of the dimensions 
shown and containing mercury. D it a stop-cock. The air in A 
is heated by means of a bunsen burner. The pressure inside A 
increases so that the mercury is pushed down in one limb of the 
U-tube and raised in the other. D is opened for a fraction of a 
second and then closed. The mercury returns to the equilibrium 
position, but its momentum causes it to overshoot this mark : if 
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the amount of mercury in the U-tube haa been properly adjusted 
it will begin to osciUhto and continue to do so as long as heat is 
supplied to the air in A. 

The operations which occur are as follows : heat is communi- 
cated to the air so that the pressure inside the apparatus increases. 
When the mercury descends in B and rises in C, the pressure of the 
air in A is reduced and a certain amount of air finds its way into B. 
Here it loses heat to the cooler portions of the apparatus, so 

that the pressure of 
the air is reduced. The 
air which had been 
driven from A returns, 
and is then heated once 
more : the process con- 
tinues if the period 
of oscillation of the 
mercury in the U-tube 
is correct with regard 
to the rate at which 
heat is taken in and 
given out by the air 
in A. 

The characteristic features of a heat engine and those found in 
the above are : (i) the working substance (air) which expands and 
does work when thermal energy is supplied to it, (ii) the source of 
heat, (iii) the sink or cooling arrangement whereby the working 
substance is cooled after it has performed work and returned to 
its original state in the engine so that it may again take part in 
the working of the engine. 

Isothermal and Adiabatic Changes.— Graphical Repre- 
sentation of the State of a Substance.— The pressure and 
volume of a gas may be indicated by co-ordinates : if either or 
both vary, the j)oint representing the state of the gas will trace 
out a curve. This method of representing the state of a substance 
was devised by Watt for the purpose of calculating the work done 
by a steam engine. In general, as the state of the gas varies the 
temperature will also change, i.e. there must be an exchange of 
thermal energy between the gas and surrounding objects in order 
that its state may change. It may happen that the temperature 
remains constant although the state of the gas varies — such a change 
is said to be isothermal, and the curve representing the relation 
between p and v under these conditions is known as an isothermal 
curve. If a gas changes its state in such a way that there is no 
transfer of heat between it and its surroundings, the change is 
termed adiabatic; the curve representing the relation between 



Fiq. 14*5.— a sirnple Hot-Air Engine. 
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f and V when no heat is supplied to or removed from the gas is 
known as an adiabatic, * 

Let us examine the two changes more closely. Suppose that the 
gas is contained in a cylinder fitted with a piston. Let us assume 
that the gas is slowly compressed. According to the kinetic theory 
of gases, the temperature of a gas is determined by the mean 
kinetic energy of its molecules. When the piston is moved inwards 
work is done on the gas, i.e. energy is imparted to the gas mole- 
cules so that the temperature of the gas rises. K the rate at which 
work is done on the gas is very slow, there will be an exchange of 
heat between the gas and the walls of the cylinder, and when the 
above rate is infinitely slow the average kinetic energy of the gas 
will remain constant. Such is an isothermal change. 

When the piston is pushed in very rapidly, however, there is no 
exchange of heat between the gas and the walls, so that the tem- 
perature of the gas rises, and although the temperature has increased, 
no heat has been imparted to or abstracted from the gas, i.e. the 
change is adiabatic. 

If, in addition,^ at all stages during an expansion the pressure 
inside the cylinder only differs from that outside by an infinitely small 
amount, expansion is said to be reversible : it is important because 
the pressure p is then identical with the p occurring in the char- 
acteristic equation for the gas. Every isothermal expansion is 
reversible. 

The equation to an isothermal is pv = constant, for this is the 
type of expansion governed by Boyle’s f^aw. It can be proved that 
the equation to a reversible adiabatiij is pv^ == constant, where y 
is equal to the ratio of the two principal specific heats of the gas, 

i.e. Y = [cf. p. 215]. 

tv 

Work Done by a Gas during a Reversible Expansion. — 

Suppose that a piston, acted upon by a pressure p from outside 
moves reversibly from A to B, Fig. 14-6 (a), between the walls of a 
cylinder containing gas. Such an expansion will take place when 
heat is supplied very slowly to the gas, and during the process the 
pressure of the gas inside the cylinder will remain constant : in 
fact it is equal to p. If the distance through which the piston 
moves is (arg — Xi) and S is the area of the piston, the work done 
by the gas is equal to the force on the piston multiplied by the 
distance through which the point of application of the force moves; 
viz. pS (x 2 — = p X change in volume. If the change in volume 

is small, viz. dv, the work done by the gas in this small reversible 
expansion is p,Sv, 

Consider now the reversible expansion of a gas along a continuous 
curve AB, Fig. 14*6 (6) : let a and b be two points very close together 
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on the curve while m and n are the projections of these points on 
OX, just as M and N are the projections of A and B. The work done 
during the expansion £rom m to n is am.mn, since abnm may be 
regarded as a rectangle when mn is small as we have assumed. 
It therefore follows that W the total work done by the gas during 
the reversible expansion from A to B is represented by the area 

ABNM, i.e. 

Jvx 

This expression can be evaluated when the working substance 
is an ideal gas and the expansion is isothermal or adiabatic and 



reversible. In the former instance, if we consider unit mass (1 gm.) 
of the substance 


W 


"J/ 


2-303 , V. 


Vl 


For an adiabatic expansion from to v^, we have = p^v^, 
SO that 


r 1 1 ~] 

y — 


= m - P jVt 
y-i 


[V 


[For another expression for the work done in a reversible adiabatic 
expansion, of. p. 288.] 

On the Changes in Temperature Produced when a Gas 
suddenly Expands or Contracts.— When agas is allowed to expand 
reversibly and no heat is permitted to enter the system there must 
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be a fall in temperature, for energy equal to the work done must 
be supplied by the moleoules, i.e. their kinetio energy is reduced. 
Such an expansion is termed a reversible adiabatic or isentropic 
expansion. In the experiments to be described these conditions 
are only fulfilled approximately. A, Fig. 14*7 (a), is a wide glass 
tube fitted with a rubber bung through which passes a thermocouple 
connected in series with a high resistance galvanometer, Q. A 
smaller tube leads from A to the large bottle B, in which the air 
pressure may be reduced with the aid of a filter pump as indicated. 
G is a stop-cock by means of which the air in A may be shut off 
from that in B, while D permits the whole apparatus to be filled 
with air at atmospheric pressure. 



When the pressure of the air in B has been reduced and the tap 
E closed, C is opened — there is a sudden drop in the pressure of 
the gas in A and the galvanometer is deflected. After a short time 
this deflexion is reduced to zero showing that the temperature of 
the gas has been restored to its original value. To determine 
whether or not the gas was cooled or heated by the expansion, a 
lighted match is held below the thermocouple. The deflexion 
will be in the opposite direction to that cited above, i.e. the expan- 
sion of the gas was accompanied by a drop in temperature. 

To show that there is a heating effect when a gas (air) is suddenly 
compressed, a metal tube, P, Fig. 14*7 (6), is attached to the end of 
a bicycle pump. A thermocouple, T, is placed inside this tube and 
connected to a high-resistance galvanometer, 6. This thermo- 
element is supported in a rubber bung securely fastened to the 
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apparatus so that it shall not be forced out when the pressure inside 
is increase. The pressure of the air in the apparatus is suddenly 
increased by pushing in the piston B, and the deflexion of the 
galvanometer indicates that a heating effect has occurred. 

[A mercury thermometer must not be used in these experiments 
owing to the change in volume of the bulb which takes place when 
the external pressure on it is varied.] 

To account for this rise in temperature which occurs when a gas 
is suddenly compressed wo have to use the principle of the con- 
servation of energy, for the work done on the gas is equal to the 
increase in the kinetic energy of the molecules plus the energy 
which escapes from the system. Now under the conditions of the 
experiment this escape of energy is prevented so that the work 
done on the system is spent in increasing the energy of the gas 
molecules, i.e. the gas gets hotter. [The lower end of a bicycle 
pump becomes very warm when the pump is used to inflate a 
tyre.] 

In a similar way it may be shown that a gas becomes cooler 
when it expands adiabatically and reversibly. 

The Cooling Produced when an Ideal Gas expands Revers- 
ibly and Adiabatically. 
— Suppose that the initial 
state of unit mass of a 
gas is represented by the 
point A, (pi, Vi), on a pv 
diagram — cf. Fig. 14-8. 
Let the gas expand revers- 
ibly and adiabatically to 
(2>2» ^ 2 ) I 

receives heat from the 
surroundings until the 
pressure becomes pg, the 
volume remaining while the temperature is restored to its 
initial value — ^its state is represented by C on the diagram. 

Since A and B are points on a reversible adiabatic 

= pgv.r. 

But piVi = RTj and p^v^ = RT„ since A and B are on the iso- 
thermals Ti and T, respectively. 

Eliminating the p’s from these equations [we could, of course, 
eliminate the v’s], we have 

\^i) ‘ Pi Vi ‘ Ti’ 
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Since ^ 2 ^ (y 1) positive it follows that 


vAr-i 


>h 


so that when a gas expands reversibly and adiabatically cooling 
must occur. If Tj, and Vg, together with y, are known, Tj may 
be calculated and the cooling (T^ — Tj) deduced. 

In consequence of the fact that the temperature falls when a 
gas expands reversibly and adiabatically it follows that the curve 
AB, Fig. 14*8, must be below AC, and if AB and AC represent the 
portions of the curves traced out in infinitely small expansions 
the slope of an adiabatic is necessarily greater than that of an 
isothermal at a point where the two curves intersect. 


Calculation of J from the Difference between Cp and — 
Let unit mass of gas at a pressure p dyne, cm.** and absolute 
temperature T occupy a volume cm.®. To raise its temperature 
to (T + 1) requires cal. of heat if the volume remains constant. 
This heat is utilized entirely in increasing the kinetic energy of the 
gas molecules, if the gas is an ideal one. Now suppose that the 
unit mass of gas is heated from T to (T + 1) at constant pressure. 
The heat requiited is Cp. But if the volume has changed from 
Vx to Vg, some of the heat supplied will have been utilized in doing 
work against forces due to the external pressure. This work is 
p{v 2 — Vi) [cf, p, 216], Thus the heat supplied to increase the 

Now 


energy of the molecules in this instance is — - 


~ Vi) 

J 


an equal increase in the molecular energy is obtained by supplying 
an amount of heat at constant volume. Hence. 


P(V2 - vj) ^^(T I- i)-9dT dt 

Cy - Cv - j — — - - J . 

This equation may be written 



so that Cp — may be calculated when p, v, and T are known. 
Again, we may write also 

_ R 


where R is the gas-constant for one gram-molecule (the so-called 
universal gas constant) and M is the molecular weight of the gas 
considered. 


Now for air at 0° C., Cp = 0*240 cal. gm. ^ deg. ^ C., 
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c, = 0*171 cal. gm."^ deg."^ C., and since air at S.T.P. has a density 
0*00129 gm. cm.“® 

76 X 13*59 X 981 


= 


273 




J = 4*17 X 10» erg. oal.-». 

In the same way, if a gram-molecule of an ideal gas is considered, 
it may be shown that 






Since 1 gram-molecule occupies 22,400 cm.^ at S.T.P. 

^ = 8*34 X 10’ erg. gm.-mol.-i deg.-> K. 

■*^0 

= 2 cal. gm.-mol.”^ deg.“^ K. 

Thus the two principal molecular heats of an ideal gas differ by 
2 cal. gm.-mol.-^ deg.“^ K. 

In making the above calculation we have assumed that no work 
has been necessary to pull the molecules apart against their mutual 
attractions. To test this point Jonus (1 845) devised the apparatus 
shown in Fig. 14*9 (a). A and B were two copper vessels connected 
together by a pipe fitted with a metal stop-cock of special design 
so that it was air-tight even when subjected to large pressure 
differences. A was filled with dry air at a pressure of 22 atmo- 
spheres, while B was exhausted. Both vessels were immersed in 
a large tank of water and when the temperature of the whole had 
reached a steady value, the stop-cock was opened. After thor- 
oughly stirring the water no change in its temperature could be 
detected although the mercury thermometers used were sensitive 
to a change in temperature of 0-005° F. Joule concluded that no 
internal work was done. He then devised a modification of the 
above experiment and in doing so was actually repeating some 
earlier work by Gay-Lussac, although he was probably unaware of 
this fact. The above apparatus was inverted and the two copper 
vessels placed in different vessels of ’ water, the thermal capacities 
of these vessels and their contents being known, the stop-cock 
also being immersed in another vessel containing water. When 
the gas was allowed to expand from A to B the temperatTire of the 
water round A fell appreciably, but this was accompanied by a 
rise in temperature of the water round B. The heat lost in A was 
very nearly equal to that generated in B. The very small in- 
equality between these values vanished within the limits of accuracy 
of the experiment when a correction was made for the heat exchange 
between certain portions of the apparatus and their surroundings 
which we have neglected. 
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Now the cooling in the first vessel is due to the meohanioal energy 
spent by the gas remaining in A in driving out that which has 
passed into B, and the heating in B is due to the work done on the 
gas already in that cylinder as this is compressed by the successive 
portions of gas which enter. 

In the first experiment no mechanical work has been done on 
the whole and in its final state the gas occupies a volume twice 
as great as it did initially. It therefore follows that if there is 
any force of attraction between neighbouring molecules it is exceed- 
ingly small, i.e. the amount of internal work done by a gas during 
expansion is zero within the limits of accuracy of these experiments. 



Form of the abovo Apparatus. 

Later work by Jottlb and Kelvin showed that the internal work 
done when a gas expands is not zero, i.e. there is a definite force 
of attraction between the molecules of a gas and this is in part 
responsible for the deviations firom Boyle’s and Charles’ Laws 
exhibited by all gases. 

The heating and cooling efiPects obtained in the second experi- 
ment just described may be shown in the laboratory with the 
aid of the following apparatus ; — ^It consists of two large thick- 
walled vessels, C and D, Fig. 14-9 (6). Each is fitted with a rubber 
bung through which one junction of a copper-oonstantan thermo- 
couple passes. The other junctions belonging to each couple are 
placed in narrow glass tubes immersed in water at room tem- 
perature. Gi and Gs are high-resistance galvanometers placed in 
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series with each thermocouple and their deflexions serve to measure 
the difference in temperature between the junctions. D is exhausted 
and after several minutes, when the temperature is the same at all 
points in and near the apparatus, the stop-cock T is suddenly 
opened. The deflexions of Gi and G, indicate that cooling and 
heating effects have occurred in 0 and D respectively. 

An Ideal Gas. — This is defined as a gas which obeys the laws 
of Boyle and of Charles and for which thcie is no force of attraction 
between neighbouring molecules. This last part of the above 
statement signifies that the energy of the molecules is entirely 
kinetic and depends only upon the temperature of the gas. 

Internal Energy and the Work Done in Reversible Adiabatic 
Expansions. — Censider one gram of an ideal gas. Let U be the 
energy associated with that mass of the gas when its temperaturo is T 
on the absolute scale. Then if dq is the hoat added at constant volume 
so that no work is done, the energy imparted to the gas is J5g, and 
this must be equal to the increase in internal energy, i.e. 5U. 

^ dU 

**• "" dT' 

dq 

But the specific heat at constant volume. 

Hence 6U — Jc^OT. 

When the volume of the gas does not remain constant the first law 
of thermod 3 marnics gives 

Heat (in ergs) added = increase in internal energy 

-f- the external work done by the gas. 

Hence, in a reversible adiabatic expansion 

O = increase in internal energy + external work done by the gas, 
and in an infinitesimally small such change this becomes 

O = JctjdT + external work done. 

In a finite reversible adiabatic expansion 

O =jj<viT 4- external work done (W). 

W = - jj<viT = - Jc,jdT, 

if Cv is constant. 

... W = - Jc.(Ta - TO = Jcv(T, - TO, 
i.e. the work done per unit mass is equal to Jcv times the fall in tem- 
perature. Since ~ = y, and Cp — c*, « J^, the above expn^ssion is 
identical with that obtained on p. 282. 

Note on Experimental Methods for finding Cp. — ^Ih the experi- 
ments dosoribod on pp. 216 and 218, there is a flow of gas through 
the calorimeter : there must therefore be a difference in pressure 
between any two sections across the tube through which the gas 
flows. Do the methods therefore really give us values for Cp T 
following argument is due to Sbaulb. Consider unit mass of gas. 
Let p and v be the pressure and volume respectively, the sufiix 1 denoting 
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oonditions as the gas enters the flow tube, the sufflx 2 conditions 
when it leaves. Then the work done por unit mass in forcing the gas 
into the entrance of tho tube is ; the work done against the 
atmosphere as the gas leaves the tul^ is Let Q, in heat units, 

be the heat given to tho calorimeter. Then 
p^Vi + internal energy of gas on entering 
*= p%v% + internal energy on leaving -f heat energy given to calorimeter, 
i.e. jJiVj + Ui * + U, + JQ, 

where J is the mechanical equivalent of heat. If the gas is an ideal 
one, PiVi = and p^v^ = wlioro and Tj are the absolute 
temperatures of the gtis entering and leaving the calorimeter, respec- 
tively. Moreover, Uj — Ui = Jci,(T* — Tj), where c® is the speciflo 
heat of tho gas at constant volume. Hence 

- T.) = Jc,(T, - Ti) H- JQ. 

But ^ ~ 3(cp — Ct). 

J(cp - c,) (Ti - T.) = Jc„a\ ~ Ti) + JQ, 



where and tg are the temperatures recorded, i.e. Cp is actually measured 
although tho gas is not at a constant pressure during the experiment. 

The Isothermals for — The relationship between the 

pressure and volume of a vapour is clearly indicated in the classical 
experiments made in 1869 by Andbbws with carbon dioxide. The 
substance was contained in a thick- walled glass tube as indicated in 
Fig. 14*10 (a). The part AB was a fine capillary whilst BC was 
about 2*5 mm. and CD about 1 mm. in diameter. The tubes were 
calibrated by measuring the length of a thread of mercury at various 
positions in them and then determining the mass of the mercury 
used. Initially both ends of the tube were open and the gas was 
passed through for twenty-four hours in the hope that all traces of 
air would thereby bo removed. Tho upper end of the tube was 
hermetically sealed and its lower end placed under mercury. 
Some gas was expelled from tho tube by gently heating it, so 
that when it cooled a peUet of mercury was drawn into the tube. 
To adjust the quantity of gas in the tube to any desired amount 
the tube with its end D still below mercury was placed in a vessel 
connected to an air pump. When the pressure in the vessel was 
reduced some carbon dioxide escaped from the experimental tube. 
A similar tube was then filled with air. The two tubes were then 
enclosed in a copper vessel completely filled with water. Screw 
plungers in the base of the apparatus enabled the pressure on the 
gas to be increased. By observing the change in volume of the air 
Andrews deduced the pressure to which the gases were subjected. 
These calculations were made on the assumption that air was an 
ideal gas. Andrews showed that the tubes did not suffer a per- 
manent enlargement even when subjected to high internal pressures 
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for some time. It appears from the original paper by Andrews 
. that air separated the mercury pellet &om the water so that the 
carbon dioxide never became moist. Similar conditions held in 
the other tube. No observations were obtainable at pressures less 
than 40 atmospheres since the mercury in the air-tube did not 

come into view until that pres- 
sure was attained. The air was 
kept at room-temperature : the 
capillary tube containing the car- 
bon dioxide was kept at the 
desired temperature with the aid 
of a suitable jacket. Fig. 14*10 (b) 
shows the general nature of the 
curves exhibiting the relationship 
between pressure and volume 
for carbon dioxide at different 
temperatures. 

It will be noticed that when 
the temperature is high the curves 
approximate to hyberbolse, i.e. 
the gas behaves as an ideal gas 
approximately. At lower temper- 
atures marked deviations become 
apparent. In the 31*1° C. isother- 
mal a very shoH portion is hori- 
zontal and for all isothermals 
below this two sudden breaks 
appeared in each curve. The 
horizontal portion of the curve for 
31*1^ C. indicated that liquefaction 
had taken place. The particular 
temperature, SM*" G., is termed the 
critical temperature for carbon 
dioxide, since at tem|)eratures 
above this it is impossible to 
liquefy the gas. Strictly speaking, 
a substance should only be termed 
a gas when it exists at a temper- 
ature above its critical temperature. At lower temperatures it is 
a vapour, then a liquid, and finally a solid. 

Any substance may therefore be a gas or a vapour ; but a gas 
cannot be changed into a liquid by pressure alone, whereas a 
vapour may be changed into the liquid state at the same tempera-- 
ture by increasing the pressure, and during the transformation will 
exist as a saturated vapour in contact with its liquid. 
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The above facts are made more striking when the dotted curve 
shown in Fig. 14*10 (6) is drawn. Its left-hand branch is the locus 
of points for which a transformation from liquid to vapour begins, 
when a substance is heated at constant pressure ; its right-hand 
branch is the locus of points at which vaporization is complete. 
These two branches are known as the liquid line and vapour line 
respectively, and, together, constitute the so-called border curve. 
These lines meet at C and touch the isothermal for the critical 
temperature at that point. Above C the isothermal for the critical 
temperature indicates the boundary between the two states. When 
the state of a substance is represented by any point within the 



Fig. 14*10 (6) and (c).— Isothorins for CO,. 

border curve, then that substance exists partly as a saturated 

vapoiur and partly as a liquid. 

The point G on the above diagram is known as the critical 
point ; the pressure corresponding to this is the critical pressure, 
while the corresponding volume is the critical volume. Here we 
must remind ourselves that the curves we have drawn are for unit 
mass of the substance, so that the critical volume is the volume of 
unit mass of substance at its critical temperature and pressure. 
At the critical point, the densities of the liquid and vapour ^are 
equal. 

At the point A on the diagram the carbon dioxide exists as an 
UDsaturated vapour, whereas at B it is a liquid. By moving from A to 
a point opposite B in a direction parallel to the pressure axis, i.e. by 
heating the substance at constant volume, and then moving to B 
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along a lino parallel to the volume axis, i.e. by cooling the substance 
at constant pressure, a transition from the gaseous to the liquid 
state wiU have been effected without any sudden discontinuity 
of state occurring. 

[The fact that the curves are slightly rounded at those points 
where the whole of the carbon dioxide became liquid probably 
implies that all traces of air had not been removed from the carbon 
dioxide.] 

Determination of the Critical Temperature and Critical 
Pressure of a Substance. — ^By heating a suitable quantity of 
the liquid under investigation in a sealed tube, the critical tempera- 
ture of the substance may be ascertained by observing the tempera- 
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Fig. 14*11. — A Boyla Tube. 


ture at which the surface of separation between the liquid and 
its vapour disappears, for when the temperature of a liquid is raised 
its surface tension decreases, the meniscus becomes more flat and 
disappears altogether when the critical point is reached. Those 
phenomena, together with others, are observed when some ether, 
placed in a thick-walled tube — the so-called * Boyla tube ’ — is 
heated by placing it above a wire carrying an electric current. 
This method of heating is desirable since the rate at which energy 
is supplied may be controlled easily. The tube AB, Fig. 14*11, 
is supported in a horizontal position between two vertical plates of 
glass which protect the experimenter if the tube should happen 
to explode. The space above the ether contains only the vapour 
of that liquid, so that the pressure inside the apparatus is equal 
to the saturation vax)our pressure of other at the temperature of 
the liquid. When the temperature is raised evaporation takes place 
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and the density of the vapour increases while that of the liquid 
decreases. Evaporation proceeds without ebullition as the tem- 
perature is raised until at a definite temperature a striking pheno- 
menon is witnessed. The meniscus becomes ill-defined and finally 
disappears, this stage being accompanied by the formation of a 
peculiar mist which is far from being quiescent. 

The pressure inside the tube is then equal to the 
critical pressure for ether : the temperature is the 
critical temperature. At a temperature slightly 
above this the tube is filled with a homogeneous 
substance — a gas. When the tube is permitted 
to cool, a mist appears in the tube and, spread- 
ing from the centre where it is first formed, com- 
pletely fills the tube. A further slight cooling 
causes the mist to vanish ; the lower half of 
the tube is then filled with liquid, the upper 
containing only the saturated vapour of the 
liquid. 

The above apparatus does not permit us to 
determine the critical pressure. Caiokaud de la 
Toue (1822-3) carried out the following classical 
experiment. The apparatus used consisted of a 
strong glass tube, AB, Fig. 14*12, filled with Fio. 14 * 12 .— 
mercury from A to B, the space above A contain- 
ing only the liquid and its vapour, while that atus for deW- 
above B contained air. From the volume of mining the 
this air its pressure was calculated with the aid 
of Boyle’s law., so that the pressure of the vapour 
above A became known. The liquid was heated and the pheno- 
mena described above were observed. The critical pressure for the 
substance under investigation was deduced from the volume of the 
air above B when the liquid in A just disappeared. 

The Continuity of State. — ^In the ordinary process of evapora- 
tion or ebullition at constant temperature and pressure, the change 
of state from liquid to vapour occurs at the surface separating the 
two states. The process is a discontinuous one in the sense that 
all parts of the substance are not simultaneously affected in the 
same manner. The substance exists in two different forms, liquid 
and vapour in equilibrium with each other at the same temperature 
and pressme, and the whole process is characterized by the fact 
that the state of the substance is not homogeneous at any stage 
of the process. Let us examine whether or not a change of state 
may be brought about in such a way that the substance is homo- 
geneous at all stages of the process. 

Suppose that a liquid — say ether — is enclosed in a strong glass 
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tube in such a manner that it may be heated at constant pressure. 
Assume that pressure is less than the critical pressure. The 
isothermals will be similar in shape to those shown in Fig. 14*10 (6) 
— only the actual numbers will be different. Let P represent the 
initial state of the substance. Only liquid is present. When heat 
is supplied under the condition that the pressure remains constant, 
the changes which occur are represent^ on tho above diagram 
by a straight line parallel to the volume-axis. Let this lino inter- 
sect the border-curve at Q and R. Then at points on this line 
between Q and R both liquid and vapour are present — at R the 
substance will exist as vapour only. Suppose the heating is 
continued until a stage represented by the point S on tho isothermal 
for the critical temperature is reached. During this stage the 
substance exists wholly as a vapour : when it is heated further 
its temperature is greater than tho critical temperature and the 
substance is a gas. 

If the constant pressure under which the heating takes place 
is greater than the critical pressure, suppose tho initial state is 
represented by M. When the substance is heated under the 
stipulated conditions, it will exist as a liquid until the point N on 
the critical temperatfiLro isothermal is reached — it will then vapour- 
ize without any separation into two coexisting states occurring, 
i.e. there will have been no breach of homogeneity. In this way 
the transformation from Uquid to gas, i.e. a vapour above the 
critical temperature for the particular substance investigated, 
may be effected by a continuous process without any broach of 
homogeneity. Theoretically, it is therefore possible to include both 
the liquid and vapour states in a single characteristic equation 
connecting the variables, p, v, and T ; this equation represents 
an isothermal on a pu diagram for any given value of T. 

An interesting series of transformations' may be effected as 
follows : Suppose we begin with a saturated vapour corresponding 
to the point a Fig. 14*10 (o). By supplying heat and varying the 
pressure the point ^ may be i*eaohed. If the substance is then 
cooled at constant pressure to y, it will have passed without ever 
existing in two different states simultaneously into a liquid. By 
releasing the pressure and abstracting heat, a point d on the original 
isothermal may be reached. The substance is still liquid, but 
any addition of heat at constant pressure causes some vapour to 
appear. 

The Liquefaction of Gases. — ^Wben the temperature or volume 
of an unsaturated vapour is reduced sufficiently the vapour becomes 
saturated, and if the reduction is continued some of the vapour 
will condense. About 1823 Fabaday succeeded in liquefying a 
number of gases. All the so-called gases are really unsaturated 



DYNAMICAL THEORY OP HEAT 296 

vapouTB which may be liquefied by loweriDg the temperature 
and increasing the pressure to which they are subjected. To 
liquefy chlorine, for example, use is made of the fact that char- 
coal absorbs a large amount of this gas. A quantity of charcoal 
is saturated with chlorine and placed in one arm of a bent 
glass tube which is then closed at both ends and the other 


limb placed in a freezing mix- 
ture. When the charcoal is 
warmed gently, chlorine is 
evolved, and, when the pres- 
sure inside the apparatus is 
about 2 atmospheres, liquid 
chlorine apj^ears in the cold 
limb. 

While experimenting with 
carbon dioxide Andrews, as 
we have seen, discovered that 
it was impossible to liquefy 
this gas unless the ^mperature 
was l)elow 31*1° C, however 
much the pressure was in- 
creased. It is found that all 
gases behave in this way, i.e. 
they cannot be liquefied unless 
they are first cooled below 
their critical temperatures. 
For a long time helium re- 
sisted all attempts to liquefy 
it and it was not until it 
was cooled to below— 268° C. 
(its critical temperature) that 
liquid helium was obtained. 
By the rapid evaporation of 
liquid helium under reduced 
pressure a temperature of 
1°K. has been obtained by 



Fia. 14-13. — ^Liade's Apparatus for 
Liquefying Oases. 


Onnes. In 1934, P. Simon, 
by a method depending on 
the demagnetization of a solid salt, reached a temperature of 
0*1° K. 

Linde’s apparatus for the liquefaction of air is shown diagram- 
matically in Fig. 14-13. On the upstroke of a piston, B, air is 
drawn over caustic soda contained in A so that the air is partly 
dry and free from carbon dioxide. [N.B. — ^The necessary valves 
are not shown.] On the down stroke of the piston tMs air is forced 
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into 0 where it is again compressed and passes through a tower D 
containing calcium chloride to remove the last traces of water. 
When the valve E is opened this air expands and cools itself. The 
cooled air passes back to C and the process is repeated. After a 
short time liquid air collects in the chamber below E and when 
the valve P is opened this may be run into the lower chamber. 
When the valve 6 is opened the liquid air passes into a Dewar 
flask L. Some of the liquid air in the lower chamber evaporates 
and escapes at H. Tliis cold air passes through the jacket K and 
helps to cool the air under pressure. 


EXAMPLES XIV 

1. — An engine consumes 64 lb. of coal, the calorific value of which is 
such that when 1 lb. is burnt, 17*2 lb. of water at 100° C. can be con- 
verted into steam at the same temperature. The engine does 240 X 10* 
ft.-lb. of work. What percentage of the heat is wasted T [ J « 1400 
Ib. deg. G. units when the heat required to raise the temperature of 
1 lb. of water 1° C. is the unit.] 

2. — A lead bullet at 16° C. strikes a target. If the lead is aU just 
melted (326° G.), its specific heat being 0*031 cal. gm.*^ deg.**^ G., and 
its heat of fusion 5 cal. gm.**^ determine the velocity with whioh the 
bullet hits the target. [J =* 4*18 X 10’ erg. cal.“‘.] 

3. — ^Describe a method for determining the mechanical equivalent of 
heat. Obtain a value for the velocity with which a hailstone must 
strike the ground in order that, if tliree-quarters of its kinetic energy 
were converted into heat in the hailstone, one two-thousandth part 
of it would bo molted. 

4. --Galculate the difference in temperature between the water at 
the top and bottom of a waterfall assuming that 16 per cent, of the 
energy of fall is spent in heating the water wliich falls 26 metres. 

6. — ^Draw a series of isothermal curves to show the relation between 
p and V at different temperatures for such a substance as GOf Point 
out from your diagram the distinction between a gas and a vapour and 
the meaning of critical temperature. Describe an apparatus by means 
of which the necessary data for drawing such curves may be obtained. 
(L. ’31.) 

6. — Explain two methods of producing low temperatures. 

7. — Some ether is enclosed in a strong glass tube in such a manner 
that it can be heated at constant pressure. Describe and explain the 
phenomena which you would expect to occur when the ether is gradually 
heated to a temperature above its critical temperature, (a) if the pressure 
is less than the critical pressure, (6) if the pressure is greater than the 
critical pressure. Illustrate your answer by reference to a diagram of 
a series of isothermal curves for different temperatures. 



CHAPTER XV 


THE TRANSFERENCE OF HEAT— CONDUCTION 
AND CONVECTION 

Conduction, Convection, Radiation. — Heat may be propa- 
gated from one point to another by three processes : (a) conduction, 
(6) convection, (c) radiation. In the processes of conduction and 
convection the molecules of the intervening matter are responsible 
for the transmission of the heat energy ; according to the kinetic 
theory, the ultimate particles, or molecules, of a body are endowed 
with an ever-changing motion which becomes more vigorous as 
the temperature rises. In the process of conduction the molecules 
in the immediate vicinity of the source of heat become more vigorous, 
and impart energy by collision to their neighbours. These, in their 
turn, affect the next layer of molecules, and so the temperature 
tends to rise at all points in the conducting medium : it must be 
noted that the molecules of the body do not move along the body, 
but simply move about their mean positions. In the process of 
convection the heated molecules travel through the substance 
carrying their thermal energy with them, until it is lost by frequent 
encounters with more slowly moving molecules. 

On the other hand, heat can be radiated through a vacuum 
(heat comes to us from the sun), a fact which at once proves that 
molecules of matter are not necessary for the transmission of heat 
by radiation. A heated body is a source of heat rays and these 
are propagated through space : when they impinge upon matter 
the molecules of that substance are excited, become more vigorous 
in their movement, and so there is an increase in temperature. 

Moreover, while the process of heat transfer by conduction or 
convection is comparatively slow, radiant energy travels through 
space with the velocity of light ; in bodies transparent to heat 
radiations, the velocity is somewhat less. 

The Davy lamp, for use in mines, is a device for diminishing 
the risks of an explosion in the presence of combustible gases. Its 
success depends upon the fact that metals are good conductors 
of heat. Suppose a piece of metallic gauze is placed over a bunsen 
burner, the gas supply tap being turned on ; if the gas is lighted 
by means of a match placed above the gauze the flame is unable 
to penetrate below the latter. The reason for this is that before 
combustion of a gas can occur a certain minimum temperature is 
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Qeoessary; the gauze is such a good conductor of heat that the 
temperature of the gas underneath the gauze is always below this 
minimum value and is therefore not ignited. In the Davy lamp 
a wire gauze separates the flame from the outside atmosphere, 
and so even in the presence of fire-damp the flame does not ignite 



the mine gases, because the temper- 
ature outside the lamp is below the 
critical one for combustion to take 
place. In the more modem forms 
of this lamp. Fig. 16-1, the wire 
gauze is arranged above the flame, 
the flame itself being surrounded by 
a glass cylinder to increase the illu- 
minating power of the lamp. In 
addition, this more modern lamp 
may be used under conditions of 
greater danger, for, whereas the flame 
in the old lamp was forced through 
the meshes of the gauze when placed 
in an air current moving with a 
velocity of 5 ft. sec.”^ the new 


Fio.lS*!.-— A Davy Safety Lamp, pattern is safe even when the air 

velocity is 30 ft. 8ec.“^ 


The process of convection is utilized in the production of a hot- 
water supply for domestic and other uses — Fig. 15*2. The essential 



parts are the hot-water cistern C and the boiler B, this latter being 
at a level below C. The hot water in B, having a lower density 
at higher temperatures, rises by way of the pipe E into C, its place 
being taken by cold water from G which enters B through the pipe 
F. As a result of this continuous process the water in the system 
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becomes heated. The tube H leads to the hot water taps, which 
must bo below the tank D, which is a source of cold water. K is 
a float which falls when water is withdrawn from the system, thus 
permitting the valve L to open and water to enter through it. As 
the water enters so does K rise again until L is closed. The pipe 
G is a safety device which allows water to be forced through it, should 
it happen that ‘the water boils. 

The Sunvalve. — As an example of the use of radiant energy in 
operating a mechanical device let us consider the action of a sun* 
valve, which is used to control the supply of acetylene gas to 
beacon lights, etc., round the coast. It could properly be called 
a light valve, since it does not depend upon dir^t sunshine for its 
action, but only upon the degree of natural light prevailing. The 
principle underlying its operation is that a dull black or non-reflect- 
ing surface will become appreciably higher in temperature than a 
bright surface, when both are simultaneously exposed to light ; 
though the temperature will become equal in the absence of all 
light. In the actual instrument the central cylinder is coated with 
lamp-black. Tliree gold-plated rods are arranged at intervals of 
120"^ round this central column but at a little distance from it. The 
lower end of the central cylinder is provided with a needle-point 
bearing upon a pivoted horizontal steel tongue, which closes the 
gas outlet after the sunvalve has been exposed to daylight. After 
sunset the temperature of the valve becomes uniform, the centre 
cylinder contracts, the decrease in length being magnified by means 
of lovers, and the gas outlet is opened. The great advantage 
of this instrument is that it is unaffected by climatic conditions, 
since applied heat or cold merely raises or lowers the temperature 
of the instrument as a whole, and does not occasion any relative 
displacement, as light does. A pilot light ensures that the combus- 
tion takes place when the valve is opened. 

Thermal Conductivity. — It is a matter of everyday experience 
that some substances conduct heat more readily than others — 
silver is such a good conductor that the handle of a silver teapot 
must be insulated from the body by means of a poor conductor 
such as ebonite. Glass is such a badly conducting substance for 
heat that if hot water or milk is poured into a thick- walled or badly 
annealed glass vessel, tlie latter invariably cracks. This is because 
the heated portions of the glass expand and thereby produce strains 
in the glass which ultimately lead to fracture. Dewar vessels are 
double-walled glass vessels, the intervening space being a vacuuin : 
a vacuum is the worst conductor of heat and, as a consequence, 
liquids placed inside the central vessel maintain their temperature 
for a considerable time — of. p. 342. 

Balsa wood, Ochroma Lagopu$t is ft very poor conductor of heat : 
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at the same time it is exceptionally light, its density being only 
6 lb. ft.**, whereas that of mahogany is 45 lb. ft.** This wood 
which is grown in Central America is utilized for the cold storage 
of fruit on ships. The poor conductivity of the medium helps in 
the maintenance of a low temperature, whilst its low density makes 
the freightage loss. Another very poor conductor of heat is a form 
of rubber known as ' expanded ’ rubber. Its density is about 
11 lb. ftr** and it is an almost ideal badly conducting substance ; 
its low conductivity arises from the fact that it consists of a very 
large number of minute cells all of which are filled with air. 

Note on the * Steady State.’ — Suppose that a long bar, similar 
to that shown in Fig. 16-5 [cf. p. 304], has a number of small holes 
drilled in it so that the bulbs of mercury-in-glass thermometers 
may be inserted into them. Let one end of this bar, the whole of 
which is initially at room temperature, be heated. The temperature 
at any point near to the heated end soon begins to rise but a con- 
siderable time may elapse before the more distant parts of the bar 
receive an appreciable amount of heat. This is because as heat 
reaches any portion of the bar, say that between the two neigh- 
bouring planes normal to its length, some heat is utilized in raising 
the temperature of that section, some is lost from its sides, and 
the remainder passes on to the next section. Eventually a stage 
will be reached when the temperature of any such section remains 
constant — the so-called steady state will then have been reached. 
When this state exists at all points in the bar no heat is spent in 
raising the temperature of the bar, but that which reaches any 
section passes on to the next except in so far as some heat may 
be lost from the sides. 

Thermal Conductivity. — ^To define the term ‘ thermal conduc- 
tivity * let us imagine a small element bounded by two planes, 
PQ and RS, Fig. 16-3, each of area A, and normal to the direction 
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Fig. 16*3.- 



-Definitioii of Thennat Conductivity. 


(9+d0)=s 


of heat flow in a body where a ‘ steady state * exists. It is assumed 
that no heat escapes from the sides of the element. Let 0i and flg 
be the temperatures of the faces PQ and RS respectively, 6i > 62 - 
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If c2 is the distance between these planes, then 

in temperature per unit distance in the direction of the flow of heat. 
If Q is the quantity of heat entering the element per second across 

the face PQ (and leaving it in the same time across RS) experiment 
shows that 


^ cx: 

A d ’ 



where if is a constant known as the thermal conductivity of the 
material. 


{Alternatively : If Q and 0+50 are the tomporaturos at the faces 
PQ, RS, these being at distances x and a; + 5a; from a fixed piano in 
dd , 

tlie material, then ^ is the temperature gradient in the bar for the 
element considered, and under the conditions stated above 
Q dO Q dd 

A*® <i»’ A 

where ic is the thermal conductivity of the material.] 

If H is the quantity of heat passing in i seconds, we have 



K is usually expressed in cal. cm.''^ seo.*^ deg."^ C. 

If, now, we imagine PQ and RS, Pig. 15-3 (a), to be cross-sections 
of a well-lagged bar which has reached the steady state, Q will be 
constant for each normal section of the bar, so that the fall in 
temperature per unit distance along it is constant if k is a constant. 
Experimentally, therefore, when such conditions have been estab- 
lished, it suffices to measure the temperatures at any two sections 
at a known distance apart in order to find k when Q and A are 
known. If, however, heat escapes from the sides of the bar, the 
fall in temperature per unit distance along it is not constant, and 
the determination of ic becomes more difficult. 

Searle*8 Apparatus for Determining the Thermal Con- 
ductivity of Copper. — ^This apparatus, shown in Fig. 15*4, may 
be used to determine the thermal conductivity of very good con- 
ductors of heat, such as silver and copper. In the latter instance 
it consists of a bar of copper 6 cm. in diameter and 40 cm. long, 
fitted at one end with a steam chamber A and at the other with 
a cooling chamber C. A copious supply of steam is passed into^A 
through the wide tube B, and the water formed from the con- 
densed steam passes back into the boiler without interrupting the 
flow of steam. A steady stream of cold water is passed through 
C via the inlet D and the exit E, and this water is caused to cir- 
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oulate round the bar by means of a copper spiral whose coils have 
a thickness equal to the distance between the bar and the outside 
walls of C ; the coil is extended so that the water passes freely. 
The apparatus is enclosed in a wooden box lined with felt. When 
steam is circulated through A the water flowing through G becomes 
heated, so that the heat passing along the bar in a given time is 
determined by flnding the mass of water flowing in the same time 
and observing the rise in temperature of the water by means of 
the thermometers T, and T^. This quantity will be equal to the 
heat entering the bar from the steam chamber in the same time 



Fia. 16*4. — Soarlo’s Apparatus [with modifications] for Determining the 
Thermal Conductivity of Copper. 

providing that no heat escapes from the sides of the bar. The 
amount of heat lost from bars of good thermal conductivity is 
small and in the present instance it is further reduced by sur- 
rounding the bar with a badly-conducting substance, so that when 
steady conditions have been attained the amount of heat' escaping 
from the sides of the bar is negligibly small. 

To measure the temperature gradient along the bar, two ther- 
mometers, Ti and T,, are inserted into small holes drilled in the 
bar at a distance apart of 10 cm. These holes should not extend 
to the centre of the bar, for if they do the uniform flow of heat 
in the bar will be disturbed just at those points where the absence 
of any such disturbance is essential. To reduce this violation of 
uniform flow of heat along the bar, it is provided with small 
copper pieces H and K which are soldered to the bar and which 
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extend beyond the sides of the bar so that the bulbs of the ther- 
mometers are completely surrounded by metal and also so that 
narrow ebonite tubes may be fixed to them. These permit the 
thermometers to be inserted into their respective positions. In 
this way the temperatures of the sections through H and K are 
found without disturbing the heat flow seriously. If the readings 
of the thermometers T are denoted by 0 with appropriate suffixes, 
and d is the distance apart of T^ and Tt, the temperature gradient 
in the bar is (Oj — 0 ,) -i- d, providing that the surfaces of uniform 
temperature in the bar are at right angles to its axis. It is to 
attain this condition that in the apparatus hero shown, the dis- 
tances between T^ and A, and between and 0, have been doubled 
in comparison with the usual dimensions found in this apparatus, 
so that any want of uniformity in the temperature distribution 
near A will not affect the flow of heat in the region whore the 
temperatures are observed. 

If m is the mass of water flowing per second, the heat passing 
along the bar in this time is m(0, — 0^) =■ Q. But 

Q 

^ = #c (fall in temperature per unit distance along the bar), 

where k is the thermal conductivity of the material of the bar, 
and A the iTOsa-sectional area. Hence 

A” d 

so that K may be determined. 

The above theory further assumes that the indications of the 
thermometers are correct. To allow for any serious departure 
from this, T^ and T, are placed in a bath at temperature 0% and 
with approximately the same lengths of column exposed as in the 
actual experiment. If Tj then reads the corrected temperature 
gradient is ( 0 i — 0i)/d ; similarly, if T| reads 04 when T9 and T4 
are in a bath at temperature 6^, the corrected rise in temperature 
of the water is (di — ^ 4 ). 

The Thermal Conductivity of the Material of a Bar — Forbes’ 
Method. — ^Tho material whose thermal conductivity is required is in 
the form of a bar about one metre long. The bar is curved at one end 
and this portion dips into a crucible containing molten lead or solder, 
Fig. 16*6. When this has melted, the gas flame is lowered and the 
temperature maintained at the melting-point of the metal by adding 
small pieces of the latter. Thermometers are inserted into holes drilled 
at various distances along the bar. These holes ore filled with mercury 
(or fusible alloy — ^Wood’s metal — at the hotter end of the bar on accotmt 
of the high vapour-pressure of mercury at such temperatures) to improve 
the thermal contact between the bar and the thermometers. This 
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portion of the bar is protected from radiation from the hot bath by a 
suitable screen. Let us fix our attention on tliat portion of the bar 
between the points A and B. Heat is conducted through the hotter 
end A to this portion AB : part of this heat will be lost by conduction 
through the end B, part will be emitted from the surface of the bar, 

and in the initial stages 
of the experiment the 
remaining fraction of the 
heat entering the bar 

I I I I ^ will be utilized in raising 

r . — " " i ^ \ ^ 1 the temperature of AB. 

a-J Lgj A JB EventuflJly, however, a 

Mr steady state is reached 

WB Ji m when the temperature no 

longer increases. When 
this happens the wliole 

Fxo. IB.5.-Fo,W App«atu.. Z 

in a given time is equal 
to the heat lost in the same time from the wholo of the surface 
lying beyond the particular section considered. 

When this state has been reached the temperatures of the thermo- 
meters are recorded and a curve showing the distribution of tempera- 
ture along the bar is constructed (Fig. 15-6). If the tangent CD at 
a point C on this curve is drawn, the slope of this line gives the tom- 
perat\ire gradient at a point in the bar corresponding to 0. Tho thermal 
conductivity k may then be calculated if the quantity of heat passing 
across the section at C per second con be estimated. 

To do this a short piece of material having tho same cross-section 
as the bar is heated to a temperature somewhat in excess of that of 
any portion of tho bar on the side of the screen remote from the bath. 
This is then allowed to cool and a cooling curve constnictod. Tho 
slope of this curve is a 
measure of the rate at J/a 
which heat is lost from any ^ . 

portion of tho bar when at ? 

the temperature corres- 'S 

ponding to the point where ? 
the slope is measured. To S, 
calculate the heat lost by ^ | 

the bar in the static oxpori- ^ 

ment the bar is imagined a| ^ ^ 

to bo divided into short ^ ^ l 

elements of the same length Distance along ban 

as the bar used in tho Fxo. 16*6. 

second or dynamic experi- 
ment. The mean temperature of each such element having been 
ascertained from the curve in Fig. 15*6 the loss of heat from each is 
computed. The total heat radiated from the bar beyond C is therefore 
known, for it is equal to tho sum of the heats lost by each element beyond 
that point. 

Distribution of Temperature along Lagged and Unlagged 
Bars heated at One End and In the Steady State. — ^We shall 
assume that the bars have oonstant oross-seotional areas and that 


Distance along ban 


Fxo. 16 * 6 . 
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the thermal conduotiyities of their materials are constant. Con- 
sider the equation 

j = — K whore ~ is the temperature gradient in the bar. 

If the bar is lagged, so that no heat escapes from the sides of the 
bar, it follows that the tem- 
perature gradient in the 
bar is constant and nega- 
tive. The temperature dis- 
tribution along the bar is 
therefore a linear one, the 
temperature falling as one 
recedes fi;om the heated 
end of the bar — cf. AB, 

Fig. 16-7. 

If, however, the bar is not 
lagged, but the steady state has been reached, a portion of the 
heat passing across any cross-section of the bar is lost from the 
sides, so that as^we proceed along the bar away from the heated end 
smaller and smaller amounts of heat traverse consecutive sections. 

do 

It follows that the numerical magnitude of ^ becomes less and 

less — ^the temperature distribution being as in AC, Fig. 16*7. 

[Before the steady state is reached the distribution is never a 
linear one, the temperature at any point always being less than 
the temperature at that point when the steady state has been 
reached, whether or not the bar is lagged.] 

The Comparison of Thermal Conductivities. — ^Ibtoen Hausz 
is responsible for the following approximate method of comparing 
the thermal conductivities of two metals — say copper and bismuth. 

^ A, Fig. 16*8, is a metal 

^ ^ tank in which water is 

l^j ] kept boiling by an elec- 

tric heater. B and C 
are rods of bismuth 
and copper, respec- 
tively, each 20 cm. long 
and 1 cm. in diameter. 
Both rods are electro- 
plated and highly 



Fia. 15*8. — Ingen Hausz’s Apparatus. 


polished so that they shall lose heat at the same rate under the 
same conditions. Small lead shot are attached by means of 
paraffin wax at a regular distance apart to the under side of each 
bar. To obtain as much information as possible from this ex- 
periment it is advisable to arrange everything in position and then 
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pour boiling water into A, which is kept boiling by the energy 
dissipated in the heating coil. As heat is conducted along the 
rods the wax melts and some of the shot fall off. It will be found 
that the shot become detached from the bismuth first, but this 
does not prove that the thermal conductivity of bismuth is greater 
than that of copper. The reason for this is that during the initial 
stages of the heat-flow along the rods the rate of rise in temper- 
ature depends not only on the thermal conductivity of the 
specimen but also on its thermal capacity, so that if the thermal 
capacity is small the initial rise in temperature of a poor conductor 
may be greater than that of a good conductor having a high thermal 
capacity. 

The steady state eventually reached in this experiment occurs 
when the heat flowing across any section of the bar is equal to the 
amount emitted from tho surface of the bar beyond that section. 
If tho emissivities of the surfaces of the two bars are identical it 
can bo shown that if ki and are the thermal conductivities of the 
two metals and li and the distances from the hot end to the 
point where the wax just molts, then 

As arranged above, Z] and Z, are proportional to the number of 
shot which fall fi*om each bar respectively. 

The Thermal Conductivity of Mercury — Berget’s Method. 
— ^The guard-ring method was applied by Bbbobt with considerable 
success to determine the thermal conductivity of mercury. His 
apparatus is shown in Fig. 15*9. AB is a glass tube surrounded by 
a wider tube, CD. Each is filled with mercury to tlie same level 
as indicated, the mercury in the outer tube serving as a guard-ring, 
i.e. this mercury prevents the loss of heat by lateral radiation 
so that the mercury in AB may be regarded as part of an infinite 
wall of mercury with its upper and lower faces at constant tem- 
peratures. To measure the heat passing down the column AB 
a Bunsen ice calorimeter was used. Tho column AB protruded into 
the central part of this instrument. The mercury guard-ring rested 
on an iron plate, P, while the calorimeter was surrounded by melting 
ice. The mercury was heated by passing steam through the tubes 
shown at the top of the diagram. In the final experiments made 
by Beiget, the tubes through which the steam entered were almost 
in contact with the mercury surface and the supply was sufficiently 
rapid to blow to one side the water formed firom the condensed 
steam. In this way the temperature of the upper surface was 
maintained at that of the steam. 

If the thermal conductivity of mercury is independent of the 
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temperature, there will be a linear distribution of temperature 
along AB. This was investigated by means of thermocouples 
arranged as shown. Through small holes in the glass tubes iron 
wires covered with rubber were introduced, only the extremities 
of the wires being 
bare and in contact 

with the mercury. '' '' 

Any two of these 
wires and the mer- 
cury between them 
constituted a tiier- 
mocouple. B e r g e t 
found that the dis- 
tribution of temper- 
ature along AB was 
linear and from the 
known dimensions of 
the apparatus cal- 
culated the heat con- 
ductivity of mercury. 

He obtained a value 
0-0202 cal. cm,~^ 
sec."^ deg.^^C. 

The results obtain- 
able with this 
apparatus cannot be 
considered very 
accurate, since the 
conditions at the 
lower end of the 
guard-ring are not 

identical with those at the lower end of the column AB, for here 
the temperature cannot be O^C., and an essential feature of a 
satisfactory guard-ring is that the conditions at its ends near to the 
ends of the column which is * guarded ’ shall be identical with 
those at the ends of the above column. 

It is interesting to note that Berget calculated what was the 
temperature of the upper surface of the mercury from the tem- 
perature gradient measured in the mercury column. In two 
experiments he found this to be 99*8^ C. and lOO-O*’ C. when the 
steam temperature deduced from the reading of the barometer 
was 100*1^ 0. and 100-4'’ C. The method of heating the mercury 
must therefore be considered satisfactory. 

Callendar's Method for Rock Specimens and other badly 
conducting Substances. — ^The apparatus is shown in Fig. 16-10 



Fia. 16-9. — ^Berget’s Apparatus for Determining 
the Thermal Conduotivity of Mercury. 
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and consists essentially of a heating coil B placed inside a gun- 
metal box about 5 in. square in section. D is the rock specimen, 
also 6 in. square in section and 2 in. thick, resting on top of the 
gun-metal box. On top of I) is another square metal chamber, 
E, through which a rapid stream of cold water is passed. T] and 
Tg are two thermocouples serving to measure the temperatures 
0] and 0g at the faces of the specimen. These are insulated 
from B and E by very thin piecee of mica « 0-001 in.). A 
little paraffin wax is placed on each face of the rock and the 
apparatus raised to such a temperature that the wax melts when 
it is placed between clamps and pressed together so that, when 



Fio. 15-10. — Gallendar’s Apparatus for Determining k for Book Specimens. 

cold, the wax, although only about 0-001 in. thick, serves to 
make the ax)paratu8 rigid. The portions Dj and Ej of the 
apparatus are identical with D and E. The energy dissipated per 
second in the heater is VI joules, where V is the potential 
difference in volts across the coil and I the current through it 
in amperes. Since the apparatus is symmetrical about B, one 
half of this heat passes through each specimen when conditions 
have become steady, if we neglect the small quantity of heat lost 
by radiation, etc. The thermal conductivity k is determined 
from the equation 

VI 0, - 0g 
d ' 

where A is the cross-sectional area of the block and J the mechanical 
equivalent of heat in joules cal'~^. 

Since the diameters of the wires constituting the thermocouples 
were less than 0*001 in. d was taken as the thickness of the specimen. 
It is necessary to have a rapid stream of water through E and Ej, 
and, in consequence, a very small rise in its temperature, so that 
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the temperatures of the outer faces of the specimen shall be 
uniform. Steady conditions are attained in two hours. 


Lees* Disc Apparatus. — The thermal conductivity of a badly- 
conducting substance available in the form of a disc about 2 mm. thick 
may bo determined by a method due to Lees. A simple form of this 
apparatus is shown in Fig. 16*11. A cylindrical slab of polished brass, 
A, is suspended in a horizontal position from a large metal ring, sup- 
ported by a retort stand. Upon this rests a hollow cylinder, B, of the 
same diameter and provided with inlet and outlet tubes X and Y 
respectively. Tho base of tliis cylinder is similar to A. Mercury 
thermometers, and Tj, are inserted in holes bored radially in the 
base of B and in A respectively. A thin slab of tho material under 
investigation — say ebonite — is inserted between A and B so that the 
spcKio between the metal plates is completely filled with it. The metal 
part of the apparatus is nickel-plated to secure a uniform surface 
omissivity. 

Tho hollow cylinder is first raised so that it is not close to A and a 
copious supply of steam passed through B. While tho steam is still 
passing B is lowered on to the 
disc and tho rcaduigs of the ther- 
mometers noted at half-minute 
intervals. Heat is conducted 
across the oV>onii>o to A at a rate 
which slowly diminishes since tho 
temperature difference between A 
and 13 docreas(}S. When tho tem- 
perature recorded by Tg is about 
70° G., tho hollow cylinder is 
raised, the ebonite removed, and 
a cooling curve for tho lower disc 
A obtained in tho usual way. If 
wo assume that all tho heat passing into and through the ebonite disc 
is utilized in raising tho temperature of the metal cylinder below it or 
radiated from tho exposed surface of the cylinder, we may calculate 
the thermal conductivity of the ebonite as follows ; 

Plot the heating and cooling curves for the lower cylinder and 
draw tangents to tho curves at points having equal tomperaturo co- 
ordinates. If a and p are tho slopos tho tiingonts to tho heating and 
cooling curves make respectively with tho time axis, wo have. 



Fig. 16*11. Lees’ Disc 
Apparatus. [SimpliOed Form]. 


\ma ct ma 




Tir* + 2nrzY\ 
-f 2jirz)\ 


A 



where k thermal conductivity of ebonite, 

A -- cross -soctional area of ebonite disc, 
d =-- thickness of ebonite, 
r ~ radius of metal cylinder, 
m = mass of metal cylinder, 
z = thickness of metal cylinder, 
s = specific heat of metal, 

Qi = temperature of upper surface of obonito at instant con- 
sidered, 

02 = temperature of the lowor surface of ebonite and is that 
temperature at which the tangents have been drawn. 

M 


I.P. 
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The expression in square brackets is the heat passing per second 
through the ebonite, while the expression in round brackets is the 
ratio of the exposed surface of the metal cylinder in the actual experi- 
ment to that in the cooling experiment. Although this correction is 
applied it can only be approximate since in the cooling experiment 
more heat will be lost from the upper surface tlian from the lower. 

Another uncertainty in the above expression arises from the fact 
that we have tacitly assumed that no heat is utilized in raising the 
temperature of the ebonite or radiated from its surface ; but since the 
ebonite is thin and has a small thermal capacity compared with that 
of the metal cylinder this correction is small. 

The above method of carrying out this experiment enables several 
values of k to be determined from one set of observations ; the follow- 
ing method, in wliich it is true that steady conditions are reached, so 
that no heat is spent in raising the temperature of the disc or cylinder 
but all is lost from the surfaces, possesses the disadvantage that only 
one estimato for #c can be mode. 

The heating is continued until steady conditions have been obtained. 
Then if and ^2 temperatures of the faces of the ebonite of 

thickness d, we have 

Q _ ^(^1 — ^a) 

A”’ ' 

where Q is the heat passing per second through the disc and also 
radiated from the surface of the cylinder in the same time. This is 
madt where d is the rate of cooling when steady conditions have been 
obtained. To determine ^ the ebonite is removed, and the heating 
continued so that the temperature of the lower cylinder is raised above 
^2 ; the heater is then removed and a cooling curve constructed. Then, 
if y is the rate of cooling at ^2> have 

e _ r nr* + 2nTz\ ^ 

as before, so that k may be found. In this method cmy uncertainty 
in the relation between d and y affects Q to the same extent, so that 
the first method is preferable. Hence 

may(r + 2z) d 

Thermal Conductivity of Glass or Porcelain.— When the 
material under examination is a badly conducting substance, obtain- 
able in the form of a tube, the following method is useful. The tube 
AB, Fig. 15*12, is surrounded by a wider tube through wliich steam 
is passed, the steam entering at E and escaping at D. A steady 
stream of water (obtained in the manner indicated) enters the tube 
at F and finds an exit at Q, the initial and final temperatures being 
recorded by the thermometers Tj and T*. The T-pieces which 
enable these thermometers to be inserted in the water easily are 
jacketed with cotton wool so that the heat-oontent of the water 
at these two points shall be invariable. A narrow copper rod C 
is wound with a piece of rubber in the f onn of a very open spiral 
so that the temperature at any particular orosa-seotion of the flow 
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shall be uniform. The flow of water is adjusted so that the difference 
in temperature between T, and T, is about 10° C., otherwise air 
bubbles will be expelled from the water and vitiate the conditions 
for steady flow; even if recently boiled distilled water is being 
used and no air bubbles are formed it is inadvisable for the rise 
in temperature to be much greater owing to the large heat losses 
which would accrue. 

Steady conditions having been established, the temperatures are 
recorded and the mass of water flowing per second deduced by 


From Watet 



observing the time in which a definite quantity of water is collected 
in a weighed conical flask. Let M be the mass of water flowing 
per second, 0i and dg the initial and final temperatures of this water. 
Then M (0, — Oi) is the quantity of heat passing per'second through 
every co-axial cylindrical element of the tube. If 1 is the length 
of the tube, taken from the centre of one cork to that of the other, 
since we are uncertain regarding the effective length of the tube"; r i 
and its internal and external radii respectively, the temperature 
of the steam, and = \[Qi + 0a] the mean temperature of the 
inside wall of the tube, then {r^ — fj) is the thickness and 
^ X I (^ 1 + ^t) X I the mean area of the material through which 
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heat is flowing. The thermal conductivity is therefore given by 
the equation 

M(e, - Oi) ^ k[^,-|(0i + 0.)] 

^(^1 + ri)J fi — fi 

Before the steam is passed the readings of the thermometers are 
recorded — ^in general they will not be equal because no two mercury 
thermometers (at least the cheap ones found in laboratories) are 
consistent — and the correction to be applied to one of them in 
order to make its indication agree with that ot the other is deduced. 
Steam is now passed, the readings of the two thermometers again 
being observed — the correction is applied to one of them and the 
true difference calculated — thus : — 

Initial readings of the two thermometers X and Y are respectively 
181® C. and 20-2® C. 

/. the correction to be applied to Y is — 2*1® C. 

Final readings of the two thermometers are 18-6^ C. and 26*1® G. 
respectively. 

True final reading of Y is 24*0® C., so that the rise in temi)era- 
ture is 24*0 - 18*6 = 5*6® C. 

A Guard -ring Method of determining the Thermal Con- 
ductivity of a Badly Conducting Substance.— The hot plate 
in this apparatus consists of two large copper plates with a resist- 
ance coil sandwiched between them. This is called the central 
hot plate. The coil is insulated from the plates by mica or micanite. 



Ldggmf 

Water from 
thermostat 

Hot-plate 

Return 
pump and 
thermostat 

Wooden box 


Fio. 15-13. — Quard-ring Method for investigating the Thermal Conductivity 
of a badly-conducting Substance (N.P.L.). 


The guard-ring consists of an outer plate similar in construction 
to the above, but provided with an aperture into which the 
central hot plate may be inserted. There is a small clearance 
between the two plates. The surfaces of the plates are coplanar. 
The function of the guard-ring is to eliminate edge effects and 
ensure that the flow of heat from the central hot plate is normal 
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to its surfaces — cf. Fig. 16-13 (a). Two slabs of the material 
to be investigated are required and these are placed above and 
below the heating element — cf. Fig. 16-13 (6). The slabs must 
be equal in cross sectional area to that of the guard-ring. The 
apparatus is provided at the top and bottom with chambers 
through which rapid streams of water at a constant temperature 
flow. ^ 

Electrical energy is then dissipated in the central hot plate and 
in the guard-ring, each being controlled separately. Gopper- 
constantan thermocouples are made by soldering a copper and a 
constantan wire to a very thin and small piece of copper : the 
copper discs are distributed over the surfaces of the heating plates 
and the dissipation of energy adjusted untU the temperature is 
the same over the inner portion of the ring as it is over the central 
plate. A week may elapse before steady conditions are obtained. 

The temperature difference across each slab is then measured 
by other thermocouples, and the thermal conductivity calculated 
as follows: 

Let W be the rate at which energy is dissipated in the central 
hot plate — this is in watts and is equal to VI, if V is the voltage 
across the central heating coil and I the current in amperes through 
it. Let A be the cross-sectional area of the central plate — this is 
also the area across which the energy dissipated in the central 
plate flows. Let di and be the thicknesses of the slabs, 0, and 
0, the temperature differences across them. Then 


Q_ w _ yi 

A JA JA 



where J is the mechanical equivalent of heat, expressed in 

joule. cal.“^ 

The above is a short accourU of a precision method developed at 
the National Physical Laboratory ^ Teddington, by Ezbr Griffiths. 

The Flow of Heat across Composite Plates. — ^Let us con- 
sider the heat flowing across a portion of a large wall of a room 
consisting of a thickness of brick covered with plaster. Let the 
thickness of the plaster be while d^ is that of the layer of brick : 
let Ki and be the mean thermal conductivities of the plaster and 
brick respectively. Let 0i and 6g be the temperatures inside 
and outside the room (0i A be the area across which 

the heat flow is considered. This area must be such that the h^t 
flow is normal to the surfaces of the materiafs so that our equation 
may be applied. If Q is the quantity of heat flowing per second, 
when the steady state has been reached, across any section of the 
portion of the wall chosen parallel to the faces — ^then Q is constant for 
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all such sections, since there is no accumulation of heat at any point 
— ^we hare, if 0 is the temperature at the brick-plaster interface, 




If Ki and are known, 0, and then Q, may be calculated. 


The Thermal Conductivity of Water.— liquids are poor 
conductors and measurements of their conductivities are rendered 
difficult on account of the presence of convection currents. That 
water is a poor conductor is shown by the fact that it may be boiled 
at the top of a large test-tube even while a piece of ice remains at 
the bottom of the tube — the ice must be weighted, say with wire 
gauze, to make it sink. 


The Thermal Conductivity of Liquids .--The following apparatus 
has been designed by the author for determining the thermal conduc- 
tivity of a liquid. The essential parts of the apparatus are shown in 
Fig. 15-14 (a). It consists of a square hot plate, A, made by sandwich- 
ing a heating mat between two brass plates. The mat consists of a 
piece of micanite wound with nickel wire as shown in Fig. 16-14 (b). 
This particular form of winding is adopted so that the outer portion 
of the mat shall act as a guard-ring to the central portion. This mat 
is insulated from the brass plates by asbestos. Above the hot plate 
is a compound plate made of ebonite of known thermal conductivity. 
The thickness of the central portion, B, of this plate is determined. 
The junctions of a mangcmin-constantan thermocouple are placed 
above and below the central portion of the ebonite, so that the tempera- 
ture difference across the ebonite B may be determined accurately. 
The jimctions are near to the centres of the faces of B. 0^ is a cold- 
water chamber placed on top of the ebonite. A rapid stream of water 
passes through this chamber, the interior of which is divided into 
channels sp that the water flows as in Fig. 15-13 (c). Below the heating 
element is a square chamber, D, containing the liquid whose heat 
conductivity is to be measured. D is made by fitting two brass plates 
into a thin square ebonite frame. Oj is a cold-wator chamber similar 
to Cj. The stream of water through and C, is sufficiently rapid for 
its rise in temperature to be so smedl that the temperatures of the lower 
surface of the water and the upper surface of the ebonite are uniform. 

Under these conditions, when electrical energy is dissipated in the 
heating unit, the temx)erature gradient in B and in D is large and may 
be measured with sufficient precision by means of calibrated thermo- 
couples. The method of determining the temperature gradient in the 
ebonite has been indicated. For tho determination of the temperature 
gradient in the liquid, a second manganin-constantan thermocouple is 
arranged as shown. The actual junctions are at X and Y, tho wires 
being supported at a measured distance apart by fixing the manganin 
portions to an ivory pillar and supporting the constantan wire on a 
second piUar P^. 

The heating current is supplied from a large battery and the rate of 
supply of energy in the central portion of the heating coil determined 
by measuring the current through the wire and the volta^ across the 
portion of the wire which is surrounded by the guard-ring. 
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To improve the thennal contact between the variouGi surfaces the 
apparatus was clamped between wood supports and placed in melted 
wax. The whole was then placed in an ei^austed vessel, and the air 
between the various surfaces was removed. Air was then admitted 
to the exhausted vessel, and when the wax was about to solidify the 
apparatus was removed. The crevices between the various surfaces 
were then filled with wax. 



To voltmetep | 


Fig. 16*14. — Apparatus for detennining the Thermal Conductivity of Liquids. 

By arranging the apparatus in this way convection currents in the 
liquid are avoided, and the guard -ring ensures that the fiow of heat 
over those portions where the temperature gradient is measured shall 
be normal to the faces of the ebonite and the layer of liquid. 

K W is the rate of supply of energy to the heating element in watts, 
A the central area of the mat, the thermal conductivity of the ebonite, 
/C2 that of the liquid, the thickness of the ebonite B, dg the distance 
between the junctions of the thermocouple in the liquid, Oj the tern- 
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peratuie drop across the ebonite B, and Oj that across the liquid of 
depth d,, then, in the steady state. 


JA ~ *‘di + 

From this equation may be determined, since all other quantities 
in it are known or measurable. 


The Thermal Conductivities of Gases. — ^The conductivity of 
a gas is very low and its measurement is again made difficult by 
the existence of convection currents. The following experiment 
is to illustrate the wide limits between which the conductivities of 
gases may vary. A platinum wire AB, Fig. 16-15, is suspended inside 
a wide glass tube. Its upper end is attached to a copper rod held 

in position by a cork C and connected 
to one pole of a battery. The wire 
is kept taut by a weight near B to 
which is attached a short metal rod 
dipping into mercury as shown. A 
copper wire passing through the 
lower cork D connects B to the other 
pole of the battery, the circuit con- 
taining a variable resistance and an 
ammeter as indicated. The current 
is adjusted until the wire glows. If 
a platinum wire is not available one 
of nickel may be used. The key K 
is then removed and coal-gas — or 
hydrogen — passed through the appar- 
atus. The exit tube is immersed 
below the surface of water con- 
tained in a» metal dish. If a small 
gas flame, or preferably a wire made 
hot by the passage of an electric 
current through it, is held over the 
water the gas may be disposed of 
without fear of an explosion. When the gas has been passing 
for several minutes the key, K, is closed, and although the 
ammeter indicates the passage of a current the wire no longer 
glows. This is partly because the conductivity of hydrogen is 
seven times that of air — some heat is lost by convection and by 
radiation. 

Convection Currents In Air. — ^A wax candle is attached to a 
piece of lead so that it may stand upright when placed in a shallow 
dish containing water — ^Fig. 15-16. The candle is lighted and a glass 
tube of the shape indicated placed over it, the water making an effec- 
tive seal at the bottom of the tnbe. In a few seconds the flame is 
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extinguished. If, however, a metal T-piece is placed in the neck 
of the tube and the experiment repeated the candle continues to 
bum. If two glass rods, one moistened with strong hydrochloric 
acid and the other with ammonium hydrate, are held close together 
at A, white fumes of ammonium chloride will reveal that the air 
is entering the tube as indicated by the arrows. 

The draught of a chimney is produced by convection currents. 
Similar currents in the atmosphere are responsible for the Trade 
Winds which blow with great regularity over certain portions of 




the earth’s surface. They are produced by the cooler air flowing 
in from tlie north and south temperate zones to replace the hot air 
which is continuously moving upwards as a convection current in 
regions near the equator. The region where this hot air rises is 
the region of the equatorial calms. The rotation of the earth 
prevents these winds from following a course parallel to a line of 
longitude, since the velocity at the earth’s surface becomes less 
as the latitude increases. Hence the wind in regions of higher 
latitude will lag behind that at the equator, appearing to come from 
the N.E. and S.E. in the northern and southern hemispheres, 
respectively. 

Newton’s Law of Cooling . — IS a body is suspended in air 
and surrounded by a vessel whose walls are at a temperature 
lower than that of the body itself, Newton’s law of cooling states 
that the rate of loss of heat [in calories per unit time\ 
from the body at any instant is directly proportional to the 
excess of temperature of the body over that of its surround- 
ings, if other conditions remain constant. Experiment has 
shown that this law is true only providing that the temperature 
difference between the body and the surroundings is not large. 

To verify this law the apparatus shown in Fig. 15*17 may be 
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used. A copper sphere, about 4 cm. in diameter, is suspended 
by three fine wires. The bulb of a merouiy-in-glass thermometer 
or one junction of a thermocouple, is inserted in a hole drilled in 
the sphere. Good thermal contact between the bulb and the 
thermometer is obtained by filling the hole with mercury. The 
sphere is raised to the desired temperature by heating it on a hot 
sand bath. The latter is then removed and the sphere suspended 
within an enclosure whose walls are at a 
P known temperature : a cooling curve is 

I constructed from observations on the tem- 

1 perature of the bulb at different times — 

‘ cf. Fig. 16*18 (a). 

K The rate at which the temperature of 

i the body at different times is changing 

I is ascertained in the manner indicated on 

[ p. 212. A graph showing the relation be- 

I tween the rate of cooling and the excess 

1 temperature is then plotted — cf. Fig. 

\ 15*18(6). But further considerations are 

. 1 necessary before the shape of this graph 

“ will enable us to find out whether or not 

1 Newton’s law of cooling is true. This 

1 law refers to a rate of loss of heat [num- 

calories lost per unit time], whereas 
we have only dealt with the rate of cool- 
ing [change in temperature per unit time]. 
Suppose the temperature of the sphere 

changes by an amount 60 in time dt, 

The mean rate of cooling during this 


Fio. 1617. 


interval is 


and in this time the 


heat lost is — (MS 4- ww)50, where M is the mass of fhe copper, 
m that of the mercury, S the specific heat of copper, and s that 
of mercury. The negative sign occurs since 60 is essentially negative 
and the heat lost is a positive quantity. The rate of loss of heat is 

- (MS + 


IVom this we see that the rate of cooling is proportional to the 
rate at which heat is lost, only if the thermal capacity of the sphere, 
etc,, is constant. These ore constant if the specific heats S and a 
are constant. This is one reason why a copper sphere was selected ; 
another is that it is undesirable to use liquids in this experiment 
on account of evaporation losses. Hence a straight-line relation 
between the rate of cooling and the excess temperature is, in this 
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instance, a verification of the validity of Newton^s law of cooling 
over the range of temperature investigated. 



It is interesting to note that Newton actually performed this 
experiment in a current of air, i.e. a draught. Thus the convection 
was * forced * aud the radiation losses comparatively small. Under 
these conditions the law is valid for quite large temperature 
differences. 

Example.— A copper ball cools from 62^ C. to 50*^ C. in ten minutes, 
and to 42^ C. in the next ten minutes. Calculate its temperature at 
the end of the next ten minutes. 

Lot C. bo the room temperature. The average rate of cooling in 
the first ten minutes is 1*2^ per minute and this may be taken as 
the rate of cooling at the mean temperature 56*^ C. Since this is pro- 
portional to the excess temperatine (the thermal capacity of the ball 
being constant), we have 

12 - if(66 - 1 ), 

where k is a constant. Similarly for the next ten minutes 

0*8 =. ic(4a - 

By division we have 

1-6 = (66 - 0 -r (48 - 0- 

Therefore t = 26-0® C. Vi^ence k = 0-04 min.“*. 

Let 0 be the temperaturo at the end of the next ten minutes. Then 
(42 - 0) 

the rate of cooling is ^ ^ , while the mean temperature is 

0-6(42 + 6). Hence by Newton’s Law, 

0-l[42 - 0] = 0 04[0-6(42 + 0) - 26]. 

Hence 0 = 36-7® C. 
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EXAMPLES XV 

1. — ^Tho temperature difference between two opposite faces of a metal 
plate is 40-6^ C. ; each face measures 30*4 cm. x 25*6 cm. If the 
thickness of the plate is 4*82 cm.» calculate the conductivity of the 
metal if the heat passing through the plate is sufficient to melt 582 gm. 
of ice per minute. = 80 cal. gm.“^.] 

2. — Deffne the term thermal conductiviiy and describe how you would 
proceed to measure the thermal conductivity of a badly conducting 
solid if it wore available in a form suitable for the method you select. 

3. — What is meant by the statement that the thermal conductivity 
of iron is 0*16 cal. cm."^ sec.** deg.** C. 7 Calculate the amount of 
heat whicli will flow per minute through a sheet of iron 1 metre square 
and 4*5 mm. thick if one face is at 100° C. and the other at 110° C. 

4. — ^The glass windows of a room have a total area of 10 square metres 
and the glass is 3 mm. thick. Calculate the rate at which heat escapes 
from the room by conduction when the inside surfaces of the windows 
are at 20° C. and the outside surfaces are at — 6° C. [#c « 0*002 cal. 
om.“* sec.** deg.** 0.] 

5. — Describe and explain a method of measuring the thermal con* 
ductivity of glass, the glass being supplied in the form of a tube. 

0. — Describe how the thermal conductivity of a badly conducting 
solid available in the fonn of two rectangular blocks of the same size 
may be determined, indicating clearly how the conductivity is calculated 
from the observations. 

7. — ^Describe and explain the principle of a miner’s safety lamp and 
state the conditions under which such a lamp may become dangerous. 

8. — A flat heating coil, in which energy is dissipated at the rate of 
20 watts, fills the space between two identical cylindrical discs 20 cm. 
in diameter and 0*2 cm. thick and the whole is suspended in air. 'fhe 
mean temperature difference between the faces of each disc when steady 
conditions have been obtained is 10° C. Calculate a value for the 
thermal conductivity of the materiitl of the discs. 

9. — ^In an experiment with Searle’s apparatus to determine the ther- 

mal conductivity of copper tho following observations were made. ^ = 
73-9° C.. = 60*4° C., = 17-50° C., = 14-21° C. Massof water 

flowing in 36*9 secs. ~ 500 gm. Distance between ^ and » 10*0 cm., 
diameter of bar 5*07 cm. Calculate the thermal conductivity of copper. 

10. — A flat heating coil completely fills the space between two fleets 
of ebonite each 2 mm. thick. Tho whole of the above is then inserted 
between two plates of glass, each 8 mm. tliick, there being good thermal 
contact between adjacent glass and ebonite surfaces. The cross section 
of the above composite block in any piano parallel to that of tlie heating 
coil is 1000 cm.*. The temperature of each ebonite face in contact 
with the heating coil is 50° C., the outer faces of the glass are main- 
tained at 0°C. The thermal conductivities of ebonite and of glass 
are 0*4 x IQ-^ and 2 x 10'* cal. cm.** sec.-* dog.“* C., respectively. At 
what rate is energy being dissipated in the heating coil 7 

11. — State Newton's law of cooling. Describe and explain how you 
would test the validity of this law experimentally. 

A copper sphere is heated and allowed to cool wliile suspended in 
an enclosure whoso walls are maintained at a constant temperature. 
The sphere is found to cool from 92° C. to 80° C. in 10 minutes and 
from 80° C. to 70° C. in the following 10 minutes. Calculate a value 
for its temperature at the end of the next 10 minutes. 



CHAPTER XVI 

THE TRANSMISSION OP HEAT— RADIATION 

Preliminary Remarks. — Heat can bo transferred by conduc- 
tion and convection only through a material medium, solid or 
fluid in the former instance, fluid alone in the latter, but the fact 
that we receive heat from the sun provides ample evidence that 
one body may heat another even though the two bodies are 
separated by a space devoid of ordinary matter. The process 
by which this occurs is known as radiation, and while in course 
of transfer the heat energy takes a form spoken of as radiant 
energy. 

The transfer 'of heat by radiation is not limited to empty space, 
however, for some at. least of the radiant energy emitted by the 
sun reaches the surface of the earth in spite of the layer of air 
covering it. Hence radiant energy can pass through a gas. More- 
over, it is an everyday experience that it can pass through glass, 
and experiments, to be described later, show that it passes even 
better through rock salt and carbon disulphide. Finally, it may 
be noted that some substances opaque to visible light allow radiated 
heat to pass through them : ebonite is one of these, a solution of 
iodine in carbon disulphide another. In order to nnderstand the 
processes at work let us consider the following analogy. 

Experiment — ^Two similar tuning-forks are mounted on resonance 
boxes so that they lie in the same plane at a short distance from each 
other. One of the forks is bowed strongly : the waves emitted travel 
through the air and impinge upon the second fork. If tlie prongs of 
the firot fork are held so that thoy no longer vibrate, a note from the 
second fork will be heard, although it was silent originally. This is 
an example of the radiation of sound energy and its reception by a 
body of the same natural frequency.^ 

Since matter consists of molecules moving in all directions at 
random (liquids and gases) or oscillating about some moan position 
(solids), we have to liken matter to a swarm of tuning-forks. 

^ Every tuning-fork has a definite period of vibration--8ay T see. The 
reciprocal of T, which is numerically equal to the number of vibrations per 
second is the frequency, /, of the fork. Thus 

— i cycle, sec.-*. 
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In general, whatever is the nature of the radiant energy incident 
upon a body, some of the molecules present, in that body will be 
able to act as receivers for that x>art of the radiation which they 
themselves would emit had they been stimulated. If a set of 
tuning-forks emit radiations which fall upon another similar set 
of forks, these will continue to absorb energy until they themselves 
are emitting energy at a rate equal to that at which it is being 
received. From this point of view the thermal equilibrium of a 
body is not one of rest but of vigorous activity, for a body at a 
constant temperature is one in which there is perfect compensation 
between the heat it absorbs and the heat it radiates. 

The Early History of Radiant Energy. — ^The history of radiant 
energy dates from the time of Fbattois Baoon. For centuries 
before, men had known how to use burning mirrors to concentrate 
the sun’s rays to a focus and thereby kindle a fire. Bacon suggested 
the use of burning glasses to concentrate * the heat which is not 
glowing or luminous, but such as the heat of iron or stone which 
has been heated but not ignited, or the heat of boiling water.’ 

Diathermancy. — When white light is incident upon a body, in 
general, part will be transmitted, part reflected, and the remainder 
absorbed. For our present purpose it is su£Bcient to know that 
white light is a mixture of different colours and that each colour 
is characterized by a certain frequency of vibration. When colours 
of particular frequencies are absorbed those which remain cannot 
produce white light — we find that the transmitted and reflected 
light is coloured. The body is opaque to the visible rays which 
it absorbs, and transparent to those it transmits. In the study 
of radiant energy substances are found, in general, to behave in 
a similar way. Substances transmitting heat radiations of par- 
ticular frequencies are said to be diathermanous with respect to 
those radiations : similarly, a substance absorbing such radiations 
is adiathermanous with respect to them. The two words diather- 
manous and adiathermanous eorrespond to the terms transparent 
and opaque in optics. 

Instruments used in Detecting Heat Radiation.— When 
radiant energy is inc^ent upon an absorbing material the tempera- 
ture of the latter increases. If the effect of this rise in temperature, 
which is often small, may be amplified, we have a detector of radiant 
energy. No known substance absorbs all incident radiation : lamp- 
black, however, absorbs more than 90 per cent., irrespective of the 
particular source from which the radiation may come. The early 
workers in this field used differential air tiiormometers, one bulb 
being covered with lamp-black. These have been superseded by 
electrical instruments, based on the fact that an electric current 
flows continuously in a oirouit consisting of two dissimilar metals 



RADIATION 323 

when the junctions of the metals are at different temperatures. 
The effect is very marked when the metals are antimony and 
bismuth, the current flowing from the antimony to the bismuth 
through the cold junction. A set of such antimony-bismuth junc- 
tions coated with lamp-black and arranged so that the separate 
effects are additive becomes a sensitiv’e detector of heat radiation 
and is termed a thermopile. Fig. 16-1 (a) is a diagrammatic 
representation of the arrangement of the small bars of metal in 
a thermopile. They are insulated along the greater part of their 
lengths by mica and embedded in pitch, or other insulating material, 
with their junctions projecting at the two ends. Fig. 16-1 (A) is 
an end-on view of a thermopile consisting of twenty-five junctions. 
One set of junctions is polished and covered by a metal cap : the 



Flo, 16*1. — A Thermopile — ^its oonstruotion and use. 

other set is coated with lamp-black [to absorb heat radiations more 
readily] and exposed to the source to be examined. A metal cone 
screens the blackened face from all radiations except those lying 
within the angle of the cone. This instrument was invented by 
Nobili in 1829 and subsequently improved by himself and by 
Melloni. Of still more recent date is the bolometer, which is 
essentially a strip of very thin platinum foil coated with lamp- 
black. When exposed to heat radiations its electrical resistance 
increases in consequence of the rise in temperature experienced. 
The change in resistance is measured by some form of Wheatstone 
bridge. 

To measure the energy associated with a small region of a 
spectrum the alternate junctions must be arranged in a straight 
line one above the other. We then have a linear thermopile. 
Fig. 16*2 (a) is a diagram showing the construction of such a 
thermocouple. Silver wire, 0-03 mm. in diameter, and bismuth 
wire, 0*1 mm. in diameter, are used to form the individual thei^o- 
couples. Since bismuth wire is very brittle, short pieces are 
employed — ^they must be sufficiently long, however, to ensure that 
the t^perature of the ‘ cold junction ’ remains constant. Tin 
is used to join the wires to small copper discs. Fig. 16*2 (b) shows 
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how the thermocouples axe assembled. The * hot junctions ’ lie 
in a straight line and their surfaces are blackened. The whole is 
enclosed in a metal case in front of which is a narrow slit, so that 
for a given setting of the apparatus only radiation in a smaU 
region of the spectrum falls on the * hot junction.’ 



Fig. 16-2. — Construction of a Linear Thermopile. [Not to scale.] 

The sensitivity of thermopiles has been considerably increased 
in recent years by making the mass of the instrument small and 
enclosing it in a vacuum to render negligible the loss of heat by 
conduction and convection from its surface. 

The Rectilinear Propagation of Radiant Energy. — ^That 
radiant energy travels in straight lines may be demonstrated by 
arranging three horizontal narrow tubes each about 6 cm. long 
in a straight line between a hot body and a thermopile. A 
galvanometer suitably connected to the thermopile indicates that 
it is receiving energy unless the coUinear arrangement is destroyed 
by displacing one of the tubes. 

The Inverse Square Law for Radiant Energy.— If a small 
element of area is constructed so that it is perpendicular to the 
direction of flow of radiant energy at a point, the linear dimensions 
of the source being small, the amount of energy passing through 
that element per second divided by the area of the element is termed 
the intensity of the radiation at that point. The inverse square 
law states that the intensity of radiation at a point is inversely 
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proportional to the square of the distance of that point from the 
source. This statement may be verified as follows : — A thermo- 
pile, T, Fig. 16*3, connected to a galvanometer, Q, is placed in 
front of a large tank, M, filled with boiling water (or otherwise 
maintained at a steady temperature). The surface of the thermo- 
pile is directed towards the tank and the deflexion of the galva- 
nometer recorded. It will be found that as long as the thermopUe 
is moved along a normal to the surface of M, this deflexion remains 
constant providing the generators of the cone of the instrument 



Fio. 16*3. — Inverse Square Law for Kadiant Energy. 


do not pass beyond the confines of M. For if d and r are, respec- 
tively, the distance of M from T, and the radius of the circle on M, 
from which the thermopile receives radiation, and suflixes denote 

corresponding conditions, p = ~. Moreover, the areas of the 

circles are nr^ and nr^. Since the galvanometer gives a constant 
deflexion it follows that the total energy received by it is the 
same in each instance. We therefore have 

Intensity of radiation from 1 cm.* of surface at dx __ d** 
Intensity of radiation from 1 cm.* of surface at d^ di*’ 
since experiment shows that the terms formed by the cross-multi- 
plication of the above fractions are equal. 

The Reflexion of Radiant Energy. — ^Fig. 16*4 is typical of 
an arrangement whereby the laws of reflected radiant energy may 
be established. Two brass tubes (16 cm. X 0*2 cm.), LM and PQ, 
are placed in the same horizontal plane before a piece of polished 
metal sheet B capable of rotation about a vortical axis passing 
through the intersection of imaginary vertical planes drawn along 
the axes of the tubes. A white-hot ball, or an are lamp, is placed 
at A and the thermopile at C to receive any radiation passing 
down the tube PQ. The metal B is rotated imtil the deflexion 
of the galvanometer, O, shows that 0 is receiving radiant energy. 
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Since It is difficult to measure the angles at B directly, the thermo- 
pile is removed and the eye directed along the tube QP, care being 
taken to hold a piece of smoked glass near Q to protect the eye 
from ultra-violet rays when an arc is employed. A clear image 


B 



Fig. 16*4. — Reflexion of Radiant Energy. 


of the source will be seen showing that the laws for the reflexion 
of radiant energy are the same as those governing the reflexion 
of light [of. p. 308]. 

Further Experiments on the Reflexion of Radiant Energy. 
— If an arc lamp is placed at the focus, B, of a concave mirror. 



M|, Fig. 16*5, radiant energy is reflected from the mirror as a 
parallel beam [of. p. 382]. Suppose that this falls on a second 
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ooncave mirror M, having the blackened bulb of a thermometer, T, 
at its focus A. A cardboard screen 8 protects this bulb from direct 
radiation from B. If the mirrors have a focal length about 12 cm. 
and are placed one metre apart, the rise in temperature at A is 
about 4^0. This experiment is a verification of the fact that 
radiant energy is propagated according to the laws of geometrical 
optics. 

The Refraction of Radiant Energy. — ^To verify the fact that 
radiant energy may be refracted, an image of a slit 8, illuminated 
by an arc lamp, A, Fig. 16*6, is produced by a converging lens. 
La, on the front surface of a thermopile T at Tj. If the latter 
is connected to a galvanometer the deflexion shown by this instru- 
ment proves that thermal energy is incident upon the surface of 
the thermopile. When a hollow glass prism, P, containing carbon 
disulphide, is introduced into the path of the light emerging from the 



lens the galvanometer deflexion soon becomes zero and a spectrum 
may bo obtained on a screen held in a suitable position. The prism 
P is then rotated until the deflexion df the light passing through it 
is a minimum [of. p. 409]. The thermopile, T, is then placed at T| 
to receive this spectrum. It is advisable to cover the exposed surface 
of the thermopile with a cardboard having a narrow slit parallel 
to the refracting edge of the prism so that only one colour falls on 
T at one time. If the violet rays, i.e, the rays of short wave-length, 
are first allowed to pass through the slit a small deflexion will be 
shown by the galvanometer. This deflexion increases rapidly as 
the green, yellow, and red rays are in turn allowed to reach T. If 
the region beyond the rod rays is explored in this way it is found 
that the deflexion of G continues to increase for some time before 
again becoming zero, a fact showing that the region immediately 
beyond the red end of the spectrum is rich in heat rays. These are 
termed infra-red rays. 

The Distribution of Energy In a Heat Spectrum.— By 
means of an apparatus similar to that shown in Fig. 16*6 
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[cf. also Fig. 23*18], the distribution of energy in the spectrum of the 
heat radiation from a hot body may be investigated. The essential 
modifications are that the thermopile should be a linear one, 
and that the materials of the prism and lenses should be diather- 
manouB to heat rays. The galvanometer deflexion will be directly 
proportional to the energy received by the thermopile per unit 
time, i.e. to the energy in a short region of the spectrum. If the 
deflexions are plotted against the wave-lengths ^ of the heat radia- 
tions corresponding to the centres of each such short region, curves 
similar to those shown in Fig. 16*9 [cf. p. 337], will be obtained. 
These indicate that as the temperature of the source increases, 
the maximum on the curve shifts towards the region of shorter 
wave-length, i.e. the region of higher frequency. 

Early Experiments on the Amounts of Heat lost per Unit 
Time from Equal Areas of DifiFerent Surfaces under Identical 
Conditions. — ^To compare the rates of emission of radiant energy 
from equal areas of different substances at the same temperature 
Lbslib devised the following experiment. A metal cube, side 
about 10 cm., was filled with boiling water [if the experiment 
were being repeated, electrical heating would be employed to keep 
the water boiling], and placed in front of a thermopile connected 
to a galvanometer. Three of the side faces of this cube were 
covered with the materials under investigation — say lamp-black, 
varnish, and paper, while the fourth was highly polished. The 
thermopile was at such a distance from the cube that only heat 
from the surface under examination was received by it. The 
deflexion of the galvanometer was proportional to the rate at 
which energy was received by the thermopile. The radiation 
from each different face of the cube was examined in turn, care 
being taken to keep each fane at a fixed distance from the thermo- 
pile. Leslie found that lamp-black was the most efficient emitter 
of radiant energy, while polished metal surfaces were very in- 
efficient. 

With the aid of this apparatus it may be shown that aluminium 
paint is a poor emitter of heat ; hence, as far as the emission of 
radiant energy is concerned, it is most disadvantag^Us to coat 
hot-water pipes with aluminium paint. 

Experimental Investigation of the Diathermancy of Differ- 
ent Bodies. — ^Mblloni compared the diathermancy of various 
substances in the following way : A screen, S, Fig. 16*7, having 
a circular opening, was arranged as indicated between a source 
of radiant energy, A, and a thermopile, T, connected to a galva- 

^ If c ia the velocity with which radiant energy travels, / cycle, seo.-^ 
the frequency, then the wave-length X is such that c » /I. 
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nometer, G. A was a steam chamber, and the opening in S was 
such that when A and T were in position only radiant energy from 
the near side of A was received by T. The deflexion of Q having 
been noted, a piece of glass plate was placed at P. The deflexion 
was considerably reduced. The ratio of the galvanometer de- 
flexions in the two instances measured the diathermancy of the 
particular piece of material used. When a second piece of glass 
similar to the flrst was placed alongside P the deflexion was not 
much reduced, a fact which showed that a substance is very dia- 
thermanous towards radiation transmitted through some of the 
same material. 

From such experiments as these it was found that rock salt was 
the most diathermanous substance investigated — that is why the 
lenses and prisms used in experiments on radiant energy should 
preferably be made of this substance. 

Liquids may also be examined in this way. Since they have to 
be contained in a glass 
cell a blank experiment 
is first performed with 
the cell empty. 

Water is less diather- 
manous than glass, but 
even as ice it transmits 
heat rays without melt- 
ing. This may be shown 
by filling a watch-glass 
with water and placing 
it on solid carbon dio- 
xide (— 80® C.), or on a 
freezing mixture. The 
plano-convex lens so formed may then be used to form an image 
of an arc lamp on a thermopile when a galvanometer connected 
to it will show an increased deflexion. 

Ebonite and a solution of iodine in carbon disulphide are diather- 
manous with respect to heat waves although they are opaque to 
visible radiations. 

Melloni found that the diathermancy of a body increased in 
general as the temperature of the source increased. As an example 
of this we may cite the instance of glass, which allows heat rays 
from the sun to pass through it without becoming warm. The 
outer layers of the sun are estimated to be at 6000® C. [Jeans 
estimates that inside the sun the temperature may exceed one 
million degrees.] On the other hand, glass is used as a fire-screen 
because it is adiathermanous with respect to heat rays from a 
source at a relatively low temperature, about 1,200® G. It is for 


{/^A‘PA 


steam 

{Chamber 


1 

I 



Fiq. 16*7. — Apparatus for comparing the 
Diathormonoy of Differout Bodies [after 
Mellom]. 
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these reasons that glass is employed in greenhouses. Heat from 
the sun may pass through, but the heat from the materials inside 
oannot. 

These facts may be illustrated in the laboratory by suspending 
a piece of copper sheet in a vertical position, and heating it in a 
bunsen flame. If a piece of glass is placed between the hot copper 
[about 400° G.] and a thermopile, the galvanometer to which this 
is connected shows that the thermopile is not receiving much 
radiant energy — glass does not transmit readily the heat energy 
from such a source. If the hot copper is replaced by an Argand 
burner similar results will be obtained. When, however, an arc 
lamp is used as the source of radiant energy, the fraction of the 
energy transmitted is much greater. 

Prevost^s Theory of Exchanges. — ^The early workers who 
endeavoured to ascertain the nature of radiant energy were con- 
fronted by the foUowing difiiculty. It is well known that a hot 
body radiates heat to those bodies that are cooler than itself, but 
does it also radiate energy when it is surrounded by bodies at a 
temperature equal to or greater than its own, i.e. does the radia- 
tion from a given body at a given temperature depend on the 
objects surrounding it, or is it independent of them ? According 
to the theory of exchanges due to Prbvost, who termed it ‘ A 
Theory of a Movable Equilibrium of Temperature \ it is main- 
tained that bodies at all temperatures are continuously radiating 
energy to each other, those at a constant temperature receiving 
as much energy in a given time as they emit. To see how he 
arrived at such a conclusion let us consider, with Provost, a number 
of bodies initially at different temperatures in an encloBiu*e whose 
walls are impervious to heat and which contains no source of 
thermal energy. Ultimately these bodies will acquire a uniform 
temperature and be in equilibrium with each other and the walls 
of the enclosure. This condition is reached by a process in which 
energy is both absorbed and emitted, and not by one in which 
the hot bodies emit energy and the colder ones receive it. It is 
independent of the size, shape, and position of the objects with 
respect to the walls. Moreover, this theory asserts that this 
mutual process of the simultaneous emission and absorption does 
not come to an end when thermal equilibrium is attained, but 
that there is a continuous exchange of energy between the bodies 
themselves and between each body and the walls of the enclosure, 
although the total energy in each body remains constant. 

Now if one of the bodies were withdrawn from the above en- 
closure and placed in another whose walls, and the objects in it, 
were in thermal equilibrium with one another but at a temperature 
higher than its own, heat would be radiated from the walls, etc., 
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to that body. The body thus introduced was not capable of 
acting directly on the walls of the enclosure and the objects therein 
which were at a distance from it, i.e. the cooler body could not 
have caused the walls, etc., to emit radiant energy to it. The 
mutual processes of emission and absorption could not therefore 
have ceased when thermal equilibrium had been attained inside 
the enclosure. The theory of exchanges is based on arguments 
similar to the above. 

When a body is placed in an enclosure whose walls are at a 
temperature equal to its own, the temperature of the object remains 
constant because the heat it receives from the walls is exactly 
balanced by the heat it gives to them. For if the object became 
hotter than they, its rate of supply of thermal energy to the walls 
would at once become more copious and thermal equilibrium would 
soon be re-established. 

In this connexion it is well to remind ourselves that a ther- 
mometer suspended in a room may not indicate the temperature of 
the air in its immediate neighbourhood even if that temperature 
is steady and the thermometer has not just been placed in position : 
for its indication will depend on the nature of the radiations which 
its sensitive part is receiving from surrounding bodies, if it is able 
to absorb them. 

Further Evidence in Support of the Theory of Exchanges. 
— ^Let us assume the validity of the theory and see whether some 
of the consequences ensuing from it are in accord with experi- 
mental facts. Suppose that two mercury thermometers, identical 
in all respects, except that the bulb of one is blackened while the 
other is enclosed by a silver thimble in good thermal contact mth 
it, are placed in an enclosure whose walls are maintained at a 
constant temperature. The final indications of the thermometers 
are identical. All the radiant energy falling on the bulb of 
the first thermometer is absorbed, whereas that falling on the 
silver is mostly refiected. Since the temperatures recorded are 
the same, however, it follows that the bulb which is blackened 
must be emitting a supply of energy equal to the amoimt it receives 
when thermal equilibrium is reach^, whereas the bulb of the other 
thermometer only emits a correspondingly small amount, but again 
equal to that which it receives. 

The radiation from a refiecting metallic surface ought, therefore, 
if the theory is true to be much less than that from a blackened 
one at the same temperature. Lesijb proved experimentally that 
BurfSaces which refiect radiant energy copiously only emit a small 
amount at the same temperature. 

An Important Theorem. — Suppose that I is the amount of 
radiant energy received per unit time by a body. Let A, B, and 
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T denote the amounts absorbed, reflected, and transmitted, re- 
spectively. Then 

I = A + R + T. 

If A is large, it follows that B and T are small, i.e. a good absorber 
is a poor reflector. Similarly, a good i*eflector is a poor absorber. 

The Radiant Energy from Heated Substances.— Suppose 
that a thin plate of rock salt is suspended in a temperature en- 
closure of the type already considered. The temperature of the 
plate finally assumes a constant value, when it radiates as much 
energy per unit time as it absorbs in that time. Since rock salt 
is diathermanous [transparent to heat radiations], the rate of 
emission of radiation from it will be small. Moreover, since a 
thick plate of rock salt will absorb more than a thin one in the 
same time, it will also radiate more. Balfoub Stewabt verified 
these deductions experimentally. 

Suppose that the plate is made of glass and the temperature 
of the enclosure is not high — say 400^^ G. Since glass is extremely 
adiathermanous [opaque to heat rays], either a thick or a thin 
plate will absorb nearly all the heat energy incident upon it. The 
radiation from such plates will therefore be independent of their 
thickness — ^in fact, the rate of emission from cither is the same 
practically as if they were coated with lamp-black. 

Experiments such as the above show that the surface of a body 
is not necessarily the source of the heat radiations. 

The Extension of the Theory to Bodies exchanging Radia- 
tions at Different Temperatures. — ^When radiations of all wave- 
lengths fall on an object and are absorbed by it, it does not follow 
that radiations of all wave-lengths are emitted except when the 
object is in thermal equilibrium with the surrounding objects ; 
if the body is cold the greater x^ortion of the radiation emitted 
will have long wave-lengths, but the total energy emitted will be 
equal to that absorbed when conditions are steady. If the sub- 
stance is heated the proportion of radiation having short wave- 
lengths increases — ^ultimately visible rays are emitted. Now at 
ordinary temperatures the black portions of the design on the 
china used below absorb more (in fact nearly all) of the incident 
radiation than do the red ; they therefore emit more. Similarly, 
the red portions absorb and therefore emit more energy as radiation 
than do the white in the pattern : if this were not so the black 
portions would be much hotter than the red and these much 
hotter than the white. When the temperature of the china is 
raised a point is reached when the black portions emit a copious 
supply of visible radiation, the red less, and the white least of alt. 

This apparent reversal of a black and white pattern on heating 
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18 indicated in Fig. 16*8. In connexion with this, it must be 
remembered that so long as wo are dealing with heat rays, the fact 
that one part of a surface 
is a better radiator of 
energy than another, may 
only be ascertained with 
the aid of an instrument 
which will detect such 
radiations — the eye fails 
utterly. It is for this 
reason that the white por- 
tions in Fig. 16*8 (a) 

appear brighter than the 
dark ones to an observer. 

If the temperature is so high, however, that visible rays are 
emitted, (A 0*7 /i), the difference in the radiating powers of two 
surfaces is then apparent — in fact, we have a visible proof that a 
blackened object radiates more than a white one at the same 
temperature. 

Experiment I. — Obtain a piece of white china having a design in 
red and black. Heat it in a strong blowpipe flame until it is incan- 
descent. The parts which were white originally, now appear darkest 
and vice>versa, while the portions which were red at ordinary tem- 
peratures now glow, but less vividly than those portions originally black. 

Experiment ii , — Mark with ordinary black ink [or, better, a paste 
of ink and iron oxide] a cross on a piece of platinum foil and heat it in 
a blowpipe flame. The ink is converted to oxide of iron which glows 
more vividly than the rest of the foil when heated. In consequence 
of this greater emission from the oxide, the foil, when examined on the 
reverse side, will appear darker where the cross has been drawn on 
the other side. 

Experiment Hi , — Heat a rod of gleuss which is blue at ordinary 
temperatures. When it becomes incandescent it appears a very bright 
red. A piece which is red at ordinary tomperatmes shines less brightly 
than the above piece of glass when similarly treated. This is because 
blue glass absorbs red light in preference to blue, so that when it 
becomes incandescent red light is emitted more freely than the blue. 
On the other hand, the red glass absorbs blue light and so emits blue 
light more copiously than red when it is heated. A piece of trans- 
parent glass at the same temperature only gives out a faint light, 
since it absorbs very little of the incident radiation. If one heats a 
piece of yellow glass (absorbs blue) then it appears blue when the 
heating is effected in a darkened room. 

* The Radiation of Cold.’ — ^The following experiment, usually 
attributed to Pictet, although it was originally carried out by 
PoBTA, is important in that it was probably the means whereby 
Pbevost of Geneva was led to propose his theory of exchanges 
which, as seen above, has played a considerable r61e in the study 
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Fio. 16*8. — Appuront Reversal of a Pattern 
on Heating. 
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of radiant energy. The experiment is practically the reverse of 
that described on p. 326. Pictet placed a lump of ice [or a freez- 
ing mixture] at the focus of one of the coticave mirrors and the bulb 
of a thermometer at the other, the screen S, Pig. 16*6, remaining 
in position. The temperature of the thermometer feU. 

The above experiment was at one time quoted as a proof that 
‘ cold ’ was radiated from the ice. The modem explanation is 
as follows : — ^When the bulb of the thermometer is at room tempera- 
ture it has acquired that steady state in virtue of the &ot that 
it is receiving heat from all objects round it at the same rate aa 
it itself is emitting radiation to them. When the block of ice was 
placed in position it acted as a screen protecting A from some of 
the radiation otherwise incident upon it, and emitted less radiation 
per unit time itself. A was therefore emitting more radiant energy 
to the ice than it received from it and cooled in consequence, until 
the rate of emission was again equal to that of absorption. 

The Loss of Heat from Bodies by Radiation— Stefan*8 
Law. — ^When a body cools in air the loss of heat from it takes 
place under rather complioated conditions, for the loss of heat 
depends on the processes of radiation, conduction and convection. 
Dulono and Petit, about 1817, carried out a series of researches 
in which they attempted to eliminate effects due to the two latter 
processes. 

A mercury-in-glass thermometer was heated to 300® C. and then 
placed with its bulb at the centre of a copper sphere immersed in 
a water bath at constant temperature. The air pressure in the 
globe was reduced to about 2 mm. of mercury, and the rate of 
cooling of the thermometer observed. Their results were embodied 
in an empirical formula which, for many years, was thought to 
represent the rate at which a body emits heat radiation at a given 
temperatui’o. 

In 1879 Stefan suggested that the rate of emission of radiation 
from a body was proportional to the fourth power of its absolute 
temperature. Stefan was led to make this statement after a 
careful examination of some results published by Tyndall. This 
investigator found that at 1,200^ C. the rate of emission of radiation 
from a platinum wire was 11-7 times the rate of emission at 626^ C. 
Now 


/1200 + 273y 
^ 626 + 273 ) 


11 * 6 . 


[Callendar points out that Tyndall estimated the temperature 
of the wire from its colour : the above agreement is therefore 
fortuitous — ^the temperatures may be wrongly estimated by 100® C.l] 
Stefan then examined the work of Dulong and Petit and found 
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that, if a oorreotion for the residual gas in the apparatus was 
applied, their results were in accord with the fourth power law. 

It must be borne in mind that this law, first suggested by Stefan 
and subsequently established by Boltzmann from theoretical con- 
siderations, which states that the total radiation emitted per 
unit time from unit area of a black body is proportional to 
the fourth power of its absolute temperature, does not mean 
that the rate at which a body cools, by losing energy in the form 
of radiation, is proportional to the fourth power of the absolute 
temperature, for the above rate also depend on the temperature 
of the enclosure in which it is situated. To obtain an expression 
for the rate of fall in temperature of a black body, mass m, specific 
heat 5, in terms of its temperature T® K and Tq® K, the temperature 
of the enclosure, it is necessary to discover the rate at which the 
body receives heat energy from the walls. Let the rate of emission 
of heat energy from the black body be where is a constant. 
Then when this body is at a temperature Tq it will emit radiant 
energy at a rate kTq^ ; since its temperature will remain Tq, how- 
ever, it must be receiving heat energy at a rate kTq^ and this will 
come from the Vails of the enclosure. Consequently #cTq^ is the 
rate at which the walls emit energy to the black body irrespectively 
of the temperature of that body ; i.e. when the black body is at 
temperature T, the energy actually lost per unit time will be 
kT^~~kTo* = k(T^-1V). Hence 

7n,9[Fall in temperature per unit time] = k(T* — Tq*). 

It is easily shown that in the particular instance when the 
temperature difference between the hot body and its surroundings 
is small, that the rate at which the hot body loses heat in the form 
of radiation [it must be suspended in an exhausted chamber], 
is directly proportional to the temperature excess. 

For lot T = To + T, where t is small. Then 


k[(T. + T)* - T.»] = - 1 j 

+tem8inhigherpower8of^^y — ij. 
Since T is small we may neglect higher powers, in 


comparison with so that the above expression becomes 4 ktTo®, 

i.e. the rate of cooling, under the conditions here stipulated, is 
directly proportional to the difference in temperature t. 

[It must be pointed out, however, that the above argument is 
not a theoretical proof of the validity of Newton’s law of cooling. 
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for, as the sequel will show, this applies to the rate at which a 
body loses heat under very different conditions from those postu- 
lated here.] 

* Black Body ’ Radiation. — The ideal black body is one which 
absorbs completely all the radiations incident upon it, i.e. it neither 
reflects nor transmits any of the incident radiation ; consequently, 
if it is heated, it must emit radiations of all frequencies. No actual 
black surface fulfils those requirements entirely, so that a ‘black 
body * to satisfy them must produced artificially. If a sphere 
has a small hole in its side, and energy, in the form of radiation, enters 
that hole, the chances of it over escaping again are very remote on 
account of the numerous refiieidona taking place inside the sphere : 
at each reflexion a certain fraction of the energy is absorbed, so that 
eventually only a negligible quantity remains. If such a body is made 
hot [the material of the walla must be capable of withstanding the 
high temperatures to which they may be subjected] radiations of all 
wave-lengths will proceed from the aperture, i.e. such a body becomes 
an ideal radiator, and the radiation from it is known as • black body * 
radiation. Andrade, in his book. The Mechanism of Nature, gives 
the following illustration. ‘ For instance, an open window in a white 
house-front looks a perfectly black square on a sunshiny day : the 
sunshine is reflected from the white wall, which looks bright, but, 
passing through the hole into the room, is weakened at every en- 
counter with objects there, and very little escapes again out of the 
window. The glowing heart of a furnace is an ideal radiator, for it 
is practically a small hole surrounded by glowing bodios all at one 
high temperature.* 

‘ The paradox of the term “black body** appears when we consider 
what happens when we heat the walls of our iron vessel red hot, or 
even white hot. A bright light comes out of the hole, and yet we call 
this “ black body radiation.*’ All that is meant is that it is the kind 
of radiation which comes from a body that, since it absorbs all radia- 
tion that falls on it, presumably sends out, when heated, as much 
radiation of every kind as possible. The term “ complote radiation ** 
or ** full radiation *’ probably expresses to the layman more clearly 
what is meant, but the term “ black body radiation ** is so widely used — 
and gives rise to so much misunderstanding — that this word of ex- 
planation has boon offered.* 

Distribution of Energy In the Spectrum of a Black Body. — 
In 1800, Hersohel, in examining experimentally the distribution 
of energy in the solar spectrum, discovered the existence of the in- 
visible infra-red rays. He detected them by their heating effect on a 
thermometer placed beyond the red end of the 8im*s spectrum. He 
also discovert that the maximum calorific effect was situated in 
the infra-red region. Earlier investigators had located this position 
in the red (crown glass prism) and yellow (water). These differences 
are attributable to the absorption of energy in the material of the 
prism. Melloni, using a prism of rock salt, found the maximum 
energy in the infra-red. In addition to the effect produced by selective 
absorption in the prism, it must be remembered that the energy dis- 
tribution will depend on the dispersion produced. To avoid this 
difficulty a normal spectrum should be employed — ^this is a spec- 
trum in which the deviation is directly proportional to the wave- 
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length. This cannot be done with a prism, so that the results of 
the energy Retribution in a spectrum must always be corrected for 
this effect, i.e. the distribution of energy in a normal spectrum is 
calculated from that found experimentally in a spectrum which is 
not normal. 

Luiqcbb and PaiNasnEiM, amongst others, investigated the distri- 
bution of energy in the spectrum of a black body. The radiation was 
obtained from a uniformly heated cylinder in which there was a bwirII 
aperture, the temperature being measured by means of a thermo- 
couple. The radiation was focused on a slit by means of silvered 
concave mirrors, and then fell upon a fluorite or quartz prism. The 
use of lenses was debarred on account of selective absorption in them. 
The energy between two neighbouring wave-lengths was measured by 
means of a vacuum bolometer. The first bolometer was constructed 
by Lakolet in 1881. The working part of this instrument consists 
of a strip of thin platinum resembling a grating. It is covered with 
lamp-black. The grating is then placed in one arm of a Wheatstone 
bridge. A similar grat- 
ing, but protected 
from all radiation, 
forma part of another 
arm of the bridge — ^it 
is termed the compen- 
sating resistance. A 
balance is obtained by 
varying a resistance 
in series with this 
compensating resist- 
ance, the two other 
arms being equal 
[compare the Callen- 
dar-Grifflths bridge]. 

When heat falls on 
the active part of the 
bolometer the balance 
is destroyed and the 
current through the 
galvanometer is a 
measure of the inten- 
sity of the radiation 
incident upon the 
bolometer. 

Since the strip of the 
bolometer hae a finite pio, le.g.—Digtrfbution of Energy in the 
width it measures the Spectrum of a Black Body, 

energy due to radia- 
tions over a small range of wave-lengths. 

The results are exhibited in Fig. 16*9. The ordinates are the inten- 
sities and the abscissas the wave-lengths in microns (/i), [1 ^ = 10~ ' mm.]. 
The total energy E, omitted per second, for a given temperature is 

B = f Bx.dA, 

J 0 

and this is represented by the area between the corresponding curve 
and the x-axis. This area is directly proportional to the fourth power 
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of the temperature of the body measured on the absolute or Kelvin 
scale of temperature — Stefan’s law. 

Wien’s Displacement Law. — ^The curves shown in the above 
diagram indicate that as the temperature is raised the maximum 
heating effect moves towards the region of shorter wave-length. Wien 
was able to show theoretically tl}^t 

Xm-T » constant = 0*204 cm. deg. K, 

where Am is the wave-length corresponding to the maximum value 
of E. This is known as Wien’s dii^lacement law. 

The Stefan- Boltzmann Law. — We have already seen how Stefan, 
in 1879, basing his argument on an experiment due to TyndaIiL, 
suggested that the total energy emitted per second from a hot body 
wcua directly proportional to the fourth power of its temperature on 
the Kelvin scale. To express the Boltzmann-Stefan law mathematic- 
ally we have to consider unit area (generally 1 cm.^) of the hot body. 
Tlien if E is the energy (ergs) emitted per second from that imit area 
(1 cm.^), the above law states that 

E «<tT*, 

whore a is known as Stefan’s constant. The mean value of a obtained 
experimentally is 

(6-74 dh 0*02) X 10“* erg. cm."* 8ec.~^ deg.*"* K. 

- (6-74 ± 0-02) X 10-1* watt. om.“* deg.~* K. 

If we consider the energy due to radiations whose wave-lengths lie 
between A and A -f dA to be EA.<$A per second per unit area, then the 

Too 

total energy omitted per unit area per second is given by E = I Ea , dL 

Jo 

This, by Stefan’s law, is <tT*, where a is the Stefan-Boltzinann constant. 
It is associated with the name of Boltzmann since ho ostablisliod Stefan’s 
law theoreticaUy, the clue to his argument having been provided by 
Maxwell, who showed that all radiations exert a pressiue on any 
sm’faco upon which they are incident. 

LuMMEB and Pbinosheim, in 1897, verified the validity of this 
law for a black body over a large range of temperatures, but their 
apparatus is too complicated to be considered here. 


Example , — Obtain an expression for the rate of fall of tomporatiu-e of 
a black body of area A cm.^, and mass m, when it is at a temperature 
0® C., tho temperature of the walls of the exhausted enclosure being 
VC. 

Let a be tho spocific heat of the material. Then tho heat lost from 
unit area per second is 

dJO 


A 


cal. 


This must be equivalent to 

<T[(0 + 273)* - (00 + 273)*] erg. 
dO 

Rate of cooling = — ^ 


“ + 273)* - (00 4- 273)*]dog. sec.-i 
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Solar Radiation and the Solar Constant. — ^An interesting prob- 
lem arising in connexion with solar physics concerns the rate at which 
the sun emits ener^. The cunount of such energy expressed in 
calories falling per minute on an area of 1 cm.* placed normal to the 
rays and situated outside the earth’s atmosphere is termed the solar 
constant. 


§ 

I 

I 

I 

'ij 

I 


Lanolby made the 
first reliable determina- 
tion of this constant. 

In his work he made 
corrections for the selec- 
tive absorption, i.e. the 
absorption of diflorent 
rays to different extents, 
of the atmosphere. A 
difiraction grating was 
used to separate out the 
different wave-lengths 
and the heating effects of 
oonsecutive small parts 
of this spectrum wore 
measured with the aid 
of a bolometer. Pe ex- 
amined in tills way the 
distribution of energy in 
the solar spectrum, (i) at 
noon and (ii) when the 
sun’s rays passed through 
twice the thickness of 
air. The curves he ob- 
tained are shown in Fig. 16*10. Curve (iii) is constructed from (i) and 
(ii) by drawing ordinates such that, for example, 

^ _ QS 

QS RS* 

It may be shown that curve (iii) is the curve he would have obtained 
if the observations had been made outside the atmosphere. 

Now the area under one of these curves is a measure of the total 
heat received. Langley found that 
Area of (i) 



0-3^ l-Ofi 

Wavc-tcngth of the different kinds of light 

Fig. 16*10. — Langley’s Curves for the distri- 
bution of energy in the Solar Speotrum. 


Area of (ii) 


1*57 


so that the area of (iii) is 1*67 times that of (i). 

Langley then measured the total heat received per minute per 
1 cm.* area of a siurface normal to the smi’s rays at noon on a clear day 
by using a special form of calorimeter known as an actinomoter. When 
this result was multiplied by 1*57, ho obtained 2*84 cal. cm."* min."^ 
as the value of the solar constant. 


Emissive Power. — ^The rate at which heat is lost from the 
surface of a body depends, as we have seen, upon the nature of 
the surface, the dififeience between its temperature and that of 
its surroundings, and on the material which constitutes the given 
body. 
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The emissive power of a surface is defined as the ratio 
of the amount of radiation emitted per unit time by unit 
area of the surface to the amount emitted per unit time by 
unit area of a perfectly black body, the emissions taking 
place under identical conditions. The emissive powers of 
different surfaces may be compared by the following method due 
originally to Pbovostayb and Dasains : — A thermopile, T, Fig. 

16*11, connected to a gal- 
vanometer, O, is placed 
about 50 cm. from a 
Leslie’s cube, L, containing 
boUing water, the vertical 
sides of which are coated 
with various substances 
whoso emissive powers are 
to be compared. Two 
screens, M and M^, having 
openings at their centres, 
are placed as shown. The 
outcr^ surfaces of these screens are covered with lamp-black while 
the inner ones are polished. By this arrangement any radiation 
from L upon the outer surface of M is absorbed while any 
radiation from M to T is diminished. also diminishes this, 
and at the same time prevents any radiation which may fall 
on its outer surface from extraneous sources from being reflected 
towards T. The currents in the galvanometer are proportional to 
the emissive powers of the surfaces responsible for the radiation. 

Absorption of Radiation. — ^Let a quantity of energy equal to 
Q fall on a surface every second and suppose that a quantity Q, 


M M, 

Fig. — Comparison of Emissive 

Powers. 


Qi 

is absorbed in the same time. The ratio is termed the coefficient 

of absorption or absorptive power of the surface. Relative 
values of the absorptive powers of different surfaces may be com- 
pared by a method first adopted by Pbovostayx and Dbsains, 
but a determination of the absolute value of the coefficient of 
absorption is difficult. A thermometer having its bulb coated 
with the substance under investigation is placed inside an enclosed 
box and a convex lens is employed to cause radiation to fall on the 
bulb. The bulb eventually assumes a steady condition in which 
the heat gained by absorption is equal to that lost by radiation : 
call this temperature The thermometer is now warmed to a 
somewhat higher temperature than 0i and the rate at which it 
cools is observed and a cooling curve constructed. From this 
curve the rate of cooling at the temperature dj is deduced. Let 
this rate of cooling be ai. Then the heat lost per second by the 
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bulb is rna .1 caJ., where m is the thermal capacity of the bulb. 
This may be written Jmai org.sec.”^, where J is the mechanical 
equivalent of heat. Under the steady conditions hero obtained, 
this is equal to the heat absorbed per second by the bulb, viz. 
AjQ where Aj is the absorptive power of the substance on the 
bulb, and Q is the amount of radiation [erg.] incident upon it 
per second, i.e. J»iai = A^Q. 

Similarly, when a second substance is on the bulb, 

Jwa, = A,Q, 


hence 


Aa oCt 


To Verify directly that the Emissive Power of a Surface 
equals its Ab- ^ r 


to 20 volt battery 


sorptive Power.— J | Copper 

For this purpose the 

apparatu s shown in a to 20 volt battery 

Fig. 16-12 may bo ^ ^ 

used. It is a modern * , . 

form of Ritchie'’s r ; ! j I \ fn 

apparatus and con- pC i I ^ 5 51.-” :|^ J • 

sists of a Leslie’s r • [ V-X ]| j I — I 

cube filled jrith j ill, ii I j 

water which is kept ! Ea I | - -'ll j I LSi I 

boiling by passing j Lj LJ j 

a largo current | Conotdntdn ; 

through t^ heating 16‘12. — Modem Form of Kitchie^s Apparatus, 

coil A. This coil 

should preferably be wound on a mica frame and the leads 
to it pass through ebonite blocks in the lid of the cube. The 
two surfaces Q and R of this cube (made of copper) are 
polished and lamp-blackcd respectively. P and S are two thin 
copper sheets of the same size and tliickness and arranged at 
equal distances from Q and R respectively. P is lamp-blacked, 
while S is polished. Immediately behind P and S are sheets of 
asbestos to assist the retention of any heat received by these plates. 
At the centres of P and S are soldered the ends of a constantan 
wire. A galvanometer G is connected to copper wires leading 
from the edges of the plates P and S. The galvanometer is then 
in series with a copper-constantan thermocouple. X and Y are 
two wooden screens which are removed when the water boils 
steadily. When tliis is done the galvanometer remains undoflected 
showing that there is no temperature difference between the junc- 
tions of the thermocouple, i.e. the heat received per second by S 
and P is the same. 


i.p. 


N 
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A more instructive method of carrying out this experiment is 
as follows : one of the screens, say X, is removed and the galva- 
nometer deflexion observed. When the screen Y is subsequently 
removed, the above deflexion is reduced to zero, showing that the 
amounts of heat received by P and S are equal. 

Let H be the heat (ergs) emitted from R per second. Then the 
heat received per second by S is ocAH, where A is its absorptive 
power and a a coefficient depending on the disposition of R and S. 
Let E be emissive power of Q (and S). Then the heat emitted from 
Q per second is EH — cf. the definition of emissive power on p. 340. 
Since the disposition of P and Q is the same as that of R and S 
the amount of heat received from Q by P in one second is aEH X 1, 
since the absorptive power of a lamp-blacked surface is unity. 
Hence, since the heat received by S is equal to that received by P 
in the same time, we have ocAH == ocEH, i.e. A = E. 

Surface Emissivity. — ^The surface emissivity of a body is 
defined as the quantity of heat lost per unit time per unit 
area of its surface per degree excess temperature. [N.B. — 
The heat is lost by radiation, by conduction, and by convection.] 
To determine the surface emissivity of copper the apparatus shown 
in Fig. 15'17, of p. 318, may bo used. The rate at which the 
temperature of the body is changing at any instant is ascertained 
in the manner previously indicated. Let tliis be a degrees per 
second when the temperature excess is 0, The heat lost per second 
under the above condition is (MS + 7ns)(x. This is equal to ^nr^aO, 
where a is the surface emissivity of copper. Hence a is given by 

a = - — — - g - g • - cal. sec.~^ cm.-^ deg. ^ C., 

if, as usual, the temperature is expressed on the centigrade scale, 
and the other quantities in e.g.s. units. When the excess tern- 
perature is large, a is not a constant for a given surface. 

The Dewar Flask. — ^The Dewar or thermos flask was designed 
for the specifle purpose of diminishing the rate of exchange of heat 
between the contents of the flask and its surroundings. Originally 
it was designed for storing liquefied gases. The vessel. Fig. 16*13, 
is generally made of glass, the space between its double walls being 
exhausted to a very high vacuum. This constitutes the best- 
known obstacle to the transference of heat by conduction and con- 
vection ; it is only radiant energy which can pass from one wall 
to the other across the vacuum, and the rate at which this 
ooours is diminished by coating the interior walls with metaUio 
silver. The surface of the silver in contact with the glass assumes 
a high degree of polish, so that the outer wall of the inner vessel 
becomes a iK>or radiator of energy, whilst the inner wall of the 
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outer vessel reflects any radiant energy it does receive. Silvering 
the walls only, however, would not make these flasks efficient, 
for the air remaining between the walls would 
still assist in the transfer of heat between the 
contents of the flask and the surroundings. 

Similarly, if the walls are not silvered but the 
space between them is evacuated, the efficiency 
of the flask is low, since the rate of transfer 
of heat by radiation has not been reduced. The 
mouth of the flask is made narrow, and is 
usually closed with a cork [but not when 
liquefied gases are inside the flask]. This cork 
further reduces the amount of heat reaching 
the interior of the flask through conduction or 
convection. To protect the flask from mech- Fio. 1613.— 
anical shocks it is usually supported in a metal ^ Dowar Flask, 
case by means of a spring and suitable soft non-conducting 
material. 


EXAMPLES XVI 

1. — State Newton’s law of cooling, and discuss its validity. Describe 
how you would proceed to compare the emissivitios of the surfaces of 
a blackened and a polished copper calorimeter of the same dimensions. 

2. — Explain the term diathermancy. How would you measure it 
for a plate of gloss ? Discuss the effects of varying (1) the thickness 
of the plate, (2) the temperature of the source, on the diatheimancy 
of the material. (L.) 

3. — A meta! sphere of thermal capacity 6'6 cal. deg.-^ C. is observed 
to be cooling at a rate of 0*6® C. per minute when its temperature is 
60^ C. above that of its surroundings. If the sphere is 3 cm. in diam- 
eter, calculate the thermal emissivity of the surface of the sphere. 

4. — A copper sphere, whose thermal capacity is 4 cal. deg.“^ C., 
receives heat energy at a steady rate and finally attains a temperature 
of 60® C. The temperature of the sphere is then raised, the supply 
of energy removed, and, from a cooling curve constructed in tho 
usual mamier, it is fomid that at 60® C, the sphere cools at a rato of 
6 degrees in 2 minutes. Obtain a value for the rate at which heat 
energy was supplied to the body in the first part of tho experiment. 

6. — State Stefan's law of radiation. 

Calculate tho maximum net rate of loss of boat by radiation 
from a sphoro of 10 cm. radius at a tomperaturo of 200® C. when 
tho surroundings are at 20° C., if Stefan’s constant is 6*7 X 
watt, cm."'® deg.“* K. 

6. — ^Define surface emissivity, , 

Assuming Newton’s law of cooling, compare tho rates of loss of 
heat in a vacuum of two copper spheres whose radii are 8 cm. and 
4 cm., their temperatures being respectively 16® C. and 7*6® C. above 
that of the enclosure in which they are placed. Compare also tho 
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ratos of fall in temporaturo of tho two spheres. [Assume that both 
spheres conduct heat perfectly and that their surfaces are identical 
in nature.] 

7. — Explain how you would demonstrate that tho heating effect of 
tho sun’s radiation is not confined entirely to its visible spectrum. 
Explain the principle of tho detecting instrument you would use in 
this demonstration. 

8. — State Stefan's law of radiation and give a general account of 
the distribution of energy in the spectrum of a black body. 

A solid copper sphere cools at the rate of 1*4® C. min.”^ when its 
temperature is 127° C. Obtain a value for the rate at which a solid 
copper sphere of one-half the radius will cool when its temperature 
is 227° C. if, in both instances, the surroundings are maintained 
at 27° C. 

9. — A block of copper, of mass 100 gm. and specific heat 

0*10 cal. gm.-i which can be heated by electrical energy 

supplied at a late of 2*09 watt., is suspended in an evacuated 
enclosure, the walls of which are maintained always at the same 
temperature as tho copper block. Explain how those particulars 
enable one to ascertain tho manner in which tho temperaturo of 
the block varies when tho electrical energy is switched on to it. 

10. — ^Describe how you would investigate the relative importance 
of tho various methods by w'hich a small calorimeter containing hot 
water loses heat, and state tho general nature of tlio results you would 
expect to obtain from your experiments. 

11. — ^A vessel of total thermal capacity 1000 cal. deg.""^ C. has a 
blackened surface of area 600 cm. It is surrounded by an enclosure, 
the blackened walls of which are noaintained at 27° C. Find a value 
for the rate of fall in temperature of the vessel and its contents when 
their common temperaturo is 87° C. Stefan’s constant may be taken 
as 6*7 X lO"”* erg.cm.”® sec.“^ deg,""* and it may be assumed that 
the contents of tho vessel have a very high thermal conductivity. 

12. — ‘ Th>e heat lost by radiation from a full radiator is proportional 
to the difference of the fourth powers of the absolute temperatures of the 
body and the enclosure.' Justify this statement and iiso it to find an 
expression for the rate of fall in tompcratui*o of a body of mass m, 
surface area A, and whose material has a specific heat 5 , in terms of 
0, the excess of temperature of tho body over To. the temperature 
of the enclosure. 

13. — ^A copper sphere is heated and then allowed to cool while 
suspended in an enclosure whose walls are maintained at a constant 
temperature. Wlien the temperature of tho sphere is 86° C. it is 
cooling at a rate of 3 deg. C, min.-^ ; at 75° C. tho rate of cooling 
is 2*6 deg. C. min."’^. Calculate values for (a) tho temperature of the 
walls of the enclosure, and (b) the temperature of tho sphere when 
it is cooling at the rate of 1 dog. C. min.""^. 

14. — A copper calorimeter of moss 265 gm. contains 450 cm.® of 
water and cools through 6° C. in 5 minutes. How long would it take 
the same calorimeter to cool through tho same range of temperature 
and under the same conditions if it contained 450 cm.® of a liquid 
of density 0*8 gm.cm.~® and specific heat 0*76 cal. gm.""* deg.“* C. ? 
The specific heat of copper may be taken as 0*1 cal. gm.“* deg.""*C. 



PART III 

OPTICS 

CHAPTER XVII 

GENERAL INTRODUCTION 

The earliest investigations concerning the nature and behaviour 
o{ light were probably made by the ancient Egyptians. Their 
work was followed by that of the Greeks ; the early physicists 
[Pythagoras and his foUowors, 580 b.o.] believed that the eye 
simulated an octopus. The tentacles, which were supposed to 
project from the eye, seized an object and illuminated it. 
DsMOOBirns (510 b.g.) held the opposite view, for according to him 
the images produced on the retina of the eye arose from something 
which was emitted from the object. Plato [430 b.o.] tried to com- 
bine the two theories ; he regarded light as a phenomenon produced 
by the collision of emanations from both the eye and the object. 
It is believed that Plato and his disciples enunciated two of the 
fundamental laws of light, viz. that light travels in straight lines, 
and that when it is reflected from a mirror the angle of incidence 
is equal to the angle of reflexion. Abohdibdes — * The Father of 
Physics ’ — ^who lived about 287 B.o. was a capable experimentalist, 
and when the Romans attacked Syracuse in 212 B.o. it is said that 
this ancient philosopher construct^ huge mirrors with which he set 
fire to the enemy ships which were lying at anchor. By A.n. 100 
Ptolemy had become acquainted with the bonding of light which 
occurs when light passes over the boundary between two trans- 
parent media. From then onward the progress of this science was 
slow, but it is interesting to learn that our own countryman, Roger 
Baoon [1214], was interested in optics, and that Ms knowledge 
of burning glasses [lenses] and mirrors was clear. Then oame 
CoPBRNious [1473], Galilei Galileo [1604], and Kepler [1571], 
to whom the nature of light began to reveal itself. Galileo invented 
the telescope and made many contributions to the science of optics. 

Sm Isaac Newton [1642-1727] carried out many researches 
regarding optics and before long showed that white light was hetero- 
i.p. 345 o 
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geneous. He regarded a beam of light as a train of corpusoles which 
impinged upon the retina and stimulated the sensation called 
vision. Newton had shown that all material bodies attracted one 
another, so he naturally supposed that these light corpuscles were 
attracted by a transparent medium — ^this attraction was the cause of 
refraction. In order to account for the reflexion of light Newton 
developed his so-called ‘ Theory of Fits,* according to which some 
of the corpuscles were attracted by the medium and some repelled. 

At the beginning of the nineteenth century Yottng and FbesneTj 
introduced the wave theory of light, confirming their theory by 
actual experiment. They showed that light could bend round 
corners and that this coidd be accounted for if light consisted of 
waves. Since then the wave theory has been developed in the bands 
of Maxwell, Kelvin, and others. Whether or not the wave theory 
is to be the ultimate truth regarding the nature of light is not 
known ; at present there are several ideas extant, but they cannot 
be discussed in this book. 

The iCther and Light Waves. — In the Wave Theory of Light 
the object, which is seen, is the source of the light waves, and some 
medium is supposed to be necessary for the propagation of these 
waves. It is at once obvious that the air is not the transmitting 
agency for the stars are visible although there is every reason to 
believe that the interstellar space is void of matter. Young 
imagined that an all-pervading medium, the set her, was responsible 
for the conveyance of luminous energy. Light waves are similar 
to those which spread over the surface of a pond into which a 
stone has been thrown ; small objects floating on the water merely 
move up and down while the waves pass by — the objects are not 
carried forward although the waves travel in that direction. 

When the light waves are incident upon any small object the 
light is scattered — a beam of sunlight entering through some small 
hole into a darkened room is not visible except for the small motes 
present in its path. These dust particles become visible because 
they scatter the light which is incident upon them, thereby indicat- 
ing the path of the beam of light. When the beam from a search- 
light cannot be seen, if an object, such as an aeroplane or distant 
ship, comes into the beam that object is vividly illuminated. Such 
phenomena show that a beam of light is not visible unless it is 
incident upon some object. 

Rays and Pencils of Light. — ^The path along which light energy 
travels is called a ray. Since light consists of very small waves, 
rays have no real physical existence, but the conception of a ray 
is useful in that it simplifies our calculations. The branch of thu 
subject which deals with rays is called Geometrical Optics to 
distinguish it from Physical OpHcs, in which the wave motion 
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is considered. It must be carefully noted, however, that a result 
which has been obtained by means of geometrical optics is not 
necessarily true ; unless the same result can be inferred from 
physical optics the result must be viewed with suspicion. When 
a bundle of rays proceeds from the source in some particular direction 
that bundle is generally referred to as a beam or pencil of light. 
If the light rays tend to open out as they proceed from the source, 
the beam is said to be divergent ; if the rays tend to pass through 
a point then the beam is convergent ; if the rays remain parallel 
the beam is termed a parallel one. 

The Rectilinear Propagation of Light. — That light rays travel 
in straight lines in a homogeneous medium is the foundation upon 
which the science of geometrical optics has been built. To show 
that light travels in straight lines the following experiment may be 
made. If three screens (metal sheets) are each pierced with a small 
hole, and held between a source of light and the eye, the source is 
only visible if the holes are coUinear, i.e. in the same straight line. 
A slight displacement of any one of the screens and the source is no 
longer visible. Later on we shall learn that light waves * do bend 
round corners ’ ^but that it is because their wave-lengths are so 
short and the amount of bending therefore small, that such effects 
were not noticed until about the end of the eighteenth century. 

Shadows. — The formation of a shadow is a natural consequence 
of the fact that light travels in straight lines. If a pointolite lamp 
is placed at some distance away from a vertical brass tube several 
inches in diameter, a well-dei^ed shadow is found on a screen 


placed a little dis- ^ 

tance away from 

the tube. If several | 

such point sources | I 

of light are used, 1® Umbra I 

then each one casts 1 I 

a distinct shadow, ^ 

When the pointolite ^ 

lamp is replaced by 

“ ordin^ metri 17.1.-Fonnation of Shadow.. ^ 

filament lamp a o. 

Fig. 17*1, each point in the filament casts a shadow ; the result is 
that many shadows of the object are produced and these may, 
or may not, overlap. The dark region from which all direct 
light is excluded is called the umbra, ED; where the half- 
shadow or penumbra region occurs the screen is receiving light 
from some fraction of the source and is therefore partly illu- 




Fio. 17-1. — Formation of Shadows. 


minated, CE, FD. Beyond the region of the penumbra the screen 
is fully illuminated. 
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Eclipses. — Solar and lunar eclipses are the results of the forma- 
tion of shadows by the ihoon or earth, the sun being the source of 
light. If the moon, during its journey in space, moves into a position 
between the sun and the earth, a portion of the sunlight falling upon 
the earth is intercepted and there is an eclipse of the sun. The 



Fig. 17*2. — A Solar Eclipse. 


state of things during a solar eclipse is shown in Fig. 17.2. If an 
observer is in the umbra, A, the eclipse is total — at regions in the 
penumbra, B, the phenomenon of a partial eclipse may bo seen. 

An eclipse of the moon occurs when the earth is in such a position 
that it intercepts the sunlight which would otherwise have rendered 
the moon luminous. 


Photometry 

Light as a Measurable Quantity. — We have already seen that 
when light falls on the blackened surface of a thermopile a rise in 
temperature of this surface takes place. This rise in temperature 
is a measure of the energy in the light waves. Hence the total 
amotmts of energy emitted by two light sources might be compared 
by placing them in turn at the same distance from a thermopile, 
and observing the deflexions of a galvanometer placed in series 
with the thermopile. The ratio of these deflexions is the ratio of 
the total energies emitted by the two sources in a given time, since 
•the rise in temperature is proportional to the deflexion. Unfor- 
tunately, however, this ratio is not a measure of the comparative 
brightness of the two sources, for the brightness depends on the 
wave-length. Hence the calorimetric or physical method of com- 
paring light sources must be replaced by a photometric or 
physiological test when the relative brightness of light sources is 
being estimated. Moreover, persons differ in their opinions regard- 
ing the brightness of various lights so that instruments must be 
used if the lights are to be compared accurately. An instrument 
for this purpose is termed a photometer^ while this particular 
branch of optics is* termed photometry. 

Light Standards. — Since, in the science of photometry, we 
have to compare the intensities of different light sources it becomes 
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imperative to select some standard sonroe of light as a unit in 
which all other intensities may be expressed. This standard must 
satisfy the demands made upon all standards, viz. it should be 
constant, or at most only subject to slight variations which can 
be allowed for when the standard is in use, and it should be in- 
dependent of the observer who sets up the standard providing he 
pays attention to certain specified details, i.e. it should be repro- 
ducible from specification. Moreover, the spectral distribution of 
its light [of. p. 447] should ap- 
proximate to that of the source /\K 
compared with it. 

The oldest form of standard is 
the spermaceti candle } inch in 
diameter, having a mass of } lb., 
and burning at a rate of 120 grains 
per hour. Variations in the shape 
of the wick and the fact that the 
luminosity of the flame is influenced 
by the water content and tempera- 
ture of the air prevent this candle 
from fulfilling the requirements of 
a primary standard, so that it has 
been raplaced by the Vbenon- 
Habooubt pentane standard. This 
is shown in Fig. 17*3. Liquid 
pentane, a highly inflammable 
substance, is contained in the 
* saturator ’ A. A mixture of air 
and pentane vapour passes from A 
to the steatite burner E via the 
rubber tube B. Here it is burnt 
and the products of combustion 
escape up the tube H. These 
warm the air in the tube C 
surrounding H and this air passes 
into M where it is cooled; it then descends at a constant 
rate along D to the burner. The percentage of air in the 
pentane-air mixture is controlled by adjusting the stop-cocks 
Si and Ss and the cone K. A regular evaporation of the pentane 
is established by heat passing along the bracket supporting the 
saturator. The flame is protected from draughts by a collar F and 
the top of the flame is hidden from view by the lower end of 
the tube H. 

The special features of such a lamp are that the vapour which is 
burnt has a definite chemical composition and that the combustion 



Fia. 17*3. — ^Vemon-Haroourt 
Light Standard. 
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takes place under definite conditions. The flame is adjusted to a 
fixed height and an opening of definite size in a metal cone surround- 
mg the flame permits only the light energy from a definite area of 

the flame to be used. 

This lamp has an intensity equal 
to that of about ten spermaceti 
candles so that the unit of 
candle-power, in use until 1940, 
was defined as one-tenth that of a 
pentane standard lamp. 

The standard of candle-power — 
the international candle — now 
used in photometric laboratories 
is one-sixtieth of the candle-power 
of per square centimetre of a black 
body at the temperature of solidifi- 
cation of platinum (1765 ± 6)° C. 
tiG. 17*4^Ught Standard N.F.L. The walls of the black body con- 

sist of fused thorium oxide. 

The difference between the old and new units is small, but 
significant in accurate work. 

For many purposes it is sufficient to use a sub-standard lamp such 
as that indicated in Fig. 17*4. This lamp has its filament in one 
piano and this is arranged perpendicular to the axis of the photo- 
meter bench when in use. When a definite constant voltoge is 
applied to the lamp its intensity is very constant. 

Definitions used in Photometry. — (i) Luminous Flux. 
Luminous flux, F, is defined as the rate of passage of light energy 
evaluated with reference to the luminous sensation it produces. 
The unit of luminous flux is the lumen ; this is the amount of 
luminous energy received per second by unit area of a sphere of 
unit radius when a uniform point source of one international candle 
is placed at the centre of the sphere. 

(ii) Illumination. The illumination, E, at a surface is 
defined as the quantity of light falling on unit area of that surface 
per second. 

If F is the luminous energy emitted per second by a uniform 
point source, then the illumination at a point on a surface normal 
to the direction in which the light is propagated and at a distance r 
from the source is measured by F/47rr®, since this amount of energy 
is received per second by unit area of a sphere drawn round the 
luminous point as centre. The illumination at a surface is usually 
expressed in foot-candles or in metre-candles. Thus, the states 
ment that the illumination at a surface is four metre-candles implies 
that it is the same as if it were illuminated by four standard 
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candles placed at a distance of one metre from it. A metre-candle 
is termed a lux 

(iii) Candle-Power or Luminous Intensity . — Let us assume 
that a sphere has been drawn round a luminous point emitting 
light equally in all directions, the luminous point being at the 
centre of the sphere. Then the amount of light falling on unit 
area of this sphere per second is directly proportional to the 
quantity of light emitted by the source in the same time. 
Now the candle-power or luminous intensity, T, of a source 
is numerically equal to the ratio of the quantity of light falling 
per second on unit area of such a sphere to the amount 
which falls from a point source of one international candle 
in the same position on the same area in the same time. 
The luminous intensity of a light source is expressed in candle-power. 


The Inverse Square Law. — The 
fact that a light becomes fainter the 
more remote it is from an observer, is 
well known. The manner in which the 
light becomes ^fainter may be cal- 
culated as foUows. Let S, Fig. 17*5, 
bo a point source of light, or radiant, 
situated at the centre of a sphere A. 
Let F be the total quantity of light 
emitted per second by the source. The 
quantity of light falling per second on 
unit area of A, a sphere of radius r^, is 





2 — j. Similarly, when the first sphere is removed, the quantity 
of light falling on unit area of a sphere of radius r^ per second is 


F 

47rfj,* 


Hence 


F 


Illumination at a point on the surface of A 
Illumination at a point on the surface of B F 

E Th^ 

i.e. ^ = -- or, in general, Br* = constant, 

Eft 

i.e. the illumination of a surface varies inversely as the square of 
its distance from the source of light [strictly, only if the dis- 
tance is large compared with the linear dimensions of the source 
which, in the above argument, has been assumed to be a point 
source]. 

The above formula may also be obtained from the fact that 
the quantity of light falling on a portion ah of the sphere A 
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per second would, in the absence of A, fall on an area ed of the 
sphere B, and that these areas, being geometrically similar, are 
proportional to the squares of the radii and respectively. 

Illumination due to a Point Source. — ^If I is the candle-power 
of a point source of light placed at the centre of a sphere of radius r, 
the total amount of light energy falling normally per second on 
the surface of the sphere, area 47rr®, is 4?rl lumens. The illumina- 
tion, E, at any point on the surface of this sphere is therefore 
given by 

4:^2 r** 


Hence, if two sources of candle-powers Ij and Ig are arranged so 
that they produce equal illuminations on screens at distances 
and ra from them respectively, then 



In comparing the illumination at two surfaces, it must be 
remembered that these illuminations are judged by the brightness 
of the surfaces, i.e. by the light reflected from them. It is therefore 
essential that the reflecting powers of the two surfaces should be 
equal, where, if is the quantity of light reflected from a surface 




when a quantity Q falls upon it, the ratio ^ is termed the reflecting 


power of the surface. 


Brightness. — The illumination at a point on a surface receiving 
light energy does not depend on the nature of the surface. Thus 
a piece of white paper and a piece of black cloth lying side by side 
are equally illuminated since they receive per second per unit area 
the same amounts of light energy ; but they appear very different 
to an observer. This difference is attributed to the fact that the 
above two surfaces behave differently with respect to the amount 
of incident light energy they ‘ reflect * to the eye. The brightness 
of a surface in a given direction is defined as the quotient of the 
luminous intensity of an element of the surface and the area of 
the element projected on a plane normal to the given ditection. 
The unit of brightness is the candle. cm.~*^ ; this is often termed 
the lamberU 

The brightness of a surface is independent of the distance 
from which it is observed, i.e. the illumination of the retina is 
constant. This is because both the flux of light energy and the 
retinal imago are inversely proportional to the square of the 
distance. 
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Riimford's Photometer. — This simple arrangement for com- 
paring the candle-powers of two sources of light is shown in Fig. 17 * 6 . 
In front of a white screen there is placed an opaque rod 0. If 
M and N represent two sources of light to be compared, then two 
shadows are thrown on the screen placed behind the rod. It is 
desirable that the lines NA and MB should be equally inclined to 
the normal through C to the screen since the intensity of illumina- 
tion depends upon the obliquity of the light rays [cf. p. 366]. The 
portion A of the screen, which would be the portion of the screen 
covered by the shadow of C when M is the only source of light 
present, is not completely dark when the two sources of light are 
present because it receives light from N ; similarly, B receives light 
from M. The two sources of light are moved until the shadows 
A and B are just touching, and until the shadows cannot be 
differentiated from one another. The shadows are caused to touch 



Pia. 17'6. — ^Rurnford’s Shadow Photometer. 


since experience teaches that the equality may best be judged under 
these circumstances. When such conditions have been obtained 

. I^ _ B^> 

BM* AN*’ I. AN*’ 

where and I„ are the candle-powers of the lamps at M and N 
respectively. 

It is sometimes maintained that Rumford did not use a photo- 
meter of this very simple type. His first photometer, invented 
in 1 794, did consist of one rod J in. in diameter and 6 in. high placed 
in front of a white paper screen. The lamps were placed so that they 
could be moved along wooden grooves — ^these were equally inclined 
to the screen, i.e. as Rumford says, * One light is precisely in the 
line of reflexion of the other.’ This condition was ‘easily per- 
formed by actually placing a piece of looking-glass, 6 or 8 in. square, 
flat upon the paper and observing by means of it the real lines of 
reflexion of the lights from that plane.* The glass was afterwards 
removed. The precaution taken by Rumford must always be 
observed, for the illumination depends upon the obliquity of the 
incident rays. The observer sat with the rod between himself and 
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the screen and moved the lamps with the aid of cords passing over 
pulleys. 

Rumford found it very inconvenient to compare two shadows 
projected by the same cylinder as these were either necessarily too 
far from one another to be observed with certainty, or when they 
were nearer they were partly hidden from the eye by the cylinder. 
To remedy this inconvenience Rumford used two cylindrical rods 
Rjl and Rj, Fig. 17-7 (a), which were placed in front of a white 
paper screen, S. The rods and paper were placed inside a blackened 
box, the front of which alone was open. In this way extraneous 
light was excluded. Four shadows were then obtained — ^the two 
outer ones were effectively removed by narrowing the field of view. 
For this purpose the outer portions of the paper were coated with a 
dull black paint. The cylinders were made of brass and 2^ in. 



Fig. 17-7. — Rmnford’s Shadow Photomotor — Original Pattern. 


high : they were painted black. Each cylinder had a vertical 
flange or wing attached, in. wide and ^ in. thick, cf. Fig. 17*7 (6), 
and could be rotated about a vertical axis. The wings commonly 
lay in the middle of the shadows of the cylinders, but when necessary 
one of the shadows could be increased in extent by rotating the 
cylinders about the vertical axes till the wing emerged from the 
shadows of the cylinders and their own shadows appeared. The 
rotation was continued until the shadows cast by the lamps and 
La were just in contact along the centre of the screen. They were 
viewed from E. Equality of illumination was obtained by moving 
the lamps by means of cords operated by handles at Hx and Ha. 

Rumford says, ‘ If these shadows should be found to be of 
unequal densities, then that light whose corresponding shadow is 
densest, must be removed further off, or the other must be brought 
nearer, till the densities are equal.’ Since the shadows are equally 
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dense, the intensities of illumination due to the lamps at the screen 
must be equal. The usual relationship between the candle-powers 
of the lamps and their distances from the screen (measured along 
the * lines of reflexion ’ on which they were placed) is then 
applicable. 

Bunsen's Grease -Spot Photometer. — ^The modem form of 
Bunsen’s photometer, Kg. 17*8, consists essentially of a grease spot 
on a piece of paper, the two sources of light which are to be com- 
pared being placed one on each side of it and on a common normal 
to the paper. The plane mirrors Mj and M| are inclined to the 
grease spot [shown dotted] so that an observer may view both 
sides of the greased paper at once. 



If and are the candle-powers of the sources being com- 
pared, then the illuminations at the screen due to the lamps are 



respectively, i.e. these fractions give the amount of light falling 
per second on unit area of the screen. Let ai be a quantity 
(0<^ai<^ 1) such that oti is the fraction of the light falling on 
the opaque portion of the disc which is received by the observer ; 
then ai will depend on the reflecting power of the surface, the 
obliquity of the screen with respect to the line of vision, and on 
the diameter of the pupil of the observer’s eye. Then if the eye 
is placed in a symmetrical position with respect to each side of 
the disc, the amounts of light entering the eye, E, per second are 

“1^ and 

from unit areas of the two sides of the opaque portion. 
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Since the reflecting power of the opaque portion of the disc 
is difierent from that of the waxed portion it follows the light 
reflected from unit area of this per second and received at E will be 


r.* 


and 




where cti. But some light is also transmitted by the waxed 
portion. If unit quantity of light falls on a unit area of the waxed 
portion let p be the fraction of this which is received at E after 
transmission through the disc. Then, on the l.h.s., the amount 
of light received from unit area of the waxed portion of the disc 
per second is 

PU 

r»»- 


Hence the total light per second from unit area of the l.h.s. 
of the waxed portion of the disc is 

a*I. , fih 

The fraction — =r— — 

fa* 


may bo considered as a measure of the contrast between the waxed 
and opaque portions of the disc on the l.h.s. 

Similarly, on the r.h.s., the contrast may be expressed by the 
fraction 

^ 'r;* . 
aA 

The experimental determination of the ratio of the candle-powers 
of two lamps with the aid of the Bunsen grease-spot photometer 
therefore consists in adjusting the positions of the lamps with 
respect to the screen, until there is equality of contrast between 
the waxed and opaque portions on each side of the disc. Then 


0^2! g , Plb Cijlb , P^a 
qjg 

fg* 


i.e. 



ft* 
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To commenoe the above experiment, the lamps A and B are 
fixed about two metres apart and the grease spot moved until 
the above equality of contrast exists. The ratio of the candle- 
powers may then be computed. 

[The remarks made above with reference' to the light reflected 
from the opaque portion of the disc apply to any photometer in 
which such a surface is used, and will not be repeated.] 

Abney’s Variable Sector Photometer. — Instead of varying 
the relative distance of the two sources from the photometer disc, 
a matter of some inconvenience when one source is much stronger 
than the other, Abney kept them at equal distances from it, and 
reduced the effective intensity of the stronger light by means of 
a rotating sector situated in front of the light source. This sector 
consisted of a circular disc from which a sector had been removed. 
The angular width of this opening could be varied whilst the disc 
was actually running. 

The experiment therefore consisted in adjusting the angular 
opening in the disc until, with the two sources at equal distances 
from the disc of a photometer, equality of illumination (or of 
contrast in the case of a grease spot photometer) was obtained. 
If n is the measure of the angular opening in radians and I the 
candle-power of the standard source behind the sector, then its 
effective candle-power is 



and this is the candle-power of the light which is being compared 
with the standard lamp. 

To test the accuracy of the above factor n/27t, the candle-power 
of a lamp is compared with that of a standard lamp. Let these 
candle-powers be Ij and I, respectively, the distances of the lamps 
from the photometer disc being and s. Then 

f 1* S* ■ 

The sector is then placed in front of one of the lamps — say Si — 
and rotated rapidly : there is no question of any flicker [cf. p. 362]. 
The distance of Si from the disc is altered until the field of view 
is as before. Let r, be this distance. If I, is the effective candle- 
power of Si when this is behind the sector, then 



The reduction factor for the disc is therefore This should 

be equal to n/2si. 
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The sector may therefore be standardized for varioos settings of 
its aperture and then used in connexion with a photometer. The 
above standardization is only necessary when n is small. 

The Lummer-Brodhun Photometer. — This photometer is of 
great use in accurate work on photometry and it is depicted in 
Fig. 17*9 (a). A screen S is made of some pure white material, 
such as barium sulphate, and its opposite faces are illuminated by 
the two lamps situated at A and B, which are to be compared. 
Two mirrors are placed at and M|, whilst P is a combination of 
two right-angled prisms. The outer portion of the b^e of one of 



these prisms has been ground away so that the prisms are only in 
contact over the central region of their bases. Grood optical contact 
is here obtained by coating this region with Canada balsam. The 
complete outfit is enclosed in a blackened box. Light from A is 
scattered at S, some of it falling on to Mi where it is reflected on 
to the nearer face of the prism, P, The light enters the prism 
and that portion which falls on the central region is transmitted 
through the prism, whilst the other portion is reflected from that 
part of the base of the first prism which is not in contact with the 
second one. Light from B follows a similar path, and the portion 
entering the low power (or long focus) microscope D is that which 
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does not traverse the oentral region — see Fig. 17*9 (6). There are 
now two light beams entering the microscope D, so that the field 
of view consists of two unequally illuminated portions when the 
microscope is focused upon the central portion of the bases. The 
positions of the lamps are adjusted so that the two sections of the 
field of view are equally bright. The usual relationsliip holds. 
The head attached to S is then rotated through 180*^ and the 



experiment repeated. The mean of the results thus obtamed 
eliminates any effects arising from the fact that the two sides of S 
may not bo identical. This photometer is fundamentally more 
scientific than the others which have been described, principally so 
because the sources are both viewed with one eye, so that any 
difference which may exist between the eyes of an observer is of no 
consequence. 

Heterochromatlc Photometry, Flicker Photometers. — 
Heterochromatio photometry ^ deals with the comparison of the 
intensities of lights differing in colour. In the use of the photo- 
meters so far described it was assumed that lights whose intensities 
were being compared were the same in colour, and the light re- 
flected from the screens was the same in tint. Even so, in actual 
practice it is generally found that such conditions are seldom realized 
and this is a very disturbing factor since the eye is a very good 
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judge of small differences in colour. In order to overcome such 
difficulties and to compare the intensities of light sources exhibit- 
ing marked differences in colour, flicker photometers have been 
designed. Now although no two surfaces, each illuminated by a 
light of different colour, can ever be said to be equally bright in 
the strict sense of the word, yet actual experiment shows that it is 
possible to obtain a reliable estimate for the ratio of the intensities 
of the sources if it is agreed that two surfaces are equally 
illuminated when, upon rapidly alternating one with the other, no 
sensation of flicker appears, the speed of alternation being such that 
the slightest change of either illumination produces a flicker. 

The flicker photometers used in heterochromatic photometry owe 
their applicability to the fact that when two different colours are 
presented alternately in increasingly rapid succession to the eye, 
colour fusion occurs before brightness fusion. This statement 
means that over a small range of froquencies of alternation the 
field of view appears to be one definite tint in which there is a 
distinct flicker. This flicker disappears either if the speed of 
alternation is increased much be3^ond this stage or if the intensities 
of the two lights bear a certain relation to their distances from the 
illuminated screen. The first condition is not a criterion from which 
the intensities of the sources may be compared. If the lights are 
identical in colour, and their distances from the screen adjusted 

I I 

until the flicker disappears, it is found that — where the 

symbols have their usual meanings. This is the equation ordinarily 
used in photometry. When the lights differ in colour, the speed 
of alternation lying within the critical range, the distances of the 
lights from the photometer are adjusted imtil the flicker disappears 
and the above equation is used to compare the candle-powers of the 
two sources. 

The essential part of the Simmanob-Abady Flicker Photometer 
is a plaster disc constructed as follows : In the upper portion of 
Fig. 17*10 (a) two cones are shown, the dotted portions having 
been removed. The parts ABC and DEF are then placed together 
to form a wedge, the shape of which can be gathered from Fig. 
17*10 (6). The compound disc is mounted as shown in Fig. 17*10 (c), 
and may be rotated about a horizontal axis, OH, with the aid of 
a clockwork motor, K. M is a low-power microscope for viewing 
the edge of the disc as it rotates. The portion of the disc thus 
seen is illuminated by the sources of light whose intensities have 
to be compared. Let us suppose that it is illuminated by a light 
placed on the left-hand side of the diagram. The illuminated 
surface, as the disc revolves, will pass successively through the 
stages shown in the diagrams I to IV, Fig. 17*10 (d ) ; the con- 
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ditions indicated are those which arise when the disc has rotated 
through successive right angles. 

Providing that the speed of rotation is within the limits 
just stipulated, a flicker will be noticed. If a second light 
illuminates the other surface of the disc, in general, the flicker 
will persist, but it may be caused to disappear by adjusting the 
distances of the sources from the photometer. The two surfaces 
will be equally illuminated when this adjustment has been made, 


D 



and the relative intensities of the two lights may then be calculated 
in the usual way. 

Another flicker photometer is shown in Pig. 17'11 (a). AB and 
CD are the traces of two vertical wliite screens, mounted as in- 
dicated. AB is fixed, but the other screen is capable of rotation 
about a horizontal axis, EF, and consists of four sectors, in the 
form of a Maltese cross. The angular width of the opaque portions 
equals that of those which have been removed. Pi and Pa are 
the sources of light placed so that AB is illuminated by Pi and 
CD by Pa. A low-power microscope, M, is used to view a portion 
of the screens by the light scattered from them. If the sector is 
stationary the field of view is similar to that indicated in Fig. 
17*11 (6). When the sector is made to rotate by means of the 
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motor proTided, the field attains a uniform tint in whioh there is 
a distinct flicker at a certain speed ; this is maintained and the 
distances of the two sources varied until the flicker vanishes. 

Then, with the usual notation, == 

If 

We are justified in writing down this equation since, owing to 
the special shape of the disc, the candle-power of each lamp has 
been, in effect, reduced by the same amount. 



Fio. — ^Abney’s Flicker Photometer. 


Solid Angles. — Let A6, Fig. 17-12 (a), bo a portion of a surface 
and O a given point. If from O a series of straight lines are drawn 
to pass through points on the boundary of the area they will generate 
a cone — at least if they are sufliciently numerous. These l^es are 
the so-called generators of the cone. Suppose that with O as centre 
a series of spheres is constructed, the above cone intercepting an area 
from each of them. Now the ratio obtained by dividing one of these 
areas by the square of the radius of the corresponding sphere is a 
constant for the cone OAB. From analogy with the conventional 
method of measuring a plane angle, the above ratio is called the 
measure oj the solid angle subtended at O by the surface AB. 

Suppose now that AB is a small area and that AC is that portion 
of a sphere of radius OA intercepted by the conn. If ds is the area 
AB, then AO AB cos cf. Fig. 17*12 (6), and, if O A r, 

r AC 

6a *= AC sec ^ = r* 800 L ~ 

where dcs is a measure of the solid angle OAB. 
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[The solid angle subtended by the surface of a sphere at its centre 
is 471, since the area of the surface is 47 ir*.] 



Fio. 17*12. — Solid Angles. 


Further Discussion of Terms used in Photometry * — Flux 
of Light, Just as an electric current is considered as a flow of elec* 
tricity, so may light be regarded as a flow or flux of radiant energy. 
If the human eye were u^ormly sensitive to all colours, the flux 
would be measured by the radiant power expressed in watts. The 
eye is very selective in its response to a light stimulus, so that the 
above method of measuring flux is not suitable and has to be 
replaced by an arbitrary one. In this, the flux from a luminous 
source is evaluated in terras of its visual effect. The unit of flux is 
the lumen, doflned as the luminous energy emitted per second, i.o. the 
flux, per unit solid angle by a point source of one international candle. 

It has been shown that one watt of monochromatic green light is 
about 620 lumens. The number of lumens associated with one watt 
of radiant power from a source measures the luminous efficiency of 
that source. 

Luminous Intensity: When the source of light does not radiate 
uniformly in all directions, something more than a measure of its 
total flux is required. We refer to the candle-^power or luminous 
intensity in a given direction of the source. Suppose that AB, Fig. 17*13 
is a small area, ds, normal to the direction along which the luminou, 
intensity is to be measured. Let dF be the flux across this surfaces 



If r is the distance of the area from the source, and CD — do), is 
the area cut off from a sphere of unit radius by the cone OAB, i.o. 
6(0 is the measure of the solid angle OAB, then 



Now 6F is also the flux of luminous energy in the solid angle 6oj, 

dF 

and the limiting value of the quantity ^ is called the luminous 

intensity of the source in tho direction considered, i.e. 

Urn. dF dF 

6(0— >0 6(0 d(o* 
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The unit of luminous intensity or candle-power is the international 
candle^ From the above it foUows that 


SF = L6(Ot and F 





d(Op 


if the luminous intensity of the souroe is constant in all direotionB. 
Hence, since fdco » the total flux from such a source is inLp i.e. 


the flux from a point source of one candle is lumens. 

Illumination oj a Surface, Suppose tnat AB, Fig. 17*14, is a small 
element of an illuminated surface receiving dF lumens of light, i.e. 6F 
is the amount of light incident on AB per second. Now the luminous 

dF 

intensity of the source in the direction OA ^ 1 (say). Now the 

amount of light falling per second on imit area of AB is 


dF SF ^F cos 6 I cos ^ _ 

-j- = lim. -TTq 7 =■ hm. — j-r — = 5 — =• E. 

08 AC sec 0 r* oco r* 


This expression — ^the fundamental relation of photometry — ^measures 
the illumination at a point on AB. The unit of illumination is the 
lux, defined as the illumination at a point on the surface of a sphere 
of radius one metre when a point somce of one international candle 
is at the centre of the sphere. 

Illumination engineers frequently evaluate the illumination of a 
surface in terms of the metre-candle. This is defined as the illumin- 
ation produced when the light from a point source of one international 
candle falls on a surface one metre away from the source. Another 
unit is the foot-candle defined in a similar way. Althoiigh engineers 
use the terms metre-candle and foot-candle, each is incorrect dimen- 
sionally, for it is implied in each instance that illumination is the 
product of the candle-power of the source and its distance from the 
illuminated surface. The metre-candle is numerically equal to an 
illumination of one lumen per square metre and this unit is the lux. 

The Distribution of Light from a Given Source. — ^The distri- 
bution of light from an ordinary source of light varies with the direc- 



270* 

(c> 


Fio. 17*15. — Polar Diagreua of Light Distribution. 


(a) In plane passing through axis of eleotrio lamp. 

(5) In plane normal to axis of electrio lamp. 

(c) In plane passing through axis of eleotrio lamp, but with a refleotor. 


tion in which it is measured. Hence, in order to specify a light source 
completely, it is necessary to observe its luminous intensity in diOferent 
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directions. A convenient method of indicating such distributions is 
by means of dia^ams similar to those shown in Fig. 17-15. The curve 
in any instance is constructed by drawing radii vectores from a point 
to represent the magnitude of the luminous intensity in a direction 
parallel to that of the particular radius vector concerned, and then 
joining the esrtremities of these lines. The distribution of light in 
other planes is, in general, different from those shown. 

Mean Spherical Candle-Power. Integrating Photometers. — 
Let I be the candle-power in a given direction of a source, Fig. 
17'16 (o), pl^ed at the centre of a sphere of unit radius. Then the 
flux of luminous energy from that source across an area ^ » ($q), 
through which the given direction passes, is given by 6F » I. to. 
Hence the total flux of luminous energy per second from the source 

is Jldct). 

Now the area of the surface of the unit sphere is 4;r, so that the 
mean flux of luminous energy across unit area of the above sphere, 
i.e. the mean flux per unit solid angle, is 



lo. 


This is termed the mean spherical candle-power of the source. 

Integrating Photometers. — ^The total flux of luminous energy 
from a given source of light, and hence its mean spherical candle- 
power, may be computed by the laborious process of measuring the 
luminous intensity of the source in many different directions, and 
then constructing the polar curves for different planes. Sumpnxb, 
in 1892, showed that if a soiuce of light is placed in a large hollow 



Fio. 17*10. — An Integrating Photometer. 

sphere whose walls are perfectly difiusing, then the illumination at 
any point on the wall due to light reflected from the remainder of 
the walls is a constant. This principle was put into practical use by 
Ulbbight in 1900. A large spherical globe is painted white (zinc 
oxide paint) and the lamp L, Fig. 17*16 (5), plac^ in position. The 
globe is provided with an opal glcMS window, W, screened from dir^t 
rays from L, the lamp under test, by the screen, S, also painted white 
on both sides. The illumination at W is then constant for a given 
lamp providing that the white surface is imiformly white and has no 
selective action on light of different wave-lengths. 

The intensity of the light transmitted through W is then compared 
with the intensity of a constant source by some other photometer. 
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The lamp L is then replaced by one whose mean spherical candle- 
power has been determined by the method suggested above and the 
intensity of the light transmitted through W again compared with 
that of the stemdard source. 

The ratio of the two intensities is the ratio of the mean spherical 
candle-powers of the two lamps which have been placed in the integrat- 
ing photometer. 

Photometers of this type and having a diameter of 88 inches have 
been made. In recent years the National Physical Laboratory at 
Teddington has designed a cubical photometer of this nature since it 
is much easier to construct. Theoretically, this whitened cube photo- 
meter is less accurate than a spherical one ; in practice, however, it 
is very efficient. 

Indoor and Street Lighting. — So far we have only discussed 
methods of measuring the actual illumination at a point. Now in 
designing any particular lighting S3rstem the degree of illumination is 
only one factor to be considered. Other requirements have to be 
met ; these differ according as the lighting is for indoor or street 
purposes. Let us consider them in turn. 

The requirements for an indoor system are (a) adequate illumin- 
ation, (b) absence of glare, (c) non-exoessivo contrast, and (d) proper 
distribution. The intensity of illumination varies with different types 
of room and depends chiefly on the type of work to be done in them. 
For household purposes an illumination of 30 to 60 lux (metre-candles) 
is satisfactory. If no fine work is to be done, as in a foundry, the 
illumination may be reduced to one-third of the above values. On 
the other hand, the routine work of a drawing office requires an illumin- 
ation of about 00 lux. 

By minimizing the glare from a light source much eye-strain may 
be avoided. 

Excessive contrasts are particularly annoying, and are a source of 
constant danger if they exist in street or factory lighting. On the 
other hand, a watchmaker finds that a complete absence of contrast 
is not desirable for his work. 

As regards the distribution of light a concentration of light in one 
part of a room is to be avoided ; if work is to be done at several points 

in a room then a general illumination of 6 lux is generally considered 
sufficient when at each point where the work is carried on, there is 
a supplementary light. 

In street lighting the iUumination should be as even as possible. 
In practice this is accomplished by using specially designed reflectors 
so that the light is concentrated along the surface of a cone of very 
wide angle, or by placing the lamp at a considerable distance above 
the road level. 


EXAMPLES XVn 

1. — In a Bunsen photometer two lamps are placed 02*7 and 84*6 cm. 
from the ‘ spot ’ when there is equality of contrast between the waxed 
and unwaxed portions on each side of the paper. Comparo the candle- 
powers of the two lamps. 

2. — ^Two lamps, whose candle-powers are as 2*6 : 1, are 160 cm. 
apart. At what distance from the less bright lamp must a grease 
spot be placed so that there is equality of contrast on the two sides of 
the ‘ spot * 7 
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3. — ^Describe how you would determine the fractional reduction in 
the candle-power of an electric lamp when it is surrounded by a trans- 
lucent globe. Assuming that the globe absorbs 8 per cent, of the 
light emitted by the lamp, calculate the ratio of the distances of the 
lamp from the photometer in the experiment you describe, fuming 
the distance of tho comparison source to be the same in each instance. 

4. — Describe some modern form of photometer, indicating the par- 
ticular features of the instrument you describe. A candle and a glow- 
lamp of 36 candle-power are 1 metre apart. Where must a screen be 
placed on the line joining them so as to be equally illuminated on 
both sides ? 

5. — Describe some form of photometer. Discuss its accuracy and 
explain the principles on which its action depends. Where may a 
sheet of paper be placed on the line through two sources of light of 
candle-powers 6 and 4 respectively, and 2 metres apart, so as to be 
equally illuminated by each of them T 

6. — A lamp of 3 candle-power is placed at a distance of 30 cm. from 
the grease spot of a photometer and another lamp of 6 candle-power 
is placed at a distance of 50 cm. on the same side of the instrument. 
Find where a third lamp of 10 candle-power must be placed in order 
that both sides of the photometer may be equally illuminated. 

7. — Describe and explain tho action of a ‘ grease spot * photometer. 
Explain how it could bo used to determine the fraction of light trans- 
mitted by a sbeef^of imperfectly transparent substance. (L. ^28.) 



CHAPTER XVm 


THE REFLEXION OF LIGHT AT PLANE SURFACES 


When light is incident upon any body the subsequent history of 
the light is determined by the nature of the body and its surface ; 
one part of the light is returned into the me^um in which it 
originally travelled — ^it is reflected ; the remaining portion enters 
the body and is there absorbed if the body is opaque, or it is trans* 
mitted through the body if the latter is transparent. If the body 
transmits light, but is such that an object cannot be seen distinctly 
through it, then the body is said to be translucent. 

The Reflected Rays. — ^The direction in which the reflected light 
is propagated is determined by the laws of reflexion. If the surface 
consists of innumerable small facets then light incident upon them is 
reflected from each little facet according to these laws, but there is 
no definite image formed, for the reflected rays go in all directions, 
as the facets will be orientated at random. In this connection 
an interesting experiment has been described by Wood. A piece 
of plane glass, smoked by passing it rapidly through a smoke 
flame, is not a good reflector of light, but if it is held between a 
source of light and the eye bo that the light, glass, and eye are 
nearly in a straight line then a red image of the source is seen — the 
image becomes brighter and more white the more nearly the straight 
line condition is approached. 

The Laws of Reflexion. — Let CD, Fig. 18’1, represent a plane 
jy, sheet of polished metal [this 



is better than a silvered 
mirror, in which the thick- 
ness of the glass is a dis- 
turbing feature]. Let AO 
be the ray of light travel- 
ling towards the mirror, 
whilst OB is the reflected 
ray ; then AO is the incident 
and OB the reflected ray. 
Let ON be the normal (i.e. a line perpendicular to a surface) at 0 


77!^. JQ 

Fio. 18-1. — ^Reflexion of Light at 
Plane Surface. 
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to CD. Then the AON is called the angle of incidence, whilst 

NOB is the angle of reflexion. The laws of reflexion state — 

(o) The incident ray, the reflected ray, and the normal 
to the mirrot^ at the point of incidence He in the same plane. 
(6) The angles of incidence and reflexion are equal. 
Experimental Verification of the Laws of Reflexion of 
Light Rays. — The first law of reflexion may be verified with the 
aid of the apparatus shown diagrammatically in Fig. 18*2 (a). M is 
a shallow pool of mercury (or black ink) which serves as a miiTor 
which is truly horizontal, and PHK is a plumb line placed as shown. 
When at rest this will hang vertically downwards. O is a small 
object above the level of the mirror. The object may be the point 
at which two black lines intersect on a white card or the central 
point of a clear cross on an opaque base, the cross being suitably 
illuminated, cf. Fig. 18-2 (i). The eye, E, is placed in such a 



Fia. 18 * 2 .-— Experimental Verification of the Laws of Reflexion 
of Light. 

position that the image I, formed by reflexion, is in the vertical 
plane containing the eye E and the plumb line. It will be found 
that 0 is also in this plane. Thus the first law is verified. [It 
should be noticed that the observer must be at least three feet 
from the plumb line and that O should be near to this line so that 
the line and the points O and I may be seen in focus at the same 
time by the observer.] 

The second law of reflexion may be verified by placing a mirror M 
— ^preferably a piece of metal highly polished — so that its plane is^ 
perpendicular to a piece ofpaper on which it stands, cf. Fig. 18*2 (c). 
Pins Pi and P2 are placed to define a ray. The images of these 
pins formed by reflexion are observed and pins P3 and P4 placed 
in such positions that all four pins appear to be coplanar. The 
position of the reflecting surface is marked on the paper. The 
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rays Pi P# and P3 P4 are then drawn — ^it is advisable for these pins 
to be at least 10 cm. apart so that the paths may be drawn 
accurately. It will be found that the rays intersect on the surface 
of the mirror. If the normal to the mirror at this point is drawn 
and the angles of incidence and of reflexion are measured, these 
will be found to bo equal within the limits of experimental error. 

Image of a Luminous Point Formed by a Plane Mirror.— 
An immediate consequence of the laws of reflexion is that the image 
of a luminous point in a plane mirror is as far behind the mirror 
as the source is in front and that the source and image lie on a line 
which is normal to the surface. This is easily proved — cf. Fig. 18*3. 



Fig. 18*3. — Image of a LuminouB Point Formed by Reflexion in a Plane 

Mirror. 

Here OA and OB represent two rays incident upon a plane mirror 
at A and B respectively ; the reflected rays are AP and BQ. The 
laws of reflexion state that 

(1) OAN = NAP, and OBM = MBQ where AN and BM are 
normals to the mirror at A and B respectively. 

(2) The rays and normals are all in one plane. 

Let PA and QB when produced meet at I, so that the reflected 
rays apparently proceed from I. [Since they do not actually pro- 
ceed from I, the lines arc dotted.] If AN' and BM' are continua- 
tions of the normals on the other side of the mirror, then 

OAN NAP 
= IA>T' 

OAN + 90» = I^'+ 90*. i.e. OAB = BAI. 

Similarly OBA = ABI. Hence the A’® OAB and lAB are con- 
gruent, for the base is common and the base angles of one are equal 
to the base angles of the second triangle [proved]. 
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Hence in the A*s OAX and XAI» 

( AX is common 

OA = AI •/ . OAB and lAB are congruent. 

/\ /N. 

OAX =5 XAI these angles are supplements of angles which 
are equal. 

/. A *8 congruent 
/. OX = XI 

and the OXA = AXI, 
and these, being adjacent, are right angles. 

Image of an Object placed In Front of a Plane Mirror, — 
Since an object may be regarded as a succession of points, the 
laws of reflexion are applicable to all the rays proceeding from 
every point of the body. The 
cone of rays which proceed from 
A, Fig. 184, is reflected by the 
mirror MM, so that it appar- 
ently proceeds from!" Ai the image. 

In drawing such a cone of rays, 
it is better to join the eye to the 
image A^, the position of the cone 
behind the mirror being indicated 
by dotted lines. From the points 
where this cone meets the mirrori 
straight lines are^ drawn to A. 

The path of the rays of light from A to the eye is then completely 
known. Similarly for B and its image Bj. The image is obtained 
by joining AiBj. 

Inclined Mirrors. — ^When two plane mirrors are inclined to each 
other, an object placed between them gives rise to images in both 
mirrors. These images may give rise to other images, the number 
of new images formed by repeated reflexion depending upon the angle 
between the mirrors. We shall consider two particular instances : — 
(a) Two mirrors inclined at 90 \ — ^In Fig. 18*5, 0 is an object 
placed in front of the two mirrors, and in order to simplify the draw- 
ing only the extreme point at the top of 0 is considered as being 
luminous. The images Ii and Ig are formed by reflexion from Mj 
and M| respectively. Now the image I| is in front of the plane 
containing M|, and therefore can produce an image by reflexion 
in M, ; that image is In. Similarly, I, is in front of Mi and gives 
rise to an image Iti coinciding with In. In order to draw the 
pencil or cone of light, which proceeds from 0 and enters the eye 
E, so placed that it perceives the image at In, the pencil ElnE is 



Fio. 18-4, — Image of a Finite 
Object Formed by Reflexion at 

a Plane Mirror. 
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drawn. Now I,, is the image of so that if this pencil oats M, 
in ed the penofl of el^d is drawn ; if this outs Mj in oh then 0 is 
joined to a and b. The parts of the three pencils thus drawn, 



which lie between the mirrors, represent the cone of light which 
is required. 

(6) Two mirrors inclined at 6»*.— This particular instance is 
illustrated in Kg. 18'6. The images, I| and are formed by one 
reflexion at each of the mirrors respectively. Light from these 



images then produces two further images Ij, and I,, and finaUy 
Iiti and Iiii, which coincide, ate formed by the light which is 
again reflected from the mirror. 
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In order to draw the cone of rays which gives rise to the formation 
of Itii, let us say, the eye E is placed in some convenient position. 
It must be remembered that an image can only be seen when the 
light rays diverging from it actually enter the eye. Accordingly 
the coneliia^ Is drawn ; it will intersect M, in e and / respectively , 
BO that Ee/ represents the rays which enter the eye after reflexion 
at Ml. The image Ian arises as a reflexion of lai in M|, so that when 
the cone edlncf is drawn, the portion cds/ represents the rays which 
finally give rise to Ian aifter reflexion at M,. Now lai is the image 
of la, so that, as above, the rays in the pencil abed are those which 
finally complete Ian* By joining the points a and 6 to 0 the 
complete cone of rays is obtained. 

It will be noticed that all the images lie on a circle whose centre 
is A, the point of intersection of the mirrors. In both these 
problems, as soon as an image is formed so that it is behind 
both mirrors, no further reflexions are possible. 

Parallel Mirrors. — ^When a luminous body is situated between 
two parallel mirrors, the image is always in front of one of them, 
so that an infinite array of images all lying on one normal to the 
mirrors is formed. In practice this is not so, because the light, 
after several reflexions, is so weakened that the retina of the eye 
fails to detect more than about ten images. Also, the mirrors are 
never exactly plane or parallel — ^the images, therefore, lie on the 
circumference of a circle whose radius is large. 



Fig. 18*7. — Multiple Images by Beflexion in Parallel Mirrors. 


Let 0, Fig. 18*7, be an object situated between two parallel 
mirrors, and Mf In the absence of loss of light, two infinite 
series of images will be formed. 

Thus Pj is the image of 0 in Mj ; P| that of Pi in ; P^ that 
of Pi in Ml, etc. Similarly for the Q series. The paths of the 
rays of light from 0 to an eye E looking at Pi, for example, are 
traced in the manner indicated. 
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Suppose that a and 6 are the distances of 0 from Mj and M| 
respectively. Then 

PiA = AO = a QiB = BO = 6 

PfB = 2a -f- 6 Q|A = a -f“ 26 

P,A = 3a + 26 Q,B = 2a + 36 

Hence PjP* = P.P* = P,P, = = 2(a + 6) 

QiQs = Q 1 Q 4 = QsQ. = = 2(a + 6) 

The above equations show that the distance between consecutive 
images of either series behind the mirrors is constant, and equal 
to twice the distance apart of the mirrors. 

Reflexion of a Ray by a Rotating Plane Mirror. — To measure 
a small rotation by an optical contrivance, use is made of the fact 
that if a mirror is rotated through an angle 0, the reflected ray is 



rotated through an angle 20, the incident ray following the same path 
both before and after the rotation of the mirror. 

Proof : Let OA, Fig. 18*8, be a ray of light incident upon the 
mirror MN at A ; let AT be the reflected ray. Suppose that the 
mirror is rotated through an angle 0 to the position M'N'. The 
incident ray then meets the mirror at B, so that the reflected ray 
becomes BT. Let AK and BK be the normals at A and B 
respectively. Through B draw BM' parallel to NM. Then 
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where a and 0 are the angles indicated. Hence, since the angles of 
incidence and reflexion are equal, 

N'BT = 9O®-a-0. 

Also ABR = M'BO. 

Let (f> be the angle through which the ray of light rotates. Then, 
since the sum of the angles of a ^ is 180^, 

= 180® - a - a - (90® - a - 0) - (90® - a - 0) 

= 20 . 

Hence the angle through which the ray rotates is twice the angle 
through which the mirror moves. 

The Sextant. — ^This instrument was developed by Hadley in 
1731 60 that sailors might ascertain their latitude by measuring the 
angle of elevation of a star at a stated time. He writes : ‘ The 
instrument was designed to be of use whore the motion of the 
objects or any circumstances occasioning an unsteadiness in the 
common instruments render the observations difiicult or uncertain.’ 
It takes the place of the theodolite in surveying and its distinct 



Fio. 18*9. — The Principle of a Sextant. 


feature is that images of two points, whoso angular separation is 
to be determined, are in the field of view at the same time. Before 
describing a sextant let us make the following digression. 

Let ABC, Fig. 18*9 (a) be a framework in which BAG = 60®.' 
Ml is a plane mirror with its face normal to the plane of the 
diagram : it is capable of rotation about an axis through its mid- 
point A normal to ABC. Mg is a second plane mirror with its face 
also normal to the plane of the diagram. Its mid-point D is not 
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necessarily on AB, but its trace is such that a ray travelling along 
AD is reflected along DE where DE is parallel to the straight line 
BC : the inclination of M 2 is flxed by the fact that the normal DNq 
to it at D must bisect the angle ADE. The zero position of Mi 
is determined by the condition that a ray FA, parallel to DE, must 
be reflected by Mi so that FA traverses in all the path FADE. 
If ANi is normal to Mi at A, then when the above condition is 
satisfied, 

FANi = NiAD; ADNj = N2DE 


But FAD = ADE. 

Hence NiAD = ADN„ 


or the mirrors must be paraflel to each other when a pointer rigidly 
attached to Mi indicates ^ zero.’ 

It is now necessary to determine the angle through which Mi 
must be rotated in order that a ray SA, Fig. 6'8 (6), after reflexion 
at Ml, shall proceed along AD and hence along DE, since M 2 is 

fixed, the line DE being horizontal. Let d = SAF and y) the angle 
of rotation required. If ANi' is the normal to Mi at A in the new 

position of this mirror, NiANi’ = y. Let ip be FANi = NiAD. 
Then == N/AD, 


or 0 + ip — y = ip 4. y. 

y = 

Accordingly, the pointer attached to Mi moves over a circular scale 
on BC, the graduations having nominal values equal to twice their 
real value so that the angle of elevation required may be read off 
directly. 

An arrangement of plane mirrors similar to the above is used 
in the modem sextant, shown in Fig. 18*10 (a). ABC is the metal 
framework, the angle BAC being 60°. [In Hadley’s original instru- 
ment this angle was 45°.] Mi and Mp are the plane mirrors mounted 
with their reflecting faces normal to the plane ABC, Mp being fixed 
to the framework, while Mi is fixed to an arm, L, capable of rotating 
about an axis through A normal to the plane of the diagram. The 
arm L carries a vernier, the arc BC is graduated as before and, as 
shown previously. Mi is parallel to Mg when the zero on the vernier 
scale coincides with the zero on BC. When the plane of Mi lies 
along AC, a ray, FA, parallel to DE, will traverse the path FADE. 
If 0 is the angle SAF, the angle between the positions occupied 
by Ml in the two instances is The position of Mi is indicated 
by a pointer attached to M„ and moving over an angular 
scale on BC. 
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T is an ereoting telescope [Qalilean type — of. p. 519] whose axis 
is parallel to BG and intersects Mf in D. The inclination of Mf 
is determined as above, i.e. its face is perpendicular to DN|, the 
bisector of the angle AD£. 

let us assume that the above instrument is to be used to deter* 
mine the angular elevation of the top of a spire with respect to 
the top of a wall directly below it. The telescope T is directed 
towards the top of the wall and a view is possible since only one 
half of Mf is silvered. The arm L is rotated until the image of 
the wall-top seen by reflexions at and appears to coincide 



with the image seen directly. The arm L is clamped by means 
of the screw K. The scale reading of the vernier is noted. The 
arm L is then rotated until an image of the top of the spire, formed 
after reflexion at and Mt, appears to coincide with the image 
of the wall-top seen directly — cf. Fig. 18*10 (6). The vernier 
reading is again noted. The difference between these readings 
gives the angular elevation required. 

Oi and Gt are pieces of tinted glass which are placed in the 
paths of the different light rays if these proceed from a brilliant 
source : they must be used whenever an attempt is made to 
measure the altitude of the sun. 


I.F. 


p 
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It should be noted that the eyepiece of the telescope is not 
provided with cross-wires, since the telescope is only used for 
examining a coincidence between two images. 



Fio. 18-11. — Artificial Horizon: Dotermination of Sim’s Altitude. 



To determine the Sun's Altitude. 
— A large dish containing mercury is 
placed in a convenient position and 
the image, Si, Fig. 18*11, of the sun 
in the mercury observed (dark glasses 
must bo used). [If a plane mirror is 
used it must be carefully levelled.] 
Suppose the sextant is at O. To de- 
termine the zero error of the instru- 
ment, an image of Si reflected from Mi 
and [Fig. 18*10 (a)], coincides with 
the image of Si as seen through the 
clear portion of M,. Let the vernier 
reading be Op The mirror Mi is then 
rotated until an image of the sun re- 
flected in the mirrors Mi and M, 
coincides with Si. Let the vernier 
reading be 0g, If a is the sun’s alti- 
tude, 2a = 0i — Op 
The Measurement of Small 


Fia. 1812 .— M«i«jrein®nt of Deflexions.— When a body rotates 
Small AngoJar Deflesons. through a small angle about a vertioal 

axis, that an^e may be measured by 
a method due to PoGOBNOOBVir. A telescope, C, Fig. 18*12, is 
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placed normally to a small plane mirror rigidly attached to the 
moving system. A scale, graduated in cm., etc., is placed 
near to the telescope and parallel to the rest position of the 
mirror, LM. An image of a point A on the scale wUl be seen 
through the telescope, the image being at P, where OA = OP. 
When the mirror moves to a position L^Mi the image of an- 
other i)oint, B, on the scale will be seen at Q, where BD ^ DQ 
and BD is normal to L^M}. Let a be the angle through which 

the mirror has turned ; then the AOB is 2a, and tan 2a == 

For small angles tan 2a = 2a, so that a = 

2 . DA. 


EXAMPLES XVin 

1. — ray of light is reflected from a plane mirror after incidence at 
an anglo of 43*5^. The mirror is rotated through 31^. Find, by 
drawing, the angle through which the reflected ray is rotated. 

2. — Show that when a ray of light is reflected from a plane mirror 
it travels along the shortest possible path. 

3. — Two mirrors intersect at right angles. Prove that, if a ray of 
light is reflected from both mirrors, the emergent ray wiU be parallel 
to its original direction. 

4. — State the laws of reflexion of light. A small object is placed 
between two plane mirrors inclined at an angle of 60^. Determine 
graphically the number of images formed, and indicate the path of the 
rays when an image formed by two reflexions is observed. 

5. — State the laws of reflexion of light. Two plane mirrors are in- 
clined at a fixed angle to one another and the combination can be 
rotated about their Une of intersection as axis. Show that, if a ray 
of light is reflected first in one mirror and then in the other in a plane 
at right angles to the axis, the deviation of the ray is unaltered by the 
rotation of the mirrors. 



CHAPTER XIX 

REFLEXION OF LIGHT AT SPHERICAL SURFACES 


Preliminary Definitions. — ^A polished surface having the form 
of a portion of a sphere is termed a spherical mirror. The centre of 
curvature of the mirror is the centre of the sphere, C, Fig. 19*1. 
If the inside of the spherical cap acts as a mirror, the reflecting 
surface is said to be concave ; if the outside reflects, it is a convex 
mirror. Suppose that 0 is a point source of light and that a 




Principal axis 


Principal axis 


(CC) 

A Concave Beflecting 
Surface. 


(b) 


M 


A Convex Reflecting 
Surface. 


Fia. 191. 


straight line through 0 and C (produced if necessary) cuts the 
surface of the mirror in P. Then P is termed the pole of the 
mirror, while the line CP is termed the principal axis. The 
boundary or periphery of a mirror is usually circular, and the 
length of the diameter of this circle is called the aperture. The 
radius of curvature of a spherical mirror is the radius of the sphere 
of which the mirror forms a part. 

Some Optical Conventions. — ^Distances are measured along the 
axis from P, the pole of the mirror ; in this book distances measured 
to the right of P are considered positive ; those to the left are nega- 
tive. Since some prefer to call positive those distances which are 
measured against the direction in which light travels, and negative 
distances measured in the opposite direction, we shall always place 
our object on the right of the mirror or lens so that readers of 
this book may use either convention. 

Reflexion at a Concave Spherical Surface. — The principal 
section of a concave spherical surface is shown in Fig. 19*2. Let 
0 be a luminous point on the aids of this concave reflecting surface 

380 
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— or mirror ; let OA be a ray incident at A. Then the line CA, 
which is a radius, is normal to the surface at A. The reflected 

ray is therefore AI, where lAC = OAC. Now OC is a ray of light 
which travels along a radius ; it is therefore reflected along this 
radius in the reverse direction — ^the two reflected light rays meet 
at I, and this will be the image of 0 if it can be shown that all the 
reflected rays pass through this point. If so, the image will be 
real because the rays of light actually pass through it, i.e. it may 
be obtained on a screen. 



Fiq, 19*2. — Keflexiou at a Conoavo Spherical Surface. 


Let the points 0 and I be at distances u and v respectively from 
P, while f is the radiueTFC. Let % be the angle of incidence at A— 
it is therefore the measure of the angle of reflexion also ; let a, 
and y denote the angles shown. Since the exterior angle of a triangle 
is equal to the sum of the two interior and opposite angles, we have 

y = » + a (1) 

P^2i + oi ( 2 ) 

Eliminating i from these equations, by multiplying (1 ) by 2 and then 
subtracting, we obtain 

2y — ^ a (3) 

The assumption is now mode that the angles a, ^ and y are small, so 
that their circular measure is expressed by their tangents, i.e. the 
theory developed here is only applicable to paraxial rays, i.e. 
rays near to the principal axis of an optical system. Draw AD 
perpendicular to OP and call this length h. 

Then a = ^ DO ^ PO \ since A and P are close 

together. 

* The sign ^ means * is approximately equal to.* 


382 


OPTICS 


Similarly, ^ ■= y 

Substitutiiig these valaes in (3) and dividing by h throughout, we 
obtain 

21^1 
r V u 


or 



(4) 


Let us now suppose that the object is at an infinite distance from 
the mirror. The particular point at which the image is then formed 
is called the focus of the mirror — ^the distance of this point from 
P is called the focal length (/) of the mirror, i.e. /= [«]«_►«.» 
where this symbol denotes the particular value of the image Stance 
when u—*-co. Hence substituting in (4) we obtain 

00 r’ “ r’ 

i.e. [»]«>« =/=p 


i.e. the focal length of the mirror is one-half its radius of curvature. 
The formula (4) may therefore be written 


1 

V 



1 

/ 


(5) 


Reflexion at a Convex Spherical Surface. — ^The principal 
section of a convex spherical surface is shown in Fig. 19’3. OA is 



Fia. 19*3. — Reflexion at a Convex Spherical Surface. 

a ray from the object 0, incident at A, and reflected along AS. 
CAN is the normal at A. I^et a, y, and i be the angles as shown. 
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Then, as before, 

2t = a-f“j8 • (6) 

t r=s y -f. a (7) 

so that 0 = (a + j8) — (2y + 2a) 

= j9 — 2y — a 

or a — — 2y (8) 


If these angles are small, then, as before, 


the negative sign being prefixed in order to obtain positive values 
for the angles and y. Under these conditions 


1 

V 



2 

r 


(9) 


The image in this instance is virtual, since the rays of light do 
not actually pass through I, i.e. no image is obtained on a screen 

f 

placed at I. Again if / is the value of v when co^f Mit-y ® ~ 2‘ 

Hence the equation 


1 

V 



( 10 ) 


represents the relationship between u, v, and / for both classes of 
spherical reflecting surfaces, when due regard is paid to signs. 


Object of Finite Dimensions. — ^Hitherto the object has been 
supposed to be a luminous point ; it is now necessary to determine 
the nature of the image when the object is finite [but small, in order 
to comply with the conditions which have been stipulated]. This 
is best done graphically. Thus, let OA, Fig. 10*4 (a), be a small 
object placed in front of and perpendicular to the principal axis of 
a concave mirror whose pole is at P. Through P draw PD normal 
to PO to represent [on a large scale] the small element of the 
reflecting surface near P. PD is the trace, in the plane of the 
diagram, of the principal plane of the mirror. To remind us 
that the mirror is a concave one two arcs of circles are constructed 
as shown, the polished surface being indicated by the heavier line.^ 
The ray AD parallel to OP passes through the principal focus P 
after reflexion. The ray AC passing through the centre of curva- 
ture of the mirror travels along a normal to it and therefore retraces 
its path after reflexion. If these two rays are drawn, they intersect 


' — Students, whenever the occasion to work examples in optics 

or to construct diagrams of optical systems arises, are advised always to 
state the sign convention they use, and also how they indicate a curved 
mirror or lens on a diagram. 
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in B. This represents the image of A. If BT is drawn perpendicular 
to PO, then IB indicates the image. 

To trace the paths of the rays by means of which an eye placed 
near to the principal axis sees the image, let EG be the pupil of the 
eye. Then all the rays proceeding from I to the eye must lie in the 
pencil BGE. If GB and EB are produced to meet the mirror in g and 



(C) 


Fig. 19 * 4 .— Formation of Images in Spherical Mirrors. 

e respectively and these points joined to A we have paths of the 
extreme rays of the pencil by which an observer views the point B 
in the image. 

To prevent the diagram from becoming unduly complicated the 
positionsof the image and object have been redrawn in Eig. 19*4 (A). 
The rays AeE and A^G are then constructed as described above. To 
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determine the confines of the pencil of rays by which the point I 
in the image is seen, the lines 01 and El are produced to cut the 
mirror in gi and which points are then joined to 0. 

The method of determining the position and characteristios of 
the image formed by the reflexion of light at a convex surface is 
illustrated in Fig. 19*4 (c). Since, in this instance, the image is 
produced behind the surface, dotted lines are used to indicate the 
apparent paths of the rays in this region. The paths of the extreme 
ra;f s of the pencil by which an observer sees the point B in the image 
are obtained as before, and it is left as an exercise for the student 
to draw the rays from 0 to the eye. 

The Tracing of any Ray of Light after being reflected at 
a Spherical Surface. — Let OA, Pig. 19*6 (a) be a ray of light 
incident upon a concave mirror with pole, focus, and centre of 
curvature as shown. A plane through F and normal to the principal 
axis of the mirror is termed the /ocnf plane of the mirror. Through 
C draw CH parallel to OA to cut the focal plane in K. Then 
OAHC may be considered as a beam of parallel light falling on the 
mirror : it will hb brought to a focus in the focal plane. Since CH 




is one ray of the beam and it is reflected without deviation so that 
the reflected ray cuts the focal plane in K, it follows that K is the 
focus for the parallel beam considered. Hence AK must be the 
path of the ray OA after reflexion at the surface. 

When the mirror is convex the construction is carried out as in 
Fig. 19*5 (b). No details of the method are given since the lettering 
on the diagram is such that the explanation given above applies^ 
at once — ^it must be remembered, however, that KA is a ‘ virtual ’ 
ray. 

Magnification. — The linear magnification, m, produced by an 
optical instrument, when the object and consequently the image, 
are perpendicular to the principal axis of the instrument, is defined 
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as the ratio of the linear dimensions of the image to those of the 
object. Very frequently distances above the principal axis are 
taken as positive, and those below as negative, so that the sign of 
the magnification depends upon whether the image is erect or 
inverted. Rules are then given by means of which one may 
ascertain the nature of the image, e.g. whether it is real or virtual, 
erect or inverted. Since all this information may be obtained from 
an accurately drawn diagram and such diagrams should always 
be made whenever a problem is attempted, we shall regard all 
distances above or below the axis as positive, i.e. the magnification 
will always be considered positive; to be consistent with tliis, 
distances to the right or left of P must be considered positive, 
i.e. all distances are measured by their numerical magnitudes 
alone when dealing with magnification. 

Thus, in Fig. 19*4, the magnification is given by 
__ size of image _ IB 
^ size of object OA* 

But tan OPA is and tan IPB is , and since these angles are 
PCJ> Jrl 

equal, 

OA IB IB PI 


where the symbols |i;| and \u\ denote the numerical values of v and u 
respectively. 

Worked Examples: 

(i) A concave mirror has a focal length of 16 cm. Find the position, 
size, and nature of an object 4 cm. high placed (a) 20 cm. (6) 10 cm. 
from the mirror. 

(a) Since the mirror is concave, / is positive : u is also positive. 
Hence, inserting the numerical values for / and w in the formula 

7 * and inserting the appropriate signs only when such substi* 

V ft j 

tutions are made, wo have, 

111 

■; + 20“r6- •-eoom. 


Also I - 1 <=3, and an accurately drawn diagram shows that 
the image is real and inverted. 

J + A »>= -30om. 


Also m 


— as 1*6 ; the image is virtual 6uid erect. 
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(ii) A conoave mirror has a radius of ourvature of 10 om. Where 
must it be placed so that an eye shall see an image of itself magnified 
4 times 7 

Since | m | » 4, we have | v | » | 4u |. 

Let us try v » 4u, i.e. v is positive^ since u is positive. Then 
112 

7- + — «= 77;. u ■» 0*26 om. and v =» 26*0 om. 

u lU 

This is an impossible solution, since the final image would be formed 
behind the eye itself. 

Now try — = 4u, i.e. v is negative since ti is positive. Then 

112 

~ 4m ii ~ lO* ^ ~ V = — 16*0 om. 


This is the solution required, for the image is visible to the eye. 

(iii) A convex mirror has a radius of curvature of 12 om. Calculate 
the position of a point object 18 om. in front of the mirror. 


We have 


11 _ _2 ^ 1 
e 18 “ 12 “ 6 


the minus sign being inserted since r is negative. 

.'. e = — 4*6 cm. 

i.e. the image is behind the mirror. 


(iv) A man holds half-way between his eye and a convex spherical 
mirror, 6 ft. from his eye, two fine parallel wires so that they may be 
seen directly and by reflexion in the mirror. If the apparent distance 
apart of the wires as seen directly is five times what it is seen by 
reflexion, calculate a value for the radius of curvature of the mirror. 

The apparent size of an object or image is measured by the angle 
it subtends at the eye of the observer. Let x and y bo the actual sizes 
of the object and image respectively : the foot is taken as the unit 
of length. Th#^n, with the usual notation. 


liLl ^ ly I 

2-5 ■ 6 + 1 1> 1 


= 6 . 


(i) 


1 2 
Ivl '^6 


2 

|r|’ 


(ii) 


and 


liLi ^ 

I y I I ® r 


(iii) 


Eliminating | x | and | y | from (i) and (iii) we have 
\v\^ 2-6 ~ ^ 



Hence, from (ii) 

I r I - 5 ft. 


The * Phantom Bouquet / — Ti a small flower, OA, is placed in 
an inverted position in front of a concave mirror, w > / and < r, 
as in Fig. 19*6, a screen preventing an observer from seeing the 
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flower directly, its image will be formed at IB. This will be seen 
when the observer’s eye is near to the axis of the mirror, but the 



illusion disappears when the observer steps to one side. The 
position of the image has been obtained by constructing the paths 
of the rays in the usual way. 


Fig. 19-7. 


A Particular Ins^nce of Reflexion at a Concave Surface.— 
This occurs when the object is * at the centre of curvature of the 

mirror ’ ; this expression really 
implies that the plane containing 
the object is normal to the axis ‘ 
of the mirror, and some point in 
the object passes through its 
centre of curvature. To deter- 
mine the position of the image 
we note that the ray OA, parallel 
to the axis CP| Pig. 19*7, passes 
through P after reflexion, and 
that the ray OF is parallel to PC 
kfter reflexion. The diagram shows that the magnification is unity 
and that the image is inverted. 



On the Image of the Moon in the Focal Plane of a Concave 
Mirror. — Let F, Fig. 19*8 (a), be the principal focus of a concave 
mirror M whose principal axis PP is directed towards the centre 
of the moon. Then parallel rays such as O^Qi and O 2 Q 2 from the 
centre of the moon will be focused at F after reflexion at M. Now 
let A^Bi and AjBg bo two parallel rays from a point on the outer 
edge of the moon and in the plane of the diagram. To determine 
the paths of these rays after reflexion at the mirror draw FK 
parallel to AiB^. Then the ray FK will be reflected along KG, 
parallel to PF, to cut the focal plane in 6. Then O is the point 
in the focal plane of the mirror to which all rays parallel to FK will 
be focused : hence B^G and B^G are the reflected rays required : 



reflexion at sfhebioal surfaces 

F6 will be the radius of the image of the moon. The diagram shows 
that the size of the image is determined by the focal length of the 



Fig. 19*8.— The Formation by Beiiexion in a Concave Mirror of the 
Image of the Moon. 


mirror : it is independent of the aperture, but the greater the 
aperture the brighter the image will be since the width of the beams 
caught by the mirror will be increased. 

Spherical Aberration. — ^The laws of reflexion have been applied 
to spherical surfaces on the assumption that all the rays of light 
concerned were near to the optical axis, i.e. only the region of the 
surface in the immediate vicinity of the pole has been considered. 
Such a limitation was not necessary w|^ considering the reflexion 
of light from plane surfaces because in such instances the image is 
always a perfect reproduction of the object, whereas the images 
produced by reflexion in curved surfaces are distorted, the amount 
of distortion depending upon the aperture of the mirror. Such 
mirrors are said to possess spherical aberration. 

Caustic Curve by Reflexion at a Concave Surface. — ^Let 

APB, Fig. 10*9, be the principal section of a hemispherical concave 
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mirror ; 0 is the centre of curyatnre, F the fooust and P the pole ; 
PC is therefore the principal axis. Suppose O to be a luminous 
point on the axis. The path of a reflected ray is very easily con- 
structed because the incident and reflected rays are equally inclined 
to the norm^ [i.e. the radius] at the point of incidence. The 
diagram shows that all the rays reflected from points near the axis 
tend to pass through one point I on the axis— this is the image as 


A 



hitherto contemplated. As the incident rays approach the direction 
OA, however, the reflected rays tend to cut the axis at points nearer 
to the mirror. If a sufficient number of reflected rays is con- 
structed it will be found that a smooth curve can be drawn such 
that every reflected ray is a tangent to the curve. This is termed 
the caustic curve by -reflexion at a curved surface. Such a curve 
is very frequently seen on the surface of tea in a cup when there 
is a light not directly overhead. 

Focal Lines by Reflexion at a Spherical Surface. — ^In 
Fig. 19*10 a narrow pencU of rays is shown incident upon a 
small portion AB of a spherical surface. The two extreme rays 
OA and OB intersect after reflexion at F|, a point in the plane of 
the paper. These same two reflected rays will cut the axis at 
points separated by a short distance F^. U we imagine the figure 
to rotate, through a small angle about the axis OC, the point Fj 
will move through a short distance perpendicular to the plane of 
the paper, while F| still remains on the axis. Fig. 19*11 will 
perhaps help to make this clear. The lines F| and Fg are termed 
the first and second focal lines respertively. Somewhere 
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between these two focal lines the reflected cone passes through 
a circle at right angles to the direction of propagation. This 



Fig. 19*10. — Fooal Lines by Reflexion at a Concave Spherical Surface. 


circle, known the circle of least confusion, must exist 
because the width of the pencil gradually changes — at Pj it is 

elongated along the per- 

pendicular to the plane of 
the paper, while at F| it 
is elongated in the plane 
of the paper. Somewhere 
in between it must be 
equally wide in two 

directions — ^this is the 
^ region of the circle of 

^ least confusion. Such a 

pencil as this, which nowhere passes through a point, is termed 

an astigmatic pencil. 

Parabolic Mirrors.— The par- 
abola is a curve possessing the 
property that the normal at any 
point on it makes equal angles 
with a line through that point 
parallel to the axis, and with the 
line joining it to the focus. In 
consequence of this if a small 
source of light is placed at the Fia. 10*12. — Parabolic Mirror, 
focus, F, Fig. 1912, of a parabola 

all the reflected rays will be parallel to the axis. Such miirors 
are used in search-lights. 
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EXAMPLES XTir 


1. — ^An object is placed 24 cm. in front of a concave mirror when 
an image is formed 8 cm. from the mirror. Calculate the radius of 
curvature of the mirror. Check by a drawing. 

2. — ^A candle is placed 50*3 cm. in front of a convex mirror whose 
focal length is 14*6 cm. Where is the image T What is the magnifi- 
cation ? If the distance of the candle from the mirror is halved, show 
that the magnification is not altered in the same ratio. 

3. — ^A concave mirror has a radius of curvature equal to 4 ft. Where 
must an object be placed so that the image may be magnified 3 times ? 

4. — ^Two mirrors, one convex and the other concave, each have a 
focal length equal to 6 in. Their poles are 18 in. apart. If an object 
is placed 1 ft. from the concave mirror, find the position of the image 
formed first by reflexion at the concave mirror, and then at the convex 
mirror. Check by a diagram. 


6. — Establish the formula ^ -f- ~ for a convex spherical mirror. 

A small object is situated 8 in. in front of such a mirror having a radius 
of curvature equal to 0 in. Calculate the position of the image and 
show, on an accurately drawn diagram, the paths of the rays by means 
of wMoh an eye, placed near to the axis of the mirror, sees the image. 

6. — ^An object, 3 cm. high, is placed perpendicularly to the principal 
axis of a convex mirror whose focal length is 8 cm. If the object is 
15 cm. away from the mirror, calculate the position of the image. 
Indicate, on a diagram, the paths of rays which enable an observer 
to see the image. 

7. — ^A luminous object is placed 30 cm. from the surface of a convex 
mirror, and a plane mirror is set so that the images formed in the two 
mirrors lie adjacent to each other in the same plane. If the plane 
mirror is then 22 cm. from the object, what is the radius of ourvatiure 
of the convex mirror T — (N.H.S.O. *29.) 

8. — ^A man holds half-way between his eye and a convex spherical 
mirror, 4 feet from his eye, two fine parallel wires so that they may be 
seen directly and by reflexion in the mirror. If the apparent distance 
apart of the wires as seen directly is six times what it is seen by reflexion, 
c^culate a value for tho radius of curvature of the mirror. 

• Show, on a diagram drawn to scale, the paths of the rays of light 
by which an eye, near to the principal axis of the mirror, sees the image 
of one of the wires. 
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REFRACTION AT PLANE SURFACES 

The Refraction of Light. — When a ray of light passes from one 
homogcneoxis medium into another it is generally propagated in 
a direction which is not the same as that in which it originally 
travelled. Eoglid had noticed that when a ring was placed at the 
bottom of a vessel, it was possible to see the ring when the vessel 
was filled with water, even when it was impossible to see the ring 
in the absence of the water. He explained this phenomenon by 
supposing that the'light from the object was refracted at the surface 
of the liquid. 

The Laws of Refraction for Isotropic Media.— Although 
many illustrious workers endeavoured to discover these laws, it 
was not until 1621 that they were formulated by Wiluau Sitbix. 

(a) When a ray of light passes from one homogeneous medium 
into another the incident ray, the refracted ray, and the normal 
to the surface of separation of the two media at the point of incidence 
are in one plane, the incident and the refracted rays being on 
opposite sides of the normal. 

(b) If t is the angle of incidence, and r the angle of refraction (i.e. 
the angle between the normal at the point of incidence and the 
refracted ray) then 

= constant (for light of a definite colour). 

This constant is called the absolute index of refraction of the 
second mediiun if the medium in which the light is initially travelling 
is a vacuum. It is denoted by /x, so that 

_ sin t 
am r 

If it is desired to show that the light passes from air to glass, then 
the index of refraction is denoted by the symbol In general, if 

the light traverses from one medium (1) to a second (2), the index 
of refraction of the second medium with respect to the tot is denoted 
by ]/i|. For most purposes we may assume n => etc. 
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If fi is the absolute refractive index of a medium, the quantity 
(/i — 1) is known as its refractivity. 

Experimental Determination of jx for a Plate of Glass. — 
Let AB and XY, Fig. 20*1, be the two parallel faces of a block of 
glass, and let two pins [shown by small black circles] indicate the 
incident ray OC. The position of the ray after passing through the 
glass is found by looking along the direction KD, which is marked 
by two more pins, the four pins being placed so that they are 
apparently coUinear. If the block is now removed and the points 
C and D joined together by means of a straight line, the path of the 
ray of light is completely defined by OGDK. The angles of incidence 
and refraction at C are indicated by i and r respectively. By 

measuring these angles 
and using trigonometrical 
tables, /£ can be calculated. 
If DE is normal to the 

face XY, the EDC is also 
equal to r. Let e be the 
angle of emergence at D. 
Then 





( 1 ) 


FlO. 20d.— Path of a Ray of Light 
through a ParaUel Plate. 


sin i 
sin r 

But the ray of light KD 
would traverse the medium 
along the path ELDGO — a 
fact which is easily verified 
by looking along OC — so 
that 


sme 

sin r 




( 2 ) 


The two fractions (1) and (2) are equal, so that 


f. 


A Second Method of Calculating the Value of /i.— Instead of 
measuring the angles i and r and determining /ii from the ratio of 
the sines of these angles, it is better to produce the ray OC to out 

DE in I. Then EIG = i, so that 




sin i 
sin r 


sin EIG 
sin EDC 


Cl 

EC 

CD 


CD 

Cl- 


Thus the ratio of the lengths of CD and Cl is ; and it is much more 
easy and convenient to measure lengths than it is to measure angles. 
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because it is on experimental iaot that *, = r, when the interfiMes 
ore parallel. 

But 

al^g 

hence = 3 =5^, 

•(Ma X g/la 

i.e. the index of refraction of a third medium with respect to the 
second is 'equal to the refractive index of the third with respect 

to air, divided by the re- 
fractive index of the second 
with respect to air. For the 
refraction occurring at the 
water-glass interface we have 




f f f ^ 

f • * ^ 

ft, 

/ / / A 
/ / / / 


'' / 
* * * ^ * t * 

////// 

' / / 
/ / / / / 

^ 


1 


A 



\ 





[ 



k 


^(^9 == 


sm fi 
sin r,‘ 


Since y^fjLg = — , the above 

equation becomes 

^^sinr, = ^,Binr,. 

This equation assumes a form 
which is more easily remem- 
bered, if we call 
and jjLg = /^ 2 - Further, let 
and fo be replaced by 0 i and 
Fio. 20-3.-»eWi^ through Ssyeral ^ respectively; then^^the 

equation becomes 
sin 01 = fA 2 sin Oj. 

It shows at once that when a refraction of light occurs the quantity 
/I sin 0 remains constant. It is called 
an optical invariant. 

The above equation may be 
regarded as the fundamental equation 
of geometrical optics : it expresses 
the second law of refraction in its 
most general form. Moreover, if we 
write Pi= Pz uiust be re- 

garded as a mathematical operation) 
we have sin 0 ^ = — sin 0 ^, i.e. 

which is the second law 
of reflexion. For if AO, Fig. 20*4 is 
a ray of light, 0 a point on a 
reflecting surmce, and if ON is the 



Fig. 20'4. — ^The Second 
Law of Reflexion. 


normal incident at that 


897 


REFRACTION AT PLANE SURFACES 

NA 

point, we have, in the usual way, sin = qj. Then 


. „ NA NAi 
OA~OAi’ 

where [ NAj | == NA, so that 0^ is the angle shown in the diagram. 


Image formed by Refraction at a Plane Surface. — 
Let 0, Fig. 20*5 (a), be a small object in any medium, and ON 
the normal through 0 to the surface of separation of the two 
media. It is desired to determine the position of the image of 
0 as seen by an eye directed along NO. Suppose that the lower 
medium is glass and that the upper one is air. The ray OA, 



Fiq. 20*6. — Formation of Image by Bofraoti'on. 


incident on the upper face at an angle a, is refracted away from the 
normal at A, i.e. the refracted ray is AB. Let BA produced meet 
ON in I. The normals to the interface at N and A being parallel. 


sin a sin AON _ lA 
~ffir^~8inAIN “OA 


[as on p. 394]. 


Now, since the pupil of the eye is small, it follows that if the ray AB 
is to enter the eye, then the ray OA must be very nearly parallel and 
equal to ON, whilst lA b nearly equal to IN. Since OIN is abo a 
ray of light from O, the image must be at I. Under these conditions 

— ^ 

•f** ~ an ON ’ 

_ ON _ actual thiokneas of block _ . . 

~ ~ apparent thiokneas ^ 


or 
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The amount by which the object appears to be displaced from its 
true position is 

01 = (ON - NI) = On[^1 - 

-g- 


ON 


1 + 


3 


<h 



To Determine the Refractive Index of a Liquid available 
in Large Quantities. — Suppose that water is the liquid. A tall 
glass vessel, A, Fig. 20*6, is filled with 
water. B is a oylindrioal metal box turned 
upside down and having a long slot in its 
base. This slot is horizontal and illuminated 
with the aid of an electric lamp. Vertic- 
ally above the slot and parallel to it is a 
nickel wire, C, heated to redness by an 
electric current. The position of the wire is 
adjusted until its image formed by refiexion 
in the surface of the water coincides with 
the image of the slot formed by refraction 
at that same surface. If di and dg are the 
distances indicated, dg is the apparent depth 
of the illuminated slot when viewed directly 
from above. Hence 

di 

The experiment succeeds more readily if the 
lamp is screened and the intensity of the 
light reduced somewhat with the aid of a 
resistance placed in the battery circuit. 

Microscope Method for the Determlna« 
tion of /ci. — ^A microscope whose objective 
has a working distance of one to three 
inches is required [this means that when 
the objective of the microscope is at this 
distance from an object a clear image is seen]. It should be 
capable of movement along a vertical scale attached to a stand 
and its position should be given by a vernier. Make a pencil- 
mark on a piece of paper and stick it to the bench ; focus the micro- 
scope, with its axis vertical, on this mark and read the vernier. 
Put a thick block of glass on the paper, e.g. a cubical paper weight ; 
as the mark is now apparently raised a distance 01, Fig. 20*5 (a),it 
is no longer in focus. Move the microscope along the scale until the 
mark is clearly seen, and again read the vernier. Finally scatter a 



Fio. 20*6.— Refractive 
Index of a Liquid 
(available in bulk) by 
the Method of Ap- 
parent Depth. 
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few grains of chalk on the upper surface of the block ; focus the 
microscope on these and again observe its position. The instru- 
ment has now been focused in succession on pcuiits corresponding 
to 0^ I, N, Fig. 20*5 (a), hence the difference between the first and 
last readings gives the distance ON, and that between the second 
and third IN ; can therefore be found. The same method 
may be applied to find the refractive index of a liquid. A piece 
of lead with a scratch on it is placed in a beaker and the micro- 
scope focused on the scratch as before. Liquid is then poured 
in, care being taken not to move the lead, and the microscope 
focused in succession on the mark and on chalk grains floating on 
the liquid surface. The calculation is made as in the last example. 

Determination of the Displacement due to Viewing an 
Object normally through a Glass Plate. — Let 0, Fig. 20*5 (h), 
be a small object at distance d from the nearer surface of a glass 
parallelopiped. Suppose that E is an eye viewing this object along 
a normal OAE. The size of the eye is very much exaggerated in the 
diagram to enable a clear figure to be constructed. Let OBCD be 
a ray of light passing through the glass. As on p. 397, the position 
of the image may be found by producing DC to meet OA in I. Since 
OA is also a ray from 0 it follows that I must be the image. To 
calculate the magnitude of the shift 01 we note that Cl meets BN, 
the normal at B, in L. Now L would be the image of an object B, 


and we have already seen [cf. p. 398] that BL |^1 — — J , where t is 
the thickness of the glass. But OBLI is a parallelogram, so that 


BL = 01. The shift produced is therefore which is 

independent of the distance of the object from the glass block. 


Determination of the Index of Refraction of the Material 
of a Thick Mirror. — Let MM, Pig. 20*7 (a), be the silvered surface 
of a glass mirror of thickness and index of refraction fx. Let 0 
be an object [a vertical pin] placed on ON the normal to the mirror 
through O. If OA is a ray of light very close to ON, the refracted 
rayAB will be reflected from the back surface as the ray BC which 
emerges from the block as the ray CD. Moreover, the ray ON will 
be reflected from the surface MM and return along NO. If the rays 
CD and NO enter an observer’s eye an image of the pin will appear 
at I. This image may be locat^ by placing a second pin behind 
the mirror in such a position that it appears to coincide with 
1 even when the eye is displaced from side to side. There is 
then said to be no parallax between this pin and the image 
1. Let a and p be the angles indicated, while u and t; are 
respectively the distance of the object in front of and the distance 
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of the image behind the unsilvered surface of the mirror. Then 
ON = CA + AN, 

i.e. V tan a = 2< tan p + u tan a. 

Since a and p are small, tan a ~ tan P= fi, so that 

/le = a + fiu. 

Hence when u, v, and i are known /i may be calculated. 



Eitampie, — Suppose that O, Fig. 20-7 (6), is a luminous point at 
distanoe d below the surface of a liquid whose refractive index is /i. 
A silvered surface, S, is placed in a horizontal position at a depth t 
in the liquid. It is required to find the positions of the images seen 
by an observer looking ^ong the normal NO. The first image is formed 

by rays of light such as 
OA whioh are refracted 
at the surface of the 
liquid and appear to 
come from Ij. We have 
already determined the 
position of this image 
[of. p. 397]. 

The second image I, 
is formed by rays of 
light such as OD whioh 
are refiected from the 
mirror along DE and 
finally emerge after re- 
fraction at the free surface of the liquid along EF. To osculate the 
position of this image we note that the ray DE apparently proceeds 
from Oi, the image of O in the silvered surface. Hence /iNIp ■■ NOi, 

NOi 2f - d 


p 

0 



\ 

z — d 

^ Ji 
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Experiment . — Two pins, A and B, Fig. 20*8» placed as shown with 
reference to a rectangular block of glass FQRS, are viewed by an eye 
at E. Pins 0 and D are used to indicate the path of the ray after 
refraction at E» internal reflexion at M (but not necessarily at the 
critical angle^ cf . below), and refraction at L. To show the path of the 
lig^t ray through the glass, an outline of the block having been drawn, 
AB and CD are produced to out this outline at K and L, and again at 
X and Y. To determine M. PS is produced so that KS SH. M is 
obtained by joining HL. ilie refractive index of the glass is equal 

, KM LM 

to the ratio or to [of. p. 394]. 

Total Internal Reflexion. — ^Let us now consider what happens 
when light passes from a dense to a rare medium. Let O, Fig. 20*9, 



be a luminous point in a medium whose absolute refractive index 
is greater than unity (water, for example), ON being the normal 
through 0 to the surface. If a and p are the angles indicated, 
then, with the usual notation, 


or 






sm g 

• • • 

Bin p 

-r— ^ ^ u (say), 
sm a ^ ' 


( 1 ) 

( 2 ) 


This latter fraction is greater than unity. Since sin 00** = 1, 
it follows that the emergent ray will travel along the surface 
when 


— = /I, or sm a = — 
sm a fjL 


(3) 


The rays of light which travel from 0 and which are incident upon 
the surface at a greater angle of incidence than that given by (3) 
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cannot pass into the air— they are totally internally reflected 
and obey the usual laws of reflexion. The particular angle of 
incidence given by (3) is termed the critical angle for rays 
travelling in water and incident upon a water-air interface. If it 
is denoted by 

/i sin^ = 1 , or cosec (4) 

In the general oasoi the term * critical angle ’ refers to rays 
travelling in a medium whose refractive index relative to that of 
a second medium is greater than unity and incident upon an inter- 
face between the two media. It will be noted that total internal 
reflexion is only possible on the side of an interface where the 
medium has the higher absolute refractive index. 

It must be realized quite clearly that although it is only when 
the angle of incidence is greater than the critical angle that the 
light is totally internally reflected, yet, for angles of incidence 
less than the critical angle, a portion of the light is reflected, the 
remainder being refracted — cf. the diagram. 

Experimental Determination of the Refractive Index of 
Glass. — Suppose that A, Pig. 20*10 (a), is a semi-cyhndrical block 
of glass, and that B is a straight black line ruled on a piece of 
ground glass, C. Suppose that B is almost in contact with A 
along its axis. By viewing the line B through the curved surface 
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of Glass, 


of the glass the directions of a series of rays emerging from the 
curved surface of A may be traced. It will be found that the 
field of view has two definite limits, beyond which it is impossible 
to see the line B. Let pins PiQi and P^Qs define these limits. 
If these rays are produced backwards they intersect at B, the 
angle between them being 2<f>, where ^ is the critical angle for rays 
incident upon a glass-air interface. 

To discover the reason for this, let us consider Pig. 20*10 (6). 
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This is a very much enlarged diagram of the region near B and 
shows a ray of light from B striking the flat edge of A at grazing 
incidence. The refracted ray then makes an angle almost equal 
to 0 with the normal at the point of incidence, and when the 
grazing angle is zero, the angle of refraction is Then 

cosec <l> = 

To Determine the Refractive Index of Water by a Critical 
Angle Method. — Let ABCD, Pig. 20-11, be a ray of light pass- 
ing through a rectangular block of glass bounded on two sides 
by water and by air respectively. Let a, /?, and y be the angles 
indicated. Then am a = sin fi, and ^g sin = sin y, i.e. 

sm a = sin y. As a increases, y finally reaches a value 

when the ray BC is internally reflected at C. If ^ is the value of a 
when this occurs, sin ^ = 1, i.e. ^ is 
the criticd.1 angle for water-air. Hence 
jjL^ may be calculated when <f> is 
known. The necessary apparatus is in- 
dicated in Fig. 20*12. Two small plates 
of glass, A, are cemented together by 
sealing-wax along their edges so that 
an air film of constant thickness re- 
mains between the plates. This is 
attached to a pointer moving over 
a circular scale [shown dotted]. A slit 

S, illuminated by a sodium flame, a 
converging lens arranged so that S is in 
a focal plane so that parallel rays pass 
through it, the compound plate A immersed in water, and a telescope 

T, focussed for parallel light, are arranged in a straight line. A is 




Fio. 20*12 . — n by a Oritioal Angle Method. 

rotated until the image of S in the telescope just disappears. The 
position of the pointer having been noted, A is rotated until the 
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image appears again. The rotation is continued until darkness 
occurs again, and so on until A has moved through 360"*. The 
positions of the pointer having been noted on each occasion, the 
mean value of the angle through which the plate may be moved and 
the field remain bright is deduced. Half this angle is <[>, and we 
have already shown that sin 1. 

p[f, when total internal reflexion has occurred, the space between 
the plates is filled with water, an image of S appears at once in the 
telescope.] 

The Refractive Index of a Liquid. — Fig. 20d3 shows a box to 
which two equal, upright, brass strips PN' and QN are fixed ; a 
scale in mm. forms the base for these uprights. The liquid is placed 
in the box and the screw A is moved until the surface of the liquid 
is just above N and N' — ^the scale is then level. Observe, through 



a cardboard slit B, the division on the scale which is just visible—* 
ONB is the path of the ray. Bun off the liquid and again observe 
through B the division M, which can just be seen — BNM is a straight 
line. Measure QN and make a large scale drawing of QOMN. 
Now the index of refraction of the liquid with respect to air, 
is expressed by 

sin ]^Q 

= 7r“- 

sin ONQ 

If, therefore, these two angl^ are measured, the value of the 
refractive index can be calculated. 

The refractive index of a liquid may also be determined with 
the aid of a concave mirror. Its radius of curvature is first 
measured by making use of the fact that if a small object such as a 
pin is at the centre of curvature of a concave mirror its image is 
also there. A small quantity of liquid is then introduced into the 
mirror, and a pin placed in a horizontal position is moved up 
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and down until its point is again at the same distance from 
the mirror as its image. In making this adjustment it is best 
to work with the point of the pin owing to distortion produced 
near the other end of the 
image. This distortion is 
caused by the curved sur- 
face of the liquid near the 
periphery of the mirror. Let 
C and 0, Fig. 20-14, be the 
positions of the pin in the two 
instances respectively. Then 
C is the centre of curvature 
of the mirror. The image 0 is 
produced by rays such as OA 
which after refraction at the 
surface of the liquid travel 
along AB, a normal to the 
surface of the mirror. Such 
rays are reflected along their 
original paths an^ form an 
image at 0. If i and r are 



Fia. 20* 14. — ^Refractive index of a Liquid 
by means of a Concave Mirror. 


the angles of incidence and refraction at A, 

^ - sin r ~ AO * AC “ AO' 

If the mirror has a large radius of curvature the depth of the liquid 
is small and we may assume that OA = OE = OD, and 


AC=EC = D0. Hence/4= 


OD* 


The Principle of a Pulfrich Refractometer.— The Pulfrich 
refractometer is an instrument used to determine the refractive 
indices of liquids, oils, fats, and, with a slight modification, trans- 
parent solids. Its essential optical part consists of a glass cube G, 
Fig. 20-15 (a), of known refractive index //j- The upper portion 
of this cube has been ground away in part so that a truncated cone 
is left — cf. Fig. 20-15 (6). AB is a shallow glass vessel cemented 
to the upper face of the worked cube : it contains the liquid whdse 
refractive index is to be determined. Monochromatic light 
[cf. p. 449] from a source S is directed by means of a converging 
lens L to be incident along the upper face of the original cube.' 
Consider a ray which enters the cube at C so that the angle of refrac- 
tion is (f>y the critical angle for rays of light travelling in glass and 
incident upon the glass-liquid interface. If GE is the path of this 
ray inside the cube, let the corresponding emergent ray be EK, 



406 


OFncs 


the angle of emergence being 0. > Suppose that this angle can be 
measured. To establish the equation from which the refractive 
index of the liquid may be calculated, the second law of refraction 
in its general form sin di = //s P- 396] will be used. 

The light rays, which are incident on the glass-liquid interface at 
an angle just less than 90*", are refracted into the glass at the 
critical angle so that they travel in the direction GE, and after 
refraction at E emerge along EK. 



Fio. 20' 15. — The Pulfrioh Refraotometer. 

Since /jl^ and //j absolute refractive indices of the liquid 

and glass respectively, for the refraction of light at C, 0^ = and 
Oj = where 0 is the critical angle for rays travelling in glass and 
incident upon \ glass-liquid interface, so that sin ^ sin 

i.e. (i) 

The angle of incidence corresponding to the angle of emergence fl is 

The general law of refraction gives in this instance, 

/t,.sin0 — = l.sinO, 

or /(,.cos ^ = aind (ii) 

Squaring and adding the ezpresrions for sin ^ and coe ^ in 




REFRACTION AT PLANE SURFACES 407 

order to eliminate ^ from equations (i) and (ii) we get, since 
sin* ff) + cos* ^ == 1, 



or jUi* = 0. . . . (iii) 

Equation (iii) shows that for ^ to be real, must be less than 
fi 2 > i-G- the rciractive index of the liquid must be less than that of 
the glass forming the cube. Further, since the extreme limits 

7t 

for (f> are 0— > the liquid under investigation must have a refrac- 
tive index within the range V fjL^ — 1 — ► ^a* 

Caustic Curve by Refraction at a Plane Surface. — Let XY, 
Fig. 20*16, be the trace of a plane interface between two media, the 
lower one having a refractive index fjL with respect to the upper one. 



Fig. 20*16. — Caustic Curve by Befraction at a Plane Surface. 

Any ray of light such as OA emitted from the luminous point 0. 
is refracted at the interface and then travels along the direction AB, 
Suppose that BA produced cuts the normal NO in J. As A moves 
away from N the point J moves towards N. If many such paths ^ 
are constructed for various positions of A, then it is found that AJ 
is always tangential to a certain curve termed the caustic curve by 
refraction at a plane surface. This curve is the envelope of all the 
lines AJ. 
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This partioular oanstio ia very easily constructed. We take a 
point I in ON such that ON = ft . IN, and through 1 draw a straight 
line IK paraDel to XY. Draw any ray OA proceeding from the 
luminous point 0, cutting XY in A and IK in K. oentee A 

and radius AK describe an arc to out ON in J. Join JA and produce 
it to B ; then AB is the refracted ray, for 
ON OA OA OA AN 
^~IN~AK“AJ“AN’AJ 

AJ I OA sin a* 

where a and fi are the angles of incidence and of refraction at A. 

If a sufficient number of lines AJ are constructed their envelope 
is the caustic curve required. 

Refraction through a Prism.— In optics the term prfrm denotes 
a transparent body bounded by plane polished surfaces which 
intersect in parallel straight lines. In a refracting prism only two 
plane surfaces are essential : these are termed its refracting sur- 
faces. The light enters at the first surface and emerges at the 
second. The angle between the refracting surfaces is the refracting 
angle and thek line of intersection the refracting edge. A section 


A 



of the prism made by any plane normal to one (and hence three) 
of its edges is termed a^-principal plane of the prism. Let ABC, 
Fig. 20*17, be a principal section through a prism — ^the base is 
drawn as shown in order to indicate that it plays no part in the 

present problem. The BAG is called the angle of the prism (a). 
Let LM be the incident ray, being the angle of incidence. Let 
MN be the path of the ray in the prism, NP the emergent ray, 
and tj the angle of emergence. Produce PN to meet LM produced 
in S ; in order to bring LS into the same direction as NP, it must 
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be rotated through the KSP, — ^this is called tlie angle of deviation 
and is denoted by the letter ip. 

Suppose that MD and ND are the normals to the faces of the 
prism at M and N ; then a circle can be drawn to pass through 

A, M, D and N. It therefore follows that MDN = 180® — a. 

Also, since the exterior angle of a triangle is equal to the sum of 
the two interior and opposite angles, 
a = 

y) =: SMN.+ SNM 

= (»i — ^i) + iU — ♦'i) (^1 + h — a)* 

Experiment , — Commencing with angles of incidence not less than 
36®, and increasing them by 5® interve^ to about 70®, plot the paths 
of light rays through a prism. Measure the angles of incidence and 
the corresponding angles of deviation. Two results are obtained from 
each setting since if is the angle of incidence, the deviation is still 
equal to y). • 

It will be found that tp d<H‘rearte\s and then iu(5veaaes, as i increases, 
i.e. then^ is a minimum value for yK This angle is called the angle 
of minimum deviation and will be denoted by the letter y, i.e. 
y’tnu) -- y* It will also bo discovered that the deviation is a mini- 
niiini when i.e. the angles of incidence and emergence, are 

equal, i.e. the ray passes synnnetrieally through the i)risin. 

Image Produced by a Prism. — LetP, Pig. 20*18, be a luminous 
point and suppose that PQ is that ray which, after refraction, passes 
through the prism with minimum deviation. If PR and PS are 
two other rays incident at slightly different angles, an inspection of 
the graph obtained above shows that the deviation of these rays will 



Fio. 20-18. — Image produced by a Priam. 

be practically the same as that of PQ since near the minimum on 
the curve the deviation only varies slightly with the angle of iiici- 
dence. Hence the passage of the rays through the prism does not 
alter the amount by which they diverge, i.e. the emergent rays 
appear to come from a common point P^ If the thickness of the 
prism is negligible compared with the distance of P from it, the 

I.P. Q 
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points P and P' are equally distant from the prism. P' is the 
virtual image of P. When the prism is not in the position of 
minimum deviation the rays emerging from it no longer interseot 
in a common point, i.e. no true image is formed. 

Experimentally the position of P' may be found by using a pin as 
object and placing a second pin so that there is no parallax between 
it and P^ [this second pin must be sufficiently long to be seen over 
the top of the prism]. 

Measurement of the Angle of a Prism. — Suppose that AB and 
AC, Fig. 20*19, are the two faces of a prism between which it is desired 
to measure the angle. Parallel straight lines having been ruled 
upon a sheet of paper, pins are placed at D, E, F and 6 to define 
two parallel rays. These rays are reflected from the prism faces 
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Fiq. 20*19. — Determination of the Angle of a Priem. 

and the reflected rays are defined by means of the pins P, Q, B and S. 
Let L and M be the points of incidence of the rays. Produce PQ 
and SB to meet in 0, and then draw AH and OK parallel to the 
incident rays DE and GF. 

Now all the angles marked x are equal, so that the LOK is 2x, 

because OK is parallel to DE produced. Similarly the MOK is 2y 
where y is the angle indicated. Jt therefore follows, by simple 

addition, that the LOM is twice the angle of the prism, for this 
latter i|3 x + y. 

Determination of the Refractive Index of the Material of 
a Prism . — Method i : When the angle of incidence i correspond- 
ing to the minimum deviation y has been found, ju can be calculated. 
The experiment is described on p. 455. For, in this instance, 

i, = s », f, =* r, = f (»y). 
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Hence 

o 

a = 2r or f = g. 



and 

y = 2(i — r), 

- 


or 

2i = y + a, i.e. i = 

(1 



• ~ i __ sin i(a + y) 

’ * ^ sin r sin Ja 

This equation involves a, the angle of the prism, so that this 
quantity must be known before the refractive index can be cal* 
culated. 

Method ii: A piece of ground glass is attached by an india- 
rubber band to the base BC of a prism ABC, Fig. 20*20. Then every 
point on the base is a source of light sending rays in all directions. 
Let S be such a point and consider two rays SH and 8K emitted 
by S in the principal plane of the prism. If SH is incident upon 
the face AB at an angle less than the appropriate critical angle, 
there will be a refracted ray HJ. On the other hand, if SK is 
incident at the critical angle tf>, it will be totally reflected from 
the face AB and"^ strike the face AC from which it will emerge in 
the direction PQ. Similarly, rays from S incident upon AB at 
angles greater than 0 will leave the prism after being refracted 
at the face AG. If, therefore, an observer looks into the face AC 
he will find that the field of view is divided into two regions, one 
relatively much darker than the 
other — ^it is the presence of ex- 
traneous light and that reflected 
from BA before the critical angle 
is reached (cf. p. 402) which pre- 
vent the field from being com- 
pletely dark. The line of demar- 
cation between the two regions 
will vary with the position of the 
observer, because different points 
in BC correspond to the particular 
line of demarcation observed. 

For one convenient position the 
line of demarcation may be 
indicated by two pins P and Q. 

To determine the point in S from which the ray PQ proceeds a 
vertical line having been drawn upon the surface of the ground 
glass and this replaced, the glass is moved so that the line on it is 
always parallel to the refracting edge of the prism and until the 
image of the line formed by reflexion at K and refraction at the 
face AC appears to lie along QP produced. If T is the image of 



Fio. 20*20. — jj. for Material of Prism 
by Critical Angle Method. 
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S in AB, by joining TO by a straight line we obtain K. If KN 
is normal to AB at K, SEN is the critical angle required, so 
that /I is known for fi wa 0 = 1. 

A Critical Angle Method for Determining the Refractive 
Index of a Liquid. — ^The above experiment is readily modified so 
that the refractive index of a liquid may be determined. A piece 
of brass to fit over the side AB of the prism is first made — cf. 
Fig. 20-21. The central portion of this brass piece is removed to 
a depth of about 1 mm. A small quantity of the liquid under 
investigation is then placed in the hollows in the brass and the 
prism placed in contact with the liquid and its ‘ ceU *. The line 



Fig. 20’21. — A Critical Angle Method for dotermiiiiiig the Ilcfraoiivo 
Index of a Liquid, 

of demarcation corresponding to a point S is then found as before 
in the previous experiment. If 0 is the critical angle for rays of 
light travelling in glass and incident upon the glass-liquid interface, 
we have 


[JL^ sm0 = 

[cf. p. 396], where //j and the refractive indices of the glass 

and the liquid respectively. Hence if ^2 ^ known and 0 measured, 
/I 2 is easily calculated. 

If, however, the angle a is known and the angle of emergence B 
measured, /ij may be calculated from the formula now established. 


We have 

/iisin0 = /^2 (i) 

Let be the angle of incidence at M. Then 

^2 sin ^ = sin 0 (ii) 
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Also, from the /\ AKM, 

a + (2 + I- 

= a f y (iii) 

From (i) we have, 

//a -= /ii sin (a + y) 

= fii sin a cos y) -f- fii cos a sin y) 

/ sin'^r) . 

= /ii sm 1 — + cos a sin 0 

= sin — sin^ 0 -|- cos a sin 0. 

Hence may bo calculated when a, and <(> arc known. It 
should be noted that som(4imea 0 is on the si<le of the normal other 
than that indicated : then 0 is negative, and we have 

/i 2 = sin aV /ii^ — sin**^ 0 — cos a sin 0. 

Prisms with Small Refracting Angles.— Suppose that a, 

tlie refracting angle of the prism, is small and that the incident 
and emergent rays are nearly normal to the respective surfaces. 
Then, as on p. 409, we have 

y> = (ii + U) — (ri + r*), 

and ~ a. Since and arc small, rj and rg are also small, 

so that we may wTite instead of the general equation sin i = />« sin r, 
i = fir, i.e. ~ and hence 

f = — (f, + f,) = ([i- l)a. 

The above equation is used in connexion with achromatic prisms 
[cf. p. 465]. 

Wlien the angle of incidence is largo, however, the deviation 
prodiK*ed by refraction through a prism whose refracting angle is 
small is not given b}^ the above simple formula. For example, 
suppose a = S'", = 60” and fi ~ 1-523. Then under such conditions 

r*! — fg = a and y = ii — ig (^1 ^ ^ 2 ) = h — ^2 ““ 0 ^* Now cal- 
culation shows that — 34” 40', rg = 31” 40', so that ig = 53” 4'. 
Thus ip rzz 3” 56', i.e. the deviation is still small, but it is not equal 
to (fi — l)a or 1° 34', which is the deviation when the angle of 
incidence on the first surface of the above jirism is small. 

The Constant Deviation Spectrometer. — Let ABC, Fig. 
20-22 (a), be one half of a 60” glass prism and suppose that PQ 
is a ray of light incident at such an angle, that the refracted 
ray is parallel to BC. Let DEF be the other half of the prism 
placed as shown. The ray QR will emerge without change of 
direction. Assume it falls on a plane mirror M so placed that 
the angle of incidence is 45”. The reflected ray will enter the 
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prism T)EF in a direction normal to BE and therefore parallel to 
EF. The emergent ray will be ST and the angle of emergence is 
Thus the ray of light will pass through the compound arrangement 
of prism and mirror just as if it had passed through the original 
60® prism in tlie position of minimum deviation. The difference, 



Fig. 20 22. — A Constant Deviation Spectrometer. 


however, is that ST will bo normal to PQ. [The proof is left as 
an exercise.] 

If, instead of using a plane mirror, a 45® prism is placed as shown 
in Fig. 20*22 (6), the same effect will be produced : and the portion 
of glass shown shaded can be added so that the prism may be 
manufactured as an entity. 

Suppose now that a collimator and telescope are fixed at right 
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angles to each other as shown in Fig. 20-22 (c). Then if mono- 
chromatic light is used the prism PQRS, constructed as above, can 
always be placed in such a position that the image (a spectral line) 
always falls on the cross-wires, W, of the telescope — the table on 
which the prism stands can be rotated about an axis 2)arallel to 
the slit in order to bring the prism into the desired position. When 
heterogeneous light is used each line in the spectrum can be observed 
in turn on the cross-wires as the table is rotated. The rotation is 
brought about by means of a fine steel screw, whose point pushes 
against an arm projecting from the table, and whose head is in 
the form of a drum calibrated so that the wave-length of the line 
under observation may be read off directly. The scale is stand- 
ardised by using lines of known wave-length : those in the mercury 
and copper area are very conv^'nient. Of course an ordinary 
sp(^ctrometer may be calibrated but the translation of the telescope 
settings into wave-lengths is tedious. The constant deviation 
spectrometer avoids this time-consuming process, and should the 
prism be displaced it is easily reijlaced by using one or more known 
spectral linos — o.g. one of the two sodium 1) lines. 

Images in a Thick Mirror. — To explain the formation of the 
several images seen when a candle is held in front of a thick mirror, 
let us consider what happens to a single ray OA, Fig. 20*23 (a), 
sent out by a luminous point O. At A, a point on the front 
surface of the mirror, a portion of the light energy is reflected 
giving rise to the ray AP, whilst a second portion is refracted 
giving the ray AB. At B, a point on the back of the mirror, 
reflexion occurs and we have the ray BO. When this reaches the 
front surface there is formed the reflected ray CD, parallel to AB, 
and the refracted ray CQ, parallel to AP. The further course 
taken by the light ray is indicated, and the diagram shows that there 
is a system of parallel rays emerging from the mirror. But this 
system does not produce the multiple images seen in a thick mirror. 
¥ot an image to be seen there must be a pencil of light pro- 
ceeding from the object to the eye of the observer. Let us con- 
sider a pencil of rays of which OA, Fig. 20*23 (6), is the central ray, 
and Oui and Oa, the extreme rays. These rays will be partly 
reflected at the first surface, but we shall assume that these rays 
do not enter an eye E. Suppose, however, that the central ray 
is refracted along AB, reflected at B along BC, and that a 
refracted ray CD is produced at C. If the refracted pencil of 
which CD is the central ray is C| and this pencil enters 

the eye E, an image will be produced at I. This point is only on 
the normal to the mirror through 0, if the eye is near to that 
normal. [In the diagram the distance between E and the above 
nonnal has been made large for the sake of oleamess, although 
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actually the eye E is 
supposed to be near 
to the normal through 
0.1 

To account for the 
multiple images let us 
refer to Fig. 20*23 (c) 
where only the cen- 
tral rays of different 
pencils from 0 have 
been drawn. If the 
pencil OA, after re- 
flexion at A, enters 
an eye E an image 
will be seen at tj. 
The rays belonging 
to this pencil which 
enter the glass 
traverse such paths 
that they do not 
enter the eye. Now 
the pencil OB like- 
wise gives rise to a 
reflected pencil at 
the front surface, but 
these do not enter the 
pupil of the eye E. 
Let us asssume, how- 
ever, that the rays 
emerging after one 
reflexion at the sil- 
vered surface do 
enter the eye ; then 
a second image will 
be seen at I. This 
image will generally 
be the brightest, 
smce most of the 
energy will be in the 
pencils which suffer 
one reflexion at the 
silvered surface. 
Similarly, if the rays 
in the pencil OC 
after two reflexions 
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at tho back surface enter E a third image will be formed at 4. The 
formation of the other multiple images may be explained in a 
similar manner. In practice, seldom more than six images are seen, 
for, owing to absorption in the glass, the energy in successive 
emergent pencils after the second rapidly diminishes. 

It is interesting to note that when the angle of incidence increases, 
more and more energy is reflected from the first surface so that 
ultimately the first image becomes brightest. 

An instructive variation of this experiment is to view the moon 
in a thick mirror, when only one image is observed. This is because 
all the pencils incident upon the mirror are parallel to one another, 
so that, in spite of the multiple refraction and reflexion of the rays, 
all the rays emerging from the mirror form a. parallel system, and 
when rays belonging to such a system enter the eye only one image 
is seen. If a distant candle is observed in this way and several 
images are seen, the two faces of tho mirror cannot be parallel to 
each other. 

Atmospheric and Astronomical Refraction. — ^It sometimes 
happens that th^ layer of air immediately above a flat stretch of 
land or water on which tho sun is shining is hotter than the more 
elevated layers. Its density and refractive index are therefore 
less. Rays of light fipom objects near the horizon are therefore 
incident on the surface at very largo angles and are totaUy in- 
ternally reflected. They therefore pass upward and may enter 
tho eye of an observer, who then sees an inverted image of the 
object. This is a particularly annoying experience in a desert, for 
the image of the sky is often taken to bo that of a stretch of water. 
Images produced in this manner are termed mirages. 

When distant objects are viewed through the hot air rising 
from a heated surface — ^a steam boiler, or a road on a hot day — 
they appear to move in a vibratory manner. Patches of hot air 
act like prisms deviating the rays passing through them. Since 
the size of such prisms is continually changing, the deviations are 
not constant and the image appears to be that of a vibratory object. 

The twinkling or scintillating of the stars is similarly attributed 
to changing inequalities of tho refractive index of portions of the 
atmosphere. 

Another effect of atmospheric refraction is to make the stars 
appear higher than what they really are, each layer of air making 
a contribution to the total deviation, i.e. the refraction does pot 
occur at one particular interface and the rays follow a curved 
path. 

Another phenomenon attributable to atmospheric refraction is 
known as the ‘ horizontal moon ' — we refer to the enlarged appear- 
ance of the moon when the latter is near to the horizon. 
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Worked examples: 

(i) A ray of light is incident at normal incidence on the hypotemise 
face of an isosceles right-angle prism whoso material has a refractive 
index 1*414, the plane of incidence is normal to the refracting edges 
of the prism. Trace the path of the ray. Also indicate the paths of 
rays slightly inclined to the above ray. 

The critical angle, for a medium-air interface is such that 

1*414 sin = 1, 

i.e. ^ = 45® 

Hence the ray PQ, Fig. 20*24 (a), which enters the prism at Q, 
travels without deviation at Q as QR and then suffers total internal 
reflexion at R and again at S : it Anally emerges along STU in a direction 
imraHel to PQ. 

Tf PjQ, Fig. 20-24 (6), is another ray which makes a small angle a 



with'the normal at Qj, it will bo refracted along Q^Rj, where the angle 
of refraction, is determined by 


sin a = // sin P = 1*414 sin p. 

Now QjRi is incident at an angle 45® -f ^ at R^, so that the ray is 
totally internally reflected os RjSi. At the angle of incidence is 
46® — p, which is less than the critical angle : thus there will be a 
refracted ray SiV, the angle of emergence, 6, being determined by 


1*414 sin (46® — ^) == sin 0. 

i.e. 0 — > 90®. 

The ray reflected at is S^T^ incident upon AB at an angle P, so 
that the refracted ray TiTJj is parallel to QPj. 

[Now try to trace the path of a ray P^Qi, where PiQiPg = 2a.] 
(ii) If and ^3 are the angles of incidence and emergence for a ray 
of light travelling through a prism in a plane normal to its refracting 
edge prove that 


• a 1/ . \ * a 1 . " l)sina Ja 

sm*l(a 4- n>) — sin* la -f i 1-, 

^ 1 -- am* i(^i - ^2) sec* Ja’ 

where a, tp and /i have their usual signiflcance. 

Let $1 and be the angles made by the ray within the. prism with 
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+ ^2 ^ + Vl 

9, = a i 


(ii) 


(iii) 


the normals at the points of incidence and emergence of the trans- 
mitted ray. If y is the angular deviation, we have, in the usual way 

sin <5^1 sin Oil .. 
sin ^2 ” A* ^2/ ’ ' ^ + ^2 

Adding equations (i), 

sin + sin :r= ^[ain 0^ + sin Oj], 

i.e. sin cos - ^g) fi sin J( 0 i O2) cos |( 0 i - Og)- 

Substituting from (ii) and squaring 

sin- J(a -f y) cos® — i^g) sin® cos* }( 9 i — O^) . 
Multiplying equations (i) together, wo have 
sin sin ~ A** ^1 

i.e. cos («/>i - 1 - *^2) — (^i — M /*®[cos (0i + Og) - — ^2)]- 

cos* + <^2) - cos* - ^g) 

= ^Icos* + O2) - cos* 1(6 1 - Oa)]^ 
i.e. /i* cos* .V( 9 i -- O2) == iM* cos® Ja — cos* J(a + y) + cos* J(«^i — ^g)? 
and lienee from (iii) 

sin* J(a + y) cos* \(^^ - i^a) 

— sin* oa[/^* cos* Ja — cos* .\(a + y) + cos* 

sin* J(a + y)[ 6 os* — ^2) — sin* Ja] 

= sin* |a[/i* cos* Ja — sin* — 1^2)]* 

.*. sin* i(a H- y)[- sin* ~ + cos* Ja] 

sin* ^a[cos* J« — sin* -- ^a) + “ 1 ) cos® Ja]. 

The required relation now follows. 


EXAMPLES XX 

1. — State the laws of reflexion and refraction. How would you 
proceed to verify them experimentally T 

2. — gloss block is 5 cm. thick. It is silvered on the back surface, 
which is parallel to the front surface. A ray of light is incident at an 
angle of 46^. Tra.ce the ray of light which flist emerges from the block 
whose refractive index is 1*52. What is the angle at which the ray 
impinges upon the silvered surface 7 

3. — A, ray of light is incident at an angle of upon a plate of glass. 
The angle of refraction is 31*6°. Find by drawing, and by calculation, 
the refractive index of the material. 

4. — What do you understand by the term critical angle 7 Calculate 
the critical angle for water whose p is 1*334. Water is placed upon a 
block of glass (fi = 1*600). What is the critical angle for light passing 
from the glass to the water 7 

6. — A prism has an angle of 01° 30'. If the angle of minimum devia- 
tion is 48° 46', calculate the refractive index of the material of the 
prism. What is the critical angle for light travelling from such a 
material to air 7 

0 . — A block of glass is 6*872 cm. thick. A small speck of dirt on its 
lower surface is viewed from above. The spot appears to be 2*031 cm. 
nearer. Calculate the refractive index for this glass and the angle of 
minimum deviation for a prism made of similar glass, if the angle of 
the prism is 60°. 



420 


OPTICS 


7. — Explain why several images of a candle flame may be seen by a 
person holding a lighted candle in front of a thick mirror. Discuss 
the difference of the intensity of the images thus formed as the angle 
of incidence of the light increases. 

8. — State the laws of refraction of light and explain what is meant 
by the term critical angle. An inch cube is constructed of a material 
whose index of refraction is 1*65. Calculate the least radius of the 
opaque circular discs which must be placed centrally over each face 
of the cube, so that a small air bubble at its centre shall be invisible 
from an external point. 

9. — small object is placed 20 cm. in front of a block of glass, the 
remote side of the block being silvered. Determine the position of the 
image when viewed along a normal to the front surface of the block 
and passing through the object itself. Thickness of glass := 10 cm. 
and its index of refraction = 1*62. 

10. — ^Describe and give the theory of an accurate method of deter- 
mining the refractive index of water. The refractive index for water 
is for glass it is :j. A ray of light travelling in water is incident 
at an angle of 40^ upon a plwe water-glass interface. Calculate the 
angle of refraction. 

11. — ^Define the terms refractive index and critical angle, and deduce 
the relation between the two for any given medium. A metal tank is 
completely filled with liquid, having a mean refractive index 1*6. A 
thin circular cork mat is to be float^ centrally over a luminous point 
6 cm. below the level of the liquid. Calculate the least radius of a mat 
sufficient to prevent the luminous point from being observed from a 
point outside the tank. 

12. — A glass whoso refractive index is 1*652 for sodium fight is to be 
used to construct a prism such that the angle of minimum deviation 
for such light shall be equal to the angle of the prism. Wliat is the 
angle of the prism 7 

13. — Show that the ray of light which enters the first face of a prism 
at grazing incidence is least likely to sufler total internal reflexion at 
iho second face. Find the least value of the refracting angle of a prism 
made of glass of refractive index } such that no rays incident on one 
of the faces containing this angle can emerge from the other face. — 
(N.H.S.C. ’29.) 

14. — If and 4i are the angles of incidence and emergence for a 
ray of light travelling through a prism in a plane at right angles to the 
edge of the prism, show that 

(a*— 1) sin '4a 

+ V) = + i 

where ^ is the refractive index of the material of the prism, a the angle 
of the prism, and ^ the deviation of the ray. Use the above equation 
to show that the deviation is a minimum when 

15. — ^The refractive indices of a material for three rays are 

and /ig respectively ; if the corresponding angles of minimum deviation 
for a prism of the same material are y|, and respectively, and 
these ore in arithmetical progression, prove that 

sin Jy, sin Jyj + sin ly. 
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Refraction at a Concave Spherical Surface. — Let APB, 
Fig. 21*1, be the priiieipal section of a coiieavo surface bounding 
a medium avIiosc relVafitive index is (!) l)e the centre of 

curvature and 0 a luminous point on the axis. If OL is a ray of 
light incident upon AR, it will be refracted I along LM, i.e. it becomes 
bent towards the normal CLN. Lot ML produced cut the axis 



Fia. 21' 1. — Refraction of Paraxial Rays at a CViiivox Spherical Surface. 


at T ; another ray travels along the axis so that I is the imago of 0, 
if it can be shown that all the refracted rays pass through I ; let 
Ox be the angle of incidence and 0^ the angle of refraction which 

is also equal to the CLI ; let a, fi and y bo the angles shown. If 
only the small region near P is considered, i.e. the angles of incidence 
and refraction are small, then, since the sines of small angles are 
equal to their circular measure, Ox = [lO^^ [•/ sin 0^ = /« sin Og]. 
Now, from the diagram, 

01 == y — a, and O^^^y 

y - « = ii[Y - p). 

4ai 
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Again since the angles at /3, and y are small, they may be replaced 

h hi 

by their tangents, which are approximately equal to pQ»pj 

and or - respectively, where h is the perpendicular distance 

of L from PO, it and v are the distances of the object and image 
from P, and r is the radius of curvature of the surface, s 
Then 

1 1 /* 


Refraction at a Convex Spherical Surface. — ^The path of a 
ray refracted at a convex surface is indicated in' Fig. 21-2. With 
the same notation as before, we have, 

01 = a + and 02 = 7 — i®* 

Hence a + 7 = Ac(y — j5). 



Fig. 21-2. — Refraction of Paraxial Kays at a Convex Spiierical Surface. 


If a, /S, and y are small, we may replace them by their respective 
tangents, and remembering that v and r are negative, we have, 
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The General Form of the Equation for Refraction at a 
Curved Spherical Surface. — ^Let and be the refractive 
indices of the media on the two sides of the curved spherical surface 
whose radius of curvature is r. Then from Fig. 21-1 we have, 
[Xx sin 0i = fX 2 sin O 2 the re&action at L, and this equation 
assumes the form /XiOi = 1 X 2 O 2 , since 0i and 0^ are smaD. But 
filj = y — a, and 02 = y — j?, so that 

My - «) = My - 
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With the same limitations as before, this becomes 



This is the equation required, and in the above form is easily 
remembered. It is known as tlie fundamental paraxial equation 
for a surface. 

The same eciuation is true for refraction at a convex sx)herical 
surface — the proof is left as an exorcise. The advantage of using 
this general form of the equation is that difficulties in solving 
problems based on the following ('xi[)eriment are avoided. 

Moreover, if we write so that the refraction becomes 

112 

a reflexion [cf. p. 396], wc obtain which is the well- 

L 1 r u r 

known relation concerning conjugate foci when an image is formed 

by the reflexion of light rays at a spherical surface. 

Experiment . — Fill a thin-walled cylindrical tank with water and 
]ilacG an upright pin in the water. Lot the pin bo viewed through 
tho curved surface of tho tank and the position of tho image be located 
by a parallax method. Tho radius of tho tank is mcasui*cd. The 
refractive) index 6f tho water is calculated as follows. 

Distance of pin from pole of surface — 18*3 cm. 

Distance of image from pole of surface — 21-5 cm. 
llailius of curvature of surface -- 12-3 cm. 


Tiien /q is tho refractive index of water, while fi.^ ~ 1, since tlic 
mtvJiurn into which tho refraction occurs is air. Heuco, 


r 1 

1 1 

,r 1 

1 1 

Li23 

18-3J 

■" Li2-3 

21 -SJ 


giving -- 1-31. 


Refraction through a Lens. — A lens is defined as a portion of a 
transparent refracting medium bounded by two surfaces which are 
generally spherical or cylindrical. Lenses are divided into two 
classes ; those which are thicker at the centre than at the periphery 
are termed convex or converging ; those which are thinner are 
concave or diverging* The more simple types of lenses are indi- 
cated in Fig. 21-3. 

Suppose that p is tho index of refraction of the medium of a lens 
with respect to air, and that u is the distance of a luminous object 
from the nearer surface of the lens whose radius is Ti — ^the object is 
assumed to be on the optical axis of the lens. If v' is the distance 
from this surface at which the image would be formed, if the second 
face were absent, then 


V' 


1 

u 




( 1 ) 


But this image will serve as an object when refraction takes place 
at the second face, i.e. we now have an object at distance (v' + i) 
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from this second face, if / is the thickness of the lens. Let he the 
radius of curvature of this second face, then, if the final image is at 
distance v from this face. 



V {v' + 1) r. 

The value - is used for the refractive index, since the refraction 



Bi-convex Plano- Conver^ini 
convex meniscus 

Fi(i. 21*3. — Difl’cront 



B! -concave Plano- Dlvafjn^, 

concave mernscuj 

Types of Tliiri Lenses. 


takes place from glass to air. If ^ is small, so that it can be neg- 
lected, then the above equation may be written 


1 _ a = ^ 

V V' fa 


(3) 


Adding (1) and (3) in order to eliminate v\ wo have 


1 

V 


i - (At - 1) 



When the object is at such a point on the axis that the image is 
at infinity, i.e. i; == oo, the object is said to be at the first principal 
focus of the lens, while the distance of the object from the lens is 
known as its first focal length, /,. This is given by 


1 


/i 





If the object is at an infinite distance from the lens, 
the image is formed at a distance /, given by 


0 and 


f* 


= (/* 



This particular distance denoted by is termed the second 
focal length of the lens, the point on the axis at which the image 
is formed being the second principal focus of the lens. 
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From these equations \re see that for thin lenses the two focal 
lengths of a lens are numericaUy equal but that the two principal 
foci are on opposite sides of the lens. In the sequel when we 
speak of the focal length of a lens we shall always imply 
its second focal length. 



Fio. 21-4. — Tho Focal Points of (a) Convorging and (6) Diverging Lonsea. 
[Cf. fooliioto on ij. 283.] 


\ 

The paths of rays of light proceeding from the first principal 
focus of a converging lens and to its second principal focus are 
shown in Fig. 21 '4 (a). The case of a diverging lens is treated in 
Fig. 214 (6). Here, it should be noted that the rays do not 
actuaUy pass through the focal points. 

The Action of Lenses. — To explain tho action of lenses let us 
refer to Fig. 21-5 (a) and (6). In (a) wo have two series of trun- 
cated prisms of different angles arranged symmetrically with 
reference to an axis and with their bases parallel to this axis. 
Consider a luminous point source at 0 on the above axis. Then 
a ray of light such as OA is deviated by the prism on which it 
falls. Now the greatest deviation will be produced by the prism 



Fio. 21*5. — The Action of Lenses. 


farthest from the axis. Such a system of prisms tends to maice 
all the rays converge. If the number of prisms is increased in- 
definitely, their heights suffering a corresponding diminution, the 
system approximates to a double convex leas. In the same way 
a double concave lens may be regarded as an infinite array of 
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such prisms having their bases turned away from the axis — cf. 
Fig. 21*5 (b). Any diverging beam of light falling on such a 
system is made more divergent and the emergent rays appear 
to come from a point on the same side of the system as is the 


object. 

Optical Centre of a Lens.- 



Let C, Cl, Fig. 21*6, bo the centres 
of curvature of the two 
faces of a double convex 
lens, so that CCi b the 
principal axis. Through 
C draw any radius CR, 
and through Cj draw a 
I parallel radius CiQ. Let 
V PQRS be the path of a 
ray through the lens. 
The ray PQ is parallel 
to BS since the normals 
at Q and B are parallel 
to each other. It is 


Fm. 21*6.— Tho Optical Centre of a thin Lena* required to calculate the 

position of O, the point 
in CCj at which QB crosses it. The J'sOBC and O^QO are similar. 


. OC CB CA CA ~ OC OA 
• • OCi CiQ "" CiB "" CxB - OCi OB’ 

Hence the position of O is invariable, i.e. it is independent of 
the choice of R, and it is called the optical centre of the lens ; 
it is oharacteriased by the fact that all rays which pass through it 
leave the lens x^uraUel to their original direction. For the thin 
lenses which are here discussed this optical centre is the same 
as the mid point of the lens; rays passing through this point 
are not deviated. 

Graphical Construction of the Images of Finite Objects 
formed by Lenses. — Let OA, Fig. 21-7 (a), be a small finite object 
lying in a plane normal to the principal axis of a lens and being at 
a distance from the lens greater than its focal length. A ray AD 
parallel to the axis passes after refraction through F, the second 
principal focus of the lens. The ray AC through the centre of the 
lens is not deviated so that the intersection of these two rays gives 
position of the image of A. Since the ray OG passes along the 
sods of the lens the image of OA is obtained by drawing BI per- 
penditeulor to the axis. 

A similav oonstrucUon has been made in Fig. 21*7 (6), where the 
object m nearer to the lens thanisFj* In this instance the refracted 
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rayB DF^ and AC never actually intersect but only appear to come 
fro& B, a point on the same side of the lens as is the object. The 
image is a virtual one. 



Fiq. 21*7. — Graphical Couatruotion of Izxsages formed by Letiaes. 

The appropriate construction for the image formed by refraction 
through a concave lens is indicated in Fig. 21*7 (c). Here it must be 
noted that F^ is on the same side of the lens as is the object and that 
the image is virtual. 

The Tracing of Pencils of Rays through a Lens.— The 
position and size of the image having been determined, the course of 
the rays by which an eye placed near to the axis sees the image may 
be shown as follows : — In Fig. 21*8 the positions and sizes of the 
object and image formed in the first instance discussed above have 
been redrawn. If E is an eye, by joining the extremities of the pupil 
to B and producing these lines to cut the principal plane of the lens 
in H and K we obtain the confines of the refracted pencil of light by 
which the eye observes the point B in the image. If H and K are 
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joined tojA we have the complete pencil from A to E. Similarly the 
pencil from 0 to E is construct^. ^ 


A 



Fio. 21*8. — Method of Traoing Rays through a Lons. 


Conjugate Foci. — An inspection of Kg. 21*7 (a) shows that if OA 
is the object then IB is the image, whereas if IB is the object then 
OA is the image. The points O and I are termed conjugate foci. 

Referring to Figs. 21*7 (b) and (c) the points 0 and I are conjugate 
foci in the sense that if rays of light forming an image at IB in the 
absence of the lens are incident yxpon a lens at C, then a real image 
will be produced at OA. 

Focal Planes and Secondary Axes. — ^Planes drawn at right 
angles to the principal axis of a lens and passing through its principal 
focal points are termed the first and second focal planes of 
the lens. A straight line through C, the lens centre, is called a 
secondary axis of the lens. 

More About the Tracing of Rays through a Lens.— Sui)poso 
that OA, Fig. 21*9 (a), is a ray of light incident upon a converging 
lens whose principal foci are and Fg. Then planes through 
these points perpendicular to the principal axis of the lens are 
the focal planes. The path of the ray OA after refraction through 
the lens is required. Let OA cut the first focal plane in H. If 
C is the centre of tlie lens, a ray HC would pass undeviated through 
the lens. Now a diverging pencil of light AH(y, originating from 
a point H in the first focal plane of the lens will emerge as a parallel 
beam of light after refraction. Since HC produced, i.e. HOE, is one 
ray of this parallel beam the ray OA must be refracted along AB, 
where AB is parallel to H(^E. [HOE is known as a secondary axis 
of the lens.] 

In the above we have made use of a special property of the first 
focal plane of a converging lens. We could have used the second 
focal plane equally well. Thus if JC, Fig. 21*9 (6), is a ray parallel 
to OA which, when produced, cuts the second focal plane in 
K, then a parallel beam of light OACJ falling on the lens will 
be brought to a focus at K. OA must therefore be refracted 
along AK. 
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When the lens is a diverging one, let OA, Fig. 21*9 (c), be an 
incident ray which, when jwoducexl, cuts the first focal plane in H. 
Now a ray D(J incident at 0 and travelling in the direction DCH 
passes through the lens without deviation. A cone of light OHD, 





Kio. 21-9. — Tlio Chief Properties of Focnl Points nnd of Focul Planes. 


how(;ver, converging on H, emerges as a parallel beam since H 
lies in the first focal plane of the kms. Since OH is one ray in 
this beam the refracted ray (corresponding to OA is AB, Avlucre 
AB is parallel to CH. 

Fig. 21*9 (d) shows how to proceed if the second focal plane 
of the lens is used. 

The Focal Length of a Lens Combination. — ^When two thin 
lenses are placed in contact they can be regarded as a single lens. 
Let / be the focal length of the combination, i.e. the focal length 
of a single lens having optical properties equivalent to those of the 
two lenses in contact, whilst fi and are the focal lengths of the 
constituent lenses. If is the distance of an object from the 
combination of lenses, an image will be produced by the first 
component at a distance v' where 

V' u // 

This image can be regarded as an object with respect to the second 
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lens winch gives rise to an image at distance v from the system. 
Then • 


or, by addition, 




» « /i ^ ft 


Now if the combination is replaced by a single lens which gives an 
image of an object at distance t« at a distance v, then the focal 
length, /, of this lens is given by 


Hence 


1 


V u 


i^i + i 

f /i /.’ 


i.e. the power of the combination is the sum of the powers of the 
constituent lenses. [The power of a lens is defined as the reciprocal 
of its focal length expressed in metres. The unit of power is the 
dioptre J\ 

Linear Magnification. — The linear magnification of a lens is 
defined as the ratio of the size of the image to that of the object and 
will always be considered positive. Referring to Pig. 21*7 (a) we 
see that 


tw =' 


IB 

OA 


V 

u\ 


since the triangles AOC and BIG are similar. 

Minimum Distance between Image and Object [Con- 
verging Lens]. — In attempting to arrange a convex lens to 
produce a real imago on a screen, much time is often lost because 
it is not realized that unless the object and screen are at a distance 
apart greater than a certain minimum value it is impossible to 
obtain an image on the screen. To calculate this minimum 
distance in terms of the focal length of the lens, let U, V, and F 
denote the numerical values of the quantities u, v, and / respect- 
ively. Then 

V^U S’ 


and we have to determine the minimum value of (U + V) subject 
to the above condition, i.e. to 


UV = (U + V)P. 

U*v* « (U» -f- 2UV + V*)F»; 


Hence 
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and UV(UV — 4F*) = (TJ* — 2UV + V*)F* == a +ve quantity. 

UV ~ 4F* > O [•.• UV is + ve] 

(U + V)F - 4F2 > 0 
(U + V) > 4P. 

Hence the minimum distance is 4F. 


Alternative Proof, Let Y XJ -!- V : then tho minim\im vahio of 


Y, subject to the condition that 


V U F’ 


has to be determined. 


Eliminating V from those cqtiaf.ions, we hav<3 


H('nco 


Y . U 


dY 

dlT 


- 1 


TTF 

U - F* 

F(U - F) - UF 

(U »Fr 


U(U - 2F) 
(U - F)2 ' 


dY 


For a minimum (or maximum) ^ = 0, so tliat U 0 or U 2F. 


The solution U 0 is of no physical importance for it implies that 
tho object is in contact witli tJio lens. 

Tho solution U — 2F means that when this is fulfilled the distance 
between object and images is a miiumum or a maximum. 

d^Y 2F2 

A sc'cond dift'orentiation gives ^ (U"Z F)®’ when U 2F, 

2 

this is a jiositivo quantity. Thus Y is a minimum, and since U = V 
when IJ 2F, the minimum distance required is 4F. 

The Equation pq = — Suppose that P, Fig. 21*10 (a), is 

the pole of a lens whoso principal foci are Fi and F, respectively. 


Lens 






r-z 

p 


b 

(a) 



Let 0 and I be two conjugate points on the principal axis of the 
above lens. Then, with tho usual algebraio convention with respect 

to signs, „ PO. and » =- - IP = PI. 
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Moreover, if, as usual, / is the second focal length of the lens, 
then 

/= -F,P = PF,= -PP,. . 

The formula - — i ^ may therefore be written 
V u f 


1 

IP 


i.e. 


1 

PO 

1 


1 

F,P’ 


P,P‘ 


IF, + F,P PF, + F,0 ■ 

Let p = F,0 and q = F,I. Then 



(-ff-/) (-f+p) 

Whence M = —/*• 

This equation is sometimes known as Neivton^s equation, since 
Newton first obtained it. 

Students who have difficulty with the above analytical proof 
may find the following geometrical proof for a converging lens 
instructive. The diagram shown in Fig. 21-10 (6) refers to the 
formation of a real image by the lens. All distances will be con- 
sidered numerically. Then from the similar triangles IBF] and 
FjHP, we have 

F^ 

IB 

Similarly, 1^ _ PF, 

OA ”"PK* 

Hence FiO.IFb = FjP.PFi. 

i.e. |P3| = |/|** 


Worked Examples, — (i) Calculate the refractive index of the 
material of a converging lens of focal length 15 cm., the radii of 
curvature of its faces being 20 cm. and 12 cm. respectively. 

'Die focal length is negative. Suppose that the 20 cm. face is 
nearer to the object. Then this is and is negative ; r, is positive. 


Since 
we have 



fi = 1-60. 

(ii) What lens must be placed in contact with a diverging lens of 
focal length 25 cm. in order that the lens combination may produce 
a real image magnified 3 times of an object 20 cm. from the combination. 
Let V be the distance of the image from the lens combination. 
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Since the image is real, v is negative, and v 
Hence v = — 60 cm. 


3ti, since m 


v| 





16’ 


jT + ^ where is + 26 cm. and /g is to be found. 


J. 

16 


= + 


I 

25 +/,’ 


.•. /t = — 9*4 cm. 


A converging lens of focal length 9*4 cm. is required. 

(iii) A luminous point on the axis of a symmetrical biconvex lens 
of focal length 100 cm. appears to be at the centre of curvature of the 
second face of the lens when viewed through the lens. If the object 
is 66 cm. from the lens, calculate the refractive index of its material. 


/ — — 100 cm. 

1^2. L. 

w ”■ 66 100* 

6,600 


M = + 56 cm. 


46 


cm. 


This is rg. 

100 'L 6,600 6,600 J 


fi - 1*61. 


What is v ? 


„ 5,600 

Hence r, — 7 -r— cm. 

4o 


EXAMPLES XXI 

1. — For a con verging lens 1 / — 81-6cm., — 30*4 cm. What is/ ? 
Draw a ligiiro to chock your calculation. 

2. — For a ili verging lens u - 20*6 in., and / = 14*2 in. Where is 

the image, and what is its magnification ? 

3. --Tho glass of a thin converging lens has a refractive index 1-61. 
Its focal Icngtli in air is 10-3 cm. What i.s its focal length when placed 
ill water whose refractive index is 1*34 ? 

4. — ^Two converging lenses each have a focal lengtli 15 cm. Tiicy 
arc 30 cm. apart. An object is placed 10 cm. in front of the first 
lens. Wliore is thi? imago seen through the st'cond lens ? What is 
its magnification ? 

6. — A caudle is placed 70*3 cm. from a screen. There are two 
positions in which a converging lens can bo placed so that an image 
of tile candle ap[)ears on tlio screen. These positions are 20'5 cm. 
apart. What is the focal length of the lens ? 

0. — A converging lens of focal length 12*7 cm. is placed in contact 
with a concave lens. The whole is equivalent to a converging lens, 
of focal length 18-4 cm. What is the focal length of the diverging 
Ions ? 

7. — ^Tho focal length of a convor^ng Ions is 8*2 cm. This is placed 
12*1 cm. in front of a concave mirror whose radius of ciirvatm'o is 
5*4 cm. Detormuie the size and position of an image of an object 
3 cm. high placed 3-7 cm. in front of the lens, the image being produced 
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by refraction through the Ions, and then by reflexion at the concave 
mirror. Check by a diagram. 

8. — -Wlion a pin is placed at a distance a from a converging lens on 

image is obtained at a distance 6 from the lens. Draw a rough graph 
to indicate the form of the relation between a and a + 6 for different 
values of a, for virtual as well as for real images. Show how the focal 
length of the lens may be deduced from the graph. 

9. — How would you combine a converging Ions and a plane mirror 
so as to give an imago of a pin coincident with the object and (a) erect, 
(b) inveri^ T In each case, give a diagram showing how the image 
is formed, and explain how the experiment enables the focal length of 
the lens to be determined. 

10. — converging lens floats on mercury. A pin and its image 
appear to coincide when the pin is 10*3 cm. from the lens. If the lens 
has a focal length 20*6 cm. what is the radius of curvature of the lens 
surface in contact with the mercury f 

11. — A converging meniscus Iona having a focal length of 22*5 cm. 
is held in front of illuminated cross-wires. Images appear in turn at 
the side of the cross-wires when the lens is 7*8 cm. and 3*9 cm. away 
from the wires. Calculate the refractive index of the material of the 
lens. 

12. — ^A glass sphere is 10 cm. in diameter. A small air bubble 
inside the sphere appears to be 2 cm. from the nearer surface of the 
sphere when it is viewed along that line which passes through the 
bubble and the centre of the sphere. What is the true position of the 
bubble if the refractive index of the material of the sphere is 1*6 ? 

13. — A converging moniscus lens is s('.t up with a plane mirror behind 
it, the axis of the lens being normal to the mirror. A white screen 
with a small illuminated aperture in it is placed some distance in front 
of the lens and gradually moved up towards it. It is found that images 
of tlio aperture are fociised on tJie screen wlion it is at the ff)llowing 
distances from the lens : — 35 cm., 25 cm., and 8 cm. 1'ho image at. 
36 cm. disappears when the min’or is removed. Calculate the focal 
length, tho radii of curvature of the .surfaces, and the refractive index 
of the material of the lens. 



CHAPTER XXn 

THE PRACTICAL DETERMINATION OP THE 
OPTICAL CONSTANTS OP MIRRORS AND LENSES 


The Location of Images. — The position of the image of a pin 
formed by fui optical instruratmt may l)e found by a parallax method. 
To explain this method let E, Fig. 22'1, be the eye of an observer 
when viewing two pins^ Pi and P„ along the straight line joining 
them. The two images will be superimposed on the retina and, 
in general, it will bo impos- 
sible to decide which is the 
nearer pin. To ascertain this 
fact the eye is moved slightly ^ N 
to one side into a position Ej ^ 

or E, when the images on the 
retina will no longer coincide. Fio. 22*1. 

The more distant object P, will 

apparently move to the same side of Pi as does the observer. 
We say that parallax exists between the two pins. 

The same argument applies if Pi is a pin and P, the image of 
another pin. Hence, if these are in such a position that there is 
no parallax between them it follows that P, and P, must coincide. 

The Optical Bench. — A convenient piece of apparatus for use 
in many optical experiments is the optical bench, which consists 
essentially of a long, straight, rigid bar of metal graduated in cm., 
etc. A number of stands to hold various pieces of apparatus may 
bo moved along the bar. One stand carries a piece of cardboard 
across a hole in which there is placed a piece of wire gauze. When 
this is illuminated by a lamp it serves as an object. Other stands 
carry the lens or mirror and a screen to receive the real image. 
Before attempting any work with an optical bench the various 
pieces of apparatus must be adjusted so that their centres are 
coaxial. The distance between the centres of the a})paratus carried 
in any two stands is determined with the aid of a measuring rod 
fixed horizontally in one of the stands. If possible, the same end 
of this rod is brought in turn into contact with the centres of the 
two objects whose distance apart is required. The difference of the 
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two readings indicated by the pointer attached to the stand carry- 
ing the rod gives the required distance. Often, it is more expedient 
touring opposite ends of the rod into contact with the two objects. 
When this is so the distance required is the sum of the displacement 
of the stand carrying the rod and its length. 

The Radii of Curvature and Focal Lengths of Concave 
Surfaces . — Method i : We have already seen that the image of 
an object in a plane through the centre of curvature of a concave 
surface and normal to its axis lies in that plane and that it is equal 
in size to the object but inverted. If, therefore, a concave mirror 
is placed in front of an Uluminated piece of wire gauze and moved 
until a sharp image is formed immediately below the gauze, the 
distance between the mirror and the gauze is equal to the radius of 
curvature of the mirror. 

Method ii : The illuminated wire gauze is placed slightly above 
the axis of the mirror and the image, which is then formed just 

below the axis, obtained on a white 
screen. The distances u and v 
may be measured and / calculated. 
A series of observations should be 
taken and a mean value of / de- 
duced. 

A mean value may also be de- 
duced graphically as follows : — 
Points U and V on rectangular 
axes and Oy and such that 
OU = tt, OV = V, are plotted (due 
attention being paid to signs) 
and a straight lino drawn through them. The equation to this 
line is 



- + 
u V 




In Fig. 22*2 a series of such lines for corresponding values of u and 
V are shown. Now the particular values of the intercepts on the 
two axes made by any one of these lines are related by the equation 




V tt 

The above two equations indicate that the point whose co-ordinates 
are {i=f,gs=f) lies on this line. Since we have considered the 
general equation to these lines it follows that they all pass through 
the pdnt (f, f) shown at P. 

The Radii of Curvature and Focal Lengths of Convex Sur> 
faces . — Method i: A long pin AB, Fig. 22*3, is placed in front 
of a convex mirror M and a plane mirror N, and the eye £ of an 
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observer directed along the axis. Two images I and C will be seen. 
The one formed by reflexion from the convex mirror consists of a 
diminished and virtual image of the upper part of the pin, while 
that formed by the plane mirror is a virtual image of the lower 
part of the pin. Its magnification is unity, and it is at the same 
distance behind the mirror N as the object is in front of it. The 



Fio. 22*3. 


mirror N is moved until there is no parallax between the two 
images. The appropriate values of u and v may be determined 
from the positions of the various pieces of apparatus. Instead of 
working out each of a series of observations, a graphical method 
similar to the above may be used. It will be found that {£, y) 
lies in the third quadrant, i.e. each co-ordinate is negative. 

Method a : In this method an auxiliary convex lens is used to 
form a real image of a small object. The convex surface is then 
placed behind the lens and moved until an image is produced 
adjacent to the object. This imago is inverted and is formed when 
the distance between the pole of the convex mirror and the screen 



Fig. 22*4. 


on which the image IB was obtained is equal to the radius of curva- 
ture of the mirror. To show that the image is inverted we shall 
make an accurate drawing and avoid the difficulties of an 
analytical proof. 

Let OA, Fig. 22*4, be the object and C the centre of a lens whose 
principal foci are F| and F|. In the absence of the conveX' mirror 
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the real image IB is produced. [The construction lines used are 
not shown.] Let us assume that P is the polo of a convex mirror 
whose radius of curvature is PI. Consider the ray AD which 
after refraction through the lens travels in the direction DPB, 
i.e. towards the pole of the mirror. It is reflected along PE where 

DPC = EPC. To determine the path of this ray after passing 
through tile lens we produce EP to cut the second focal plane of the 
lens in G and draw the secondary axis GC. Then the refracted ray 
is EX where EX is parallel to GC. Also consider the ray UK 
travelling towards the mirror in a direction parallel to the axis of 
the system . After reflexion it travels along KL, where LK produced 
passes through the focus of the mirror. If this line cuts the 
second focal plane in N, the line LX parallel to the secondary 
axis NC gives us the refracted ray. Since these two refracted rays 
intersect at X and the ray OC is reflected back along GO, the 
image must be OX. 

[Attention is again called to the fact that in all such diagrams as 
Fig. 22*4, the scale in a direction perpendicular to the optical axis 
is very much enlarged, so that the ray AD does actually pass through 
the lens, and that the lens in the diagram is only to remind us of 
the type of lens in use and that it does not represent the lens on 
the same scale as the rest of the diagram.] 

The Focal Lengths of Converging Lenses. Method i : The 
lens is arranged to produce a real image of a piece of illumiiiatod 
gauze and the distances u and v measured. The value of the 
focal length is then calculated. A graphical method similar to 
that described for mirrors may also be used. If u and v are the 
intercepts made by a straight line on the axes OX, OY, its equation is 

u V 

Since u, v and / are related by the equation 

1 1 1 


V u f 

it follows that the point (— /,/) lies on all such lines for any one lens. 
Since / is negative for convex lenses, it follows that tho point 
(—/,/) lies in the fourth quadrant. 

Method ii : In this method use is made of the fact that rays of 
light proceeding from a point in the first focal plane of a convex 
lens form a parallel beam after refraction through tho lens. The 
direction of this beam is parallel to that secondary axis passing 
through the luminous point and the centre of the lens. If such a 
beam falls upon a plane mirror it will be reflected as a beam of 
parallel light and if this passes through tho lens an image will be 
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produced in the plane containing the object. We now have to 
show that the image is equal in size to the object but inverted. 

Let OA, Fig. 22*5, be a small object (illuminated wire gauze) in 
the fii'st focal plane of a ^ 

convex lens whose centre is 
C. Let AD be a ray which 
after refraction passes along 
DE where DE is parallel to 
the secondary axis AC. ^ 

This ray will be reflected 
along EF where DE and 
EF make equal angles with 
the normal to the plane 
mirror at E. If CB the 

second^ axis parallel to 22 * 5 . 

EF is constructed then 

after refraction the ray EF travels along FB where B is the 
point of intersection of CB with the focal plane through 0. Since 
the ray OC will be reflected along the principal axis of the lens 
the image will be' OB, where OB is perpendicular to OC. Since 
the A*b OAC and OBC ore congruent OA ==0B. 

Method Hi : This is known as the displacement method* The 
convex lens. Fig. 22*6, is arranged to form a real image of some 




uV- S 


Fio. 22*6. — Fooal .Length of a Converging Lens by Displooemont Method, 
illuminated cross-wires, F, on a screen S. [The distance between 
P and S must therefore be greater than |4/| — cf. p. 4130.] The 
wires and screen being fixed in position, the lens is moved to 
a position B such that a real image is again produced on the screen. 
Now the distance of the lens from the wires at P in the first instance 
is equal to the distance of the lens from the screen S in the second 
instance. Hence, using a, 6, and c to denote the numerical values 
of the distances indicated, we have, in the first instance, \u\ = c 
and |t;| = 6 + c. Hence, 

1 1 ^ 1 

(6 + c) c i/i* 

But a = b -f 2c, so that 


1/1 = 
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The great advantage of this method is that we have ta measure 
the shift of the lens and therefore the method does not involve any 
error due to an incomplete knowledge of the position of the optical 
centre of the lens under investigation. 

Method iv : If the linear magnification and either, t; or u be 
known the focal length of the lens may be determined. A slit 
exactly I cm. long is used as object and the image focused on a 
ground-glass screen having a mm. scale engraved on it. This 
enables the magnification to be read off at once. The lens, etc., 
are first arranged so that the magnification is unity. The lens is 
kept fixed and the slit and scale moved until the magnification is 
2, 3, 4, etc. The distance through which the scale is moved is numer- 
ically equal to the focal length of the lens. Let and be the 
distances of the image when the magnification is 1 and 2 respectively. 

Then since L == A we have — -ri — lA- = — Since the 

V u f |«| |w| I/I 

magnification is IJ., we have 


When m is respectively 1 and 2, wo have, 


Hence 


I/I ’ 
i/i=i» 


1, and 2 = — 1. 


The expression |Vtl'~|Vil zneasures the displacement of the 
screen upon which the imago is received, if the lens remains fixed 
in position. 

It is interesting to note that this method may be used to determine 
the focal length of a thick lens or of a system of lenses. 

Alternative procedure : Instead of working with integral values 
of m, we may determine a series of corresponding values of v and 

m. Since m == i/j — 1, we may write y = ,1 . x — 1, so that 

I/I . •'I/I , I/I 

is the slope of the straight line obtained by plotting y — m, x — \v\. 

Sometimes tlic lens whoso focal length is required is inaccessible, 
e.g. it may be ‘ hidden ' in a tube with thin glass covers over the 
ends. In such a case the distance of the image may be measured 
from any convenient point, e.g. from the centre of the nearer cover 
glass. Let it be | V |. Then 1 1 ? | = | V | + | a |, where | a | is an 
unknown constant. The above equation then becomes 

^ _ 1YL+ W 1 

= v>f + constant. 
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If m and | V | = a;, the above equation becomes 

1 


1/1 


z + const. 


This represents a straight line whose slope is ijj. A series of 

observations on m and corresponding values of | V enable | / 1 
to be found. 


Method V : The following method is due to the late Professor 
SmvANUS P. Thompson. The apparatus required is the same 
as in the last experiment, but the scale is hxed one metre from the 
lens and the slit (1 cm. long) moved until a clear image is formed. 
Let the imago bo rn cm. long. Then the linear magnification is 
m, and we have 


m 


100 

1/1 


- 1. or 1/1 = 


100 

1 +f»’ 


Method vi : A telescope is adjusted so that a clear imago of 
some distant object is formed. The convex lens whose focal length 
is required is the/^l placed coaxially in front of the telescope and a 
piece of printed matter held at a little distance from the lens. 
The plane of the ];)aper must be normal to the common axis of the 
lens and telescope. The distance of the paper is altered until a 
clear image of the print is seen through the telescope. Since the 
telescope has been adjusted for parallel light it follows that the 
printed paper must be in the first focal plane of the lens. The 
distance between the lens and paper is therefore |/|. 

The Focal Lengths of Diverging Lenses . — Method i : The 
lens is placed in contact with a converging lens of known focal 
length and of such power that the combination is equivalent to 
a convex lens. The focal length of the combination is determined. 
Let this be /. Then if /j and /, are the [second] focal lengths of the 


convex and concave lenses respectively , ^ ^ + 7 , so that /a may 

J Ji' It 

be calculated. 


Method ii : If the available convex lens C, when placed in contact 
with the concave lens D, is not sufficiently powerful for the combin- 
ation to be convergent, the lens C is arranged to form a real image 
Ii of an object 0, Fig. 22*7. The concave lens is then placed between 
the convex lens and Ii and a real image la produced. Then I, 
is acting as a virtual object giving a real imago 1,. If u and v 
are respectively the distances of the ' object ’ Ii and the image 
la from the centre of the concave lens, its focal length may be cal- 
culated. If a series of corresponding values of u and v are obtained 
a graphical method similar to that used on p. 438 may be employed. 
ur. B 
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It is left as an exercise to the student to show that the lines intersect 

at the point (—/,/) lying in the second quadrant, eince/is positive. 



Method Hi • A convex lens Li, Fig. 22*8, is arranged to produce 
a real image I of a point source O situated on the axis CO of the lens. 
The concave lens and a plane mirror are then placed behind the 
lens Lj and moved to such a position that an image of the object 



is produced alongside the object. This is only possible when all 
the rays from O after refraction through the two lenses fall normally 
on the plane mirror, i.e. the rays refracted through the concave lens 
are parallel to the axis CD. The distance DI is therefore numerically 
equal to the focal length of the lens L,. 

The Refractive Index of the Material of a Lens. — We have 
already learnt [cf. p. 424] that the focal length of a lens is related 
to the radii of curvature of its two faces by the formula 


7 = 0 “ 




where the symbols have their usual meanings. If the lens used 
is a double concave one the radii of curvature of its two faces may 
be found at once by the method indicated on p. 436. When one 
or both of the surfaces ore convex, however, the method is not so 
direct. Let L, Fig. 22*9 (a), be a double convex lens, the centres 
of curvature of its faces being Ci and C|, while fi and f| are the 
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ooiresponding radii of curvature respectively. Consider a ray OA 
from a point object 0 so placed that the refracted ray travels 
along AB, the normal to the second surface of the lens at B. At 
this point the energy of the incident light is partly reflected and 
partly transmitted. [This happens in all cases when light is 
incident upon a boundary separating two media, unless the angle 
of incidence is greater than the critical angle concerned.] In the 
present instance, however, the reflected portion returns along the 
path BAO and is used in setting the lens in the desired position 
with respect to 0. The transmitted portion of the energy appears 
to come from Cj. These statements apply to all paraxial rays 
from 0 when, after refraction at the first surface of the lens, they 
fall normally upon the second surface. If therefore one looks 



Fig. 22*9. — Boys’ method for detormiuing the Radius of Curvature of 
a Convex Surface of a Lens. 


through the lens, the image of O will appear to be at Cg. The 
position of this image may be calculated if the focal length of 
the lens and the distance u are known. The particular value 
of V so obtained is equal to fg. 

In order to discover when the object and lens are correctly placed 
for the above conditions to hold, use is made of that portion of 
the light energy which is reflected from B along BA and after 
refraction at A produces an image at 0. The distance u is then 
measured and calculated. 

By reversing the lens the radius of curvature of the other surface 
may similarly be found. The value of [jl for the material of the 
lens may then be calculated. 

The above experiment is most easily carried out with the aid 
of illuminated oi:oss-wires, etc., but it may also bo performed with 
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a pin as object if the lens is floated on clean mercury. The pin 
is arranged horizontally and its position adjusted until there is 
no parallax between the pin and its image — cf. Fig. 22*9 ( 6 ). In 
this particular instance nearly all the light energy is reflected at 
B, but the theory is as before. 

The Refractive Index of a Liquid. — For this experiment we 
require a converging lens. Its focal length is first determined 
using a pin and plane mirror. For convenience the lens is placed 
in contact with the mirror. A smaU quantity of the liquid is 
then placed between the lens and mirror, forming a liquid plano- 
concave lens. The focal length of the combination is then deter- 
mined. If this is/, while /i and /, are the focal lengths of the glass 

and liquid lenses respectively, 7 = ^ + r > that /| may be deduced. 

/ ft ft 

Now the radius of curvature of the concave surface of the liquid 
lens is equal to the radius of curvature of that surface of the convex 
lens in contact with it. If this is known the refractive index of the 
liquid may be calculated, for 


1 

h 





The Focal Length of a Converging Lens. — A variation of the usual 
u and V method for the determination of this quantity is as follows ; — 
An object OA, Fig. 22*10, is placed in front of a lens so that a real 
image is produced. Instep of receiving this image on a screen, how- 
ever, a plane mirror is 
placed behind the lens 
and it is adjusted until 
an image equal in size 
to OA and erect is 
produced in the plane 
containing OA. This 
occurs when the real 
image IB is formed at 
the surface of the mir- 
ror so that u and v are 
at once known. 

The ‘ coincidence * of 
image and object is so 
perfect in this instance 
that even if the mirror is 
slightly tilted the eoinci- 
dence is not destroyed. 
If a pin is used as object 
there is no dlfliculty in 
determining when the 
image and object do coincide, but if illuminated cross-wires are used 
it is preferable to arrange a thin sheet of glass at 45^ to the axis 
and receive the image on a piece of ground glai» at the same distance 
from the glass as is the object. 
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To show that the imago fulfils aU the conditions stipulated above, 
let us consider any ray AD which after refraction through the lens 
travels along DB. At B it is reflected along BE, the angles of in- 
cidence and reflexion being equal. To determine the path of the ray 
BE after refraction through the lens we may use a graphical con- 
struction as follows : — If BE cuts the second focal plane of the lens 
in N, the refracted ray EA will be parallel to the secondary axis NO. 

The validity of the above construction may be established as follows. 
If ^ is the length of the object, a and 6 the distances of the object 
and imago from the lens centre [all these quantities being mere 

numbers], the length of the image is ~ while the distance CF| is 

If jfe is equal to CD, then CE = jfe + 2 -A. If 0 is the angle 
indicated. 



so that 


EM 



tan B 


(nic + hh) 
a + 6 • 


Hence tan 4 — 




+ 6 />) 


+ &) 


f-— ) 


Let the ray through E parallel to NC cut OA in A^. Then the 
vertical distance between A^ and E is 


a tan 4 — 




F— 1 

La -I-6J 

J[fc + 2^A](o + 6)-i(ofc+6M 


= ^ + lb + 2-/i. 

a 


But this is the vertical distance between A and E, so that A and A^ 
must coincide. Since AD was any arbitrary ray it follows that all 
rays from A return to A after reflexion at the mirror. 

Similarly, rays from any point in OA return to the same point after 
reflexion at the mirror. 


Experimental Determination of — Light from an arc lamp (not 
shown) is concentrated on an aperture, S, Fig. 22*11. Li is a con- 
verging lens arranged so that S is at its first principal focus. Th^ 
beam of parallel light emerging from L^ falls on a plane mirror, M, 
and is reflected downwards into a deep vessel. A, containing water 
coloured with fuschine. A plano-convex lens, L„ is supported as 
shown, its plane surface being uppermost. In this way refraction 
takes place at the curved glass-water interface. The light is brought 
to a focus at F|. Let v be the distance of Fg below the pole of 
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the curved surface of L|. Let and be the refractive indices 
of glass and water respectively, so that Applying the 

formula 

and, remembering that u oo, we have 



r 






gixto may 


Hence, if r is known, i.e. 
be found. 

[K fuschine is not available the focal 
point P, may be located by allowing a 
piece of white cardboard, loaded on its 
underside with lead shot, to fall through 
the liquid. The position of F, is indi- 
cated by a bright spot of light which 
appears on the cardboard as it passes 
downwards through F^ — see the dia- 
gram.] 

Example . — hemispherical bowl with 
a radius of curvature of 8*6 cm. con- 
tained carbon bisulphido and was placed 
so that its curved surface was in contact 
with water in a tall jar. Parallel light was directed vertically down- 
wards and brought to a focus at a point 42 cm. from the curved 
surface. Compare the refractive indices of the two liquids. 

Let /ii and /i, be the refractive indices of carbon bisulphide and of 
water respectively. In the equation 


Fig. 22*11. — Apparatus for 
determining 


we must write w = oo 
negative, wo Ixave 


Then, remembering that r is positive and v 


~ ^*[§-6 42 ]’ 


. ^ 

” A*i 


1 - 20 . 


CHAPTER XXni 


SPECTRA AND RELATED PHENOMENA 

The Composite Nature of White Light.— Whilst attempting 
some experiments with lenses he had constructed, Newton noticed 
that the images were blurred and indistinct, whereas the images 
produced with the aid of curved mirrors were much sharper. 
Newton made other lenses, taking greater care with the polishing 
operations, but the trouble still persisted. He surmised that the 
fault lay not in ,the lenses but perhaps in the laws of refraction or 
in the nature of light itself. Sir Isaac had been using sunlight for 
these experiments, and proceeded to make the following tests : — 
Sunlight was allowed to enter a darkened room through a circular 
hole one-third of an inch in diameter and an image of the sun was 
obtained on a screen 15 feet away. Then a glass prism was placed 
in the path of the rays so that the rays were deviated upwards. 
Newton noticed that there was an elongated image on the screen 
and that it was coloured at its extremities. Other experiments 
in which a narrower slit was used were then made and Newton 
found that the image was coloured along its whole length. He 
distinguished seven different colours — red, orange, yellow, green, 
blue, indigo, and violet. Since, however, the colours gradually 
pass from one to the other, the actual number of colours is really 
infinite. The image produced in experiments similar to the above 
is termed a spectrum. 

Newton also selected one of the above seven colours by allowing 
it to pass through another slit, and then placed a second prism in 
its path — cf . Fig. 23*1 : the ray was deviated still more, but no new 
colours were formed. Newton also permitted the whole of the 
coloured spectrum to fall on another prism having its refracting 
edge in a direction opposite to that of the first prism. A white 
image was obtained. If, however, one colour was removed from 
the first image the recombination of the remaining colours did not 
produce white light. 

A piece of red glass was placed in front of the prism, when only 
the red portion of the spectrum was obtained ; and on replacing the 
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red glass by a piece which was blue only the blue end of the spectrum 
was observed. 

From these and other experiments Newton concluded that sun- 



light, or white light as it is generally termed, was a mixture of 
several colours and that the prism merely served to separate out 
the constituent colours. The white light is said to have been 
dispersed, 

Newton’s Experiment with Crossed Prisms. — Two prisms, 
ABC and LMN, Fig. 23*2, were arranged so that their refracting 
edges were at right angles to each other and a beam of sunlight 
was allowed to pass through the combination. Newton noticed that 
the violet and blue end of the spectrum which suffered the greatest 



deviation after refraction through one prism was the most deviated 
portion after refraction through the second prism so that when the 
spectrum was received on a screen XY it was found to be inclined 
to the vertical although, in the absence of the second prism, a 
vertical image was obtained. 

Dispersion. — ^The formation of a spectrum by the means pre- 
viously indicated is due to the fact that the constituent colours 
present in the white light have been separated by the material of 
the prism. This is said to have produced dispersion of the 


SPECTRA 449 

heterogeneous light incident upon it. By using prisms of different 
materials it is easy to show that the dispersion depends upon the 
material. 

If the source of light is monochromatic the spectrum consists 
of a single line, the prism merely deviating the rays of light passing 
through it. By using such a source and different prisms, each in 
the position of minimum deviation for the particular light used, 
it is found that the deviation depends upon the material of the 
prism. Now it is never found that a prism set in the position of 
minimum deviation for one set of rays is in the position of minimum 
deviation for all colours. In practice, when the visible region of 
the spectrum is being explored, the prism is set in the position of 
minimum deviation for yellow rays (from sodium). 

The Projection of a Spectrum on a Screen. — A converging 
lens Li, Fig. 23*3, focuses the image of a powerful source of light 
0 on a slit S. Another converging lens Lg is used to produce an 
image of the slit at S^. The prism ABC, with its refracting edge 
parallel to the length of the slit. Is then introduced when, instead 
of the image at S^, there appears a coloured band somewhere in the 
neighbourhood Vtl. The definition of the image will be considerably 
improved by rotating the prism until it is in the position of minimum 



deviation. It wiU also be improved by narrowing the slit and 
by adjusting L, slightly. The spectrum obtained will be moderately 
pure. 

In connexion with this experiment it is important to realize that 
the shape of the slit exercises a marked infiuence on the purity 
of the spectrum. It must be remembered that the optical arrange- 
ment really produces a series of images of the slit — one for e4ch 
constituent colour. If, therefore, the slit is* wide, the different 
images may overlap and the spectrum will not be pure. If, for 
example, the slit is replaced by a circular hole, there is produced 
a series of coloured images of the hole on the screen. Only the 
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outer edge of the oomplete image will be ooloured — ^red at one end, 
blue at the other — ^the oentral region being white, i.e. the colours 
have here recombined to produce white light. Similarly, if the 
slit is replaced by another of any other form, the individual ipaxts 
of the spectrum will assume the new shape of the slit. 

The Pure Spectrum. — ^If neighbouring colours in a spectrum 
do not overlap, the spectrum is said to be pure. The spectrum 
formed with the above arrangement of prism, lenses, slit, etc., is 
only tolerably pure, i.e. its purity is only partial since the rays of 
any one colour passing through the prism are not parallel to one 
another, and therefore the prism cannot be set so that they all 
pass through it and suffer a minimum deviation — ^a necessary con- 
dition for the formation of a pure spectrum when the light incident 
on the prism is not parallel. It is more usual for the incident light 
to be parallel, a condition obtained by placing the slit S in the 
first focal plane of a converging lens L, — of. Kg. 23*4. If the 



source is not monochromatic each colour present gives rise to a 
parallel beam of light within the prism and also after refraction 
through the prism. A third converging lens L 3 collects the emergent 
parallel beams and brings each to a focus so that a brilliant image 
VR is obtained. If measurements are to be made the prism is 
usually adjusted so that it is in the position of minimum deviation 
for sodium (yellow) light, but this does not affect the purity of 
the spectrum. 

The spectrum may be produced on a screen, i.e. observed objec- 
tively, or examined by a converging lens of suitable focal length 
placed so that a virtual magnified image of the spectrum is formed — 
cf. p. 600. The spectrum is then said to be examined subjectively. 
It should be noted that VB is not normal to the axis of L 3 : this 
is because the focal length of the lens is shorter for violet rays than 
fqr red. If, however, L 3 is an achromatic lens [cf. p. 463], VR is 
normal to the axis of the lens. 

The Spectrometer. — One of the simple forms of this instrument 
which was designed to examine various spectra is shown in Kg. 23-5. 
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A prumi P is rigidly fixed on a table which is capable of rotation 
about an axis passing through the centre of a divided circle D. A 
narrow slit S, whose width can be adjusted, is illuminated by a 
source of light and is caused to lie at the focus of an achromatic ^ 
converging lens so that a beam of parallel light is incident 
upon a face of the prism — ^the slit and lens L^, together with the 
tube in which they are mounted, constitute the collimator. The 
distance from the source to S must be such that the spectrometer 
is not damaged by becoming too hot, but that the whole of the 
lens Li is filled with light. After refraction through the prism the 
light consists of several beams of various colours unless the incident 
beam is monochromatic ; this refracted light enters a telescope T, 



Fio. 23*6. — A Speotrometer. 


and each constituent beam is focused by means of Lg, tJio front lens 
of the telescope ; this lens is similar to Lj. The eye-piece L, 
produces a magnified image of the spectrum [cf. chap. XXV], 
and enables the colours to be seen clearly. The image (spectrum) 
is seen at infinity if the eye is at rest. In the diagram the prism 
has been drawn in the position of minimum deviation for sodium 
light and only the paths of the yellow rays are shown : the points 
to which red and violet rays would be focused are indicated, however. 

It will bo noticed that because the position of the focal plane 
of an achromatic lens is independent of the wave-length of the light 
used, the spectrum VR is normal to the axis of the telescope. 

Verniers, Vi and Vg, rigidly attached to the telescope and table 
respectively, enable the settings of these parts of the complete 
instrument to be ascertained with accuracy. [In actual practice 
on all reliable instruments the number of verniers is doubled so 

^ An aohromatio lens is a double lens having a focal length practically 
independent of the oolour of the light used [of. p. 462]. 
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that errors of oentring may be eliminated by reading eaoh pair of 
verniers : these pairs are not indicated on the diagram.] 

The Adjustments of a Spectrometer. — The eye-pieoe is moved 
backwards or forwards until the cross-wires, which are placed 
in the observing telescope T, are visible. A distant object is then 
viewed through the telescope, and the tube carrying the eyepiece 
and cross-wires is moved until a clear image of the distant object 
coincides with the wires — the coincidence is verified by moving 
the eye sideways ; if the image does not apparently move with 
respect to the cross- wires, then the adjustment has been accom- 
plished. After this adjustment the eye-piece must not be disturbed. 
The slit of the collimator is then illuminated and the telescope 
directed towards it ; the slit is moved to and fro until a clear image 
is formed on the cross- wires. The telescope having been adjusted 
so that parallel rays are brought to a focus on the cross-wires, it 
follows that the slit is at the focus of L^, so that a parallel beam 
of light is incident upon the prism. The slit must be narrowed to 


permit accurate measurements to be made. If it is necessary to 
level the prism the following procedure will be effective : — 

The term * levelling the prism ' is somewhat ambiguous ; what 
is really implied is tliat the refracting edge of the prism must be 
made parallel to the axis of rotation of the table. Three screws 
A, B, C, Fig. 23-6, enable the table to be raised or lowered. The 
prism is placed with its edge ab perpendicular to an imaginary line 



joining the two screws B and C. 
The collimator is placed so that 
both the faces ab and ac receive 
light. When the telescope receives 
light reflected from ab the screws B 
and C are adjusted till the image 
is in the centre of the field. The 
telescope is then turned to receive 
light from ac and the screw A 


Fiq. 23-0. adjusted until the image is again in 


the centre of the field. The telescope 
is then moved to its former position, and B adjusted ; the telescope 
is then brought in front of oc and A adjusted ; the process is 
repeated until the image is always in the centre of the field irrespec- 
tive of the face from which the light is reflected. 

When no distant object is available the following method due 


to Schuster is adopted ; — The prism ^ving been placed on the 
table so that it is in line with the collimator and telescope, the 


telescope is rotated until a blurred image is seen in the telescope. 
The table is then slowly moved and at the same time the telescope 


rotated, so that it always receives the image. If the table is being 
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rotated in the appropriate direction the image will soon pass through 
the position of minimum deviation. If the telescope is moved 
back through a few degrees it follows that it will receive light and 
form an image for two positions of the prism — A and B [dotted], 
Fig. 23-7. The prism is rotated until it is in the position B, i.e. 
the light falls more obliquely on the prism than when it occupies 
the position of minimum deviation. The telescope is then focused 



Fio. 23'7. — Schuster's Method of Adjusting a Spectrometer. 


until the image is sharp and without parallax on the cross-wires. 
The prism being rotated to the position A the image will be blurred, 
but it may be focused again by moving the slit of the collimator. 
The prism is then put in the position B and a sharp image produced 
by adjusting the eye-piece of the telescope. The process is con- 
tinued until the image is always sharp and without parallax on the 
cross-wires. When this has been achieved the coDimator is produc- 
ing a parallel beam of light which is brought to a focus on the 
cross-wire of the telescope. 

To underatand the principle here involved let us consider Fig. 23*8. 
Suppose that A, B, and G are three different positions of a converg- 



ing beam of light incident upon a prism such that the angles of 
incidence are respectively less than, equal to, and greater than that 
corresponding to the position of minimum deviation. Suppose 
a, 6, and c to be the images produced. The less oblique pencil A 
becomes less parallel after refraction, while the more oblique one 
becomes more parallel. When the prism is in the position B, 
Fig, 23*7, the rays are as at C, Fig. 23'8. They will therefore enter 
the telescope in a more parallel position than when the telescope 
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was in the position of miniranun deviation. It is therefore necessary 
to adjust the telescope to improve the definition of the image. 
When the prism is in the position A, Eig. 23*7, the light entering 
the telescope will be too convergent, but this may be rendered more 
parallel by adjusting the collimator. 

To Determine the Optical Constants of a Prism, — The 
spectrometer furnishes a very accurate means of determining the 
refractive index of the material of a prism by measuring the angle 
of the prism and then the angle of minimum deviation. It has 
been shown that the deviation produced by a prism depends upon 
the colour of the light ; hence monoohromatic light, i.e. light of a 
single colour, must be used. The support for an upright gas 
mantle is heated to redness and dipped into a mixture of borax 
and sodium chloride ; the mixture is then fused in a bunsen burner, 



Angle of a Prism. of a Prism. 

when the whole flame is coloured yellow. This forms a convenient 
and almost monochromatic illuminant for the slit of the spectro- 
meter. 

(a) The Angle of the Prism . — ^The prism is arranged so that 
light from the collimator C is incident upon both faces at the same 
time [Fig. 23*9]. The image Ij is focused on the cross-wires of 
the telescope, the position of the telescope being observed. The 
telescope is then moved to receive the image I, on its cross-wires, 
its position again being observed. The angle through which the 
telescoi)e has been rotated is twice the angle of the prism [cf . p. 410]. 

A second method of determining the angle of the prism will be 
understood from Fig. 23*10. When the image from one face AB 
has been sighted in the telescope, the latter is kept in that position 
and the prism rotated until the edge AO occupies a position coinci- 
dent with or parallel to AB. For this to occur the prism will have 
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to be rotated through an DAC. It is at once apparent that n — DAC 
is equal to the angle of the prism. 

(6) The Angle of Minimum Deviation.— The image of the 
slit, formed by refraction, is observed in the telescope and the prism 
is rotated, the image being followed with the telescope, until the 
image appears to be stationary — ^the prism is then in the position 
of minimum deviation for rays of the particular colour characteristic 
of the sodium flame. A further rotation of the prism and the image 
recedes. The prism is then rotated and the position of minimum 
deviation on the other side of the ‘ line of fire * found. Half the 
angle through which the telescope has been rotated is the angle 
of minimum deviation y. 

Then ginj(a + y) 

^ Sin ia 

where a is the angle of the prism. 

Spectrum Analysis. — (i) Line Spectra. If, whilst the prism 
is on the spectrometer table, the sodium flame is removed and a 
bunsen flame [fed with various salts, such as those of lithium, 
potassium, etc.] substituted, then coloured images of the slit will 
be observed in the telescope. Each image corresponds to a definite 
colour in the light omitt^ from the vapour of the substance — 
each image is referred to as a line in the spectrum. 

By certain means, some of which are discussed later, it is possible 
to determine the wave-length of the light corresponding to each 
line in the spectrum. If, for example, a sodium salt is heated in 
a bunsen flame the latter assumes a brilliant yellow tinge and the 
spectrum, in the visible region, consists of two bright lines in the 
yellow region. They are very close to each other and together 
constitute the and D, lines of the spcctnim. Their wave- 
lengths are respectively 5896 and 5890 Angstrom units, where 
one Angstrom unit — ^written 1 A — is equal to 10~® cm. 

Spectra of the diflerent gases are obtained when electric dis- 
charges pass through a tube containing the particular gas in a 
rarefied condition and the light examined spectroscopically ; also 
when an electric arc is produced between metal electrodes or an 
electric spark is passed between them, the light in each instance 
being examined with a spectroscope. 

Bunsbn and Ejbohoff were the original investigators in this 
wide field of research known as spectrum analysis. One of 
their greatest discoveries was that under given conditions each 
element emitted light producing a definite spectrum which 
was characteristic of that element only. Having made this 
discovery they began a systematic examination of the light from 
certain important stars* and from the lines in the spectra to which 
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they gave rise they established with certainty the existence of 
several elements present in those stars. Later on, a spectroscopic 
examination of the light from the sun revealed the fact that there 
was present in the sun an element then unknown on the earth. 
It was called helium — a gas now known to be present in the 
atmosphere. 

During the present century a detailed examination of the spectra 
of the elements has enabled us to gain an insight into the structure 
of matter. 

From the above remarks it will appear that an examination of 
the spectrum of the light emitted by a certain substance when in 
a gaseous condition enables us to detect its composition qualita- 
tively ; in recent years, by paying particular attention to certain 
lines in spectra, it has become possible to estimate the actual 
percentage composition of a mixture. 

Usually a spectrum of the light from the arc produced between 
metal electrodes is a Une spectrum characteristic of that metal — 
it is termed an arc spectrum and it is now known that the corre- 
sponding colours are due to radiation emitted by an atom. 

When a spark spectrum, i.e. the spectrum given by the light 
from a spark between metal electrodes, is examined, the lines are 
not in the same positions as when the light from an arc between 
the same electrodes is observed. The spark spectrum is produced 
by the radiation from atoms which have lost one electron, i.e. 
from ionized atoms, or atoms carrying a positive charge of electricity. 

The Continuous Spectrum. — ^If the light from a white-hot 
body, such as the filament of an electric lamp, is examined with 
the aid of a speotroscopo, the spectrum is found to be continuous, 
i.e. all the lines in the visible region appear in the spectrum of the 
light from such a body. The reason for this is that the atoms get 
into a state where they are able to emit radiation, but cannot 
emit it as when they exist as a vaiK)ur. Light of all wave-lengths 
is therefore emitted and the spectrum appears continuous. 

Band Spectra. — ^In an emission spectrum the lines sometimes 
appear crowded together in certain regions. When they are 
examined with the aid of an ordinary spectroscope they appear 
as continuous flutings or bands. The line structure of such a 
band is only revealed with spectroscopes possessing a high 
resolving power, i.e. they are able to separate lines differing by 
only a small fraction of an Angstrom unit. We now know, that 
whereas line spectra are due to atoms, band spectra are due to 
molecules. Such spectra appear very frequently in the infra-red 
region [cf. p. 472]. 

Absorption Spectra. — ^When the light firom the tungsten fila- 
ment of an electric globe or other source of white light is focused 
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on the slit of a speotrometer a continuous spectrum is seen in the 
telescope. If a piece of red glass is placed before the slit the 
image is seen to be red. The glass has robbed the white light of 
some of its constituents so that only the remaining colours are 
present and it is only these which are analysed by the spectroscope. 
The red image now obtained is referred to as the absorption 
spectrum of red glass. The absorption spectrum of a vapour, 
which when hot emits bright lines, is found to consist of a con- 
tinuous spectrum crossed by dark lines in exactly those positions 
previously occupied by the bright lines of the emission spectrum. 
This shows that the cold vapour absorbs mainly those colours 
which it emits when its temperature is sufficiently high. This point 
may be demonstrated further by the following experiment : — 
The spectrum of an electric arc is projected on a screen — cf. the 
apparatus described on p. 450. A bunsen flame tinged with 
sodium is placed behind the illuminated slit — ^the spectrum is 
crossed by a dark line in the yellow region — ^its position corresponds 
to that of the so-called D-line of the sodium spectrum [really there 
are two D-lines very close together, but unless a large prism and 
a narrow slit are i|sed they will overlap and appear as one — 
we say that the prism has failed to resolve the sodium lines]. 
On introducing some sodium salt into the electric arc a bright 
yellow line appears in the place of the dark one originally present. 
This proves that the sodium flame absorbs the same waves as 
it emits. The bright sodium lines appear if an opaque screen is 
placed before the source of white light. 

The absorption spectrum of an aqueous solution of potassium 
permanganate may be investigated as follows : — The spectrum of 
the light from an arc lamp is produced on a screen and a glass cell 
containing water is then placed at some convenient position in the 
path of the beam. By dipping a glass rod into a strong solution 
of the permanganate and rinsing it in the water the concentration 
of the latter may be gradually changed by repeating the process. 
The appearance of at least two dark bands, one in the green and one 
in the blue, is soon noticed. As the concentration increases the two 
bands widen out and finally coalesce. Finally, the whole of the 
visible spectrum disappears showing that a strong aqueous solution 
of potassium permanganate is opaque to all visible radiations. 

The absorption spectrum of a dilute solution of didymium 
chloride is very interesting since it contains five or six bands. 
The solution may be contained in a small weighing bottle and used 
to concentrate an image of the filament of an electric lamp (fila- 
ment vertical) on the slit of the spectroscope. The spectrum is 
then examined in the usual way. 

These experiments are more likely to succeed if a hollow prism 
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fiUed with carbon bisulphide is used since the dispersion is greater 
than with a glass prism. 

The Solar Spectrum. — By reflecting a beam of sunlight on 
to the slit of a spectrometer its spectrum will be found to consist 
of a continuous background crossed by many dark lines. These 
are termed the Fraunhofer lines in honour of the man who dis- 
covered them. Bunsen and KmoHorr showed that they were 
in the same positions as some of the bright lines of the emission 
spectra belonging to terrestrial elements ; they concluded that these 
elements were present in the sun. It is now known that the dark 
lines are due to the absorption of some of the white light emitted 
by the central and hotter regions of the sun as it passes through 
the cooler envelope [the chromosphere] surrounding the sun. 

The Recombination of Spectral Colours. — Reference has 
already been made [cf. p. 447] to the fact that Newton used a 
second prism, with its refracting edge pointing in an opposite 
direction to that of the first prism, in order to show that the 
colours of the complete spectral fan could be recombined to produce 



Fio. 23*11. — ReoombiaatioQ of Spectral Colours to form Whi^e Light. 

white light. Another arrangement — known as a colour patch 
apparatus — ^whereby the same and other facts may be established 
is as follows. A slit, S, Fig. 23*11 (a), is illuminated by the light 
from an arc lamp, and a converging lens Li arranged so that in 
the absence of the prism ABC a real image of the slit is formed 
at I. The prism, for preference a hollow one filled with carbon 
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bisulphide, is then placed in position so that a pure spectrum is 
produced at BV. L| is a converging lens arranged so that it gives 
rise to an image of the face AB of the prism on a distant screen. 
If the adjustments have been carried out properly this iGbaal image 
will appear white. 

To imderstand the formation of this white image let AB, Fig. 
23-11 (6), be an aperture in a screen — this corresponds to the face 
AB of the prism. L, is a converging lens producing an inverted 
image CD of AB. The construction lines are shown thin. Now sup- 
pose that ABB and AVB are beams of red and violet light respec- 
tively — in the actual arrangement at (a) these are produced after 
the Light has passed through the prism, but we may assume that 
they are formed by rays from two different sources on the left 
of the diagram (6) to simplify the drawing. Since C is the image 
of A it follows that the ray AB must travel to C after refiraotion 
through Lg : similarly BB, a red ray firom the bottom of the 
aperture, travels to D. Thus CD is covered with red light. 
Similarly it is covered with violet light — in fact, with light of all 
the other spectral colours. These superimposed colours produce 
white light. 

Colour Mixture and Complementary Colours. — ^If a screen 
with a slit parallel to that at S is placed along BV then a pure 
spectral colour will be produced at CD. If, however, a pencil is 
placed BO that it intercepts the bluish-green rays, i.e. the pencil 
is at O, then the resulting colour on the screen will be duo to all 
the other rays in the spectrum. This colour is red. Similarly if 
the blue rays are intercepted the colour will bo orange. The colours 
produced on the screen under these conditions are termed mixed 
colours. 

The above experiments show that a complex light stimulus can- 
not be analysed into its spectral components by the human eye. 
In this respect, the eye is essentially different from the ear whioh 
is able to analyse a musical note into its components, i.e. to dis- 
tinguish between one compound note and another. Moreover, in 
acoustics, like sensations are produced by like causes — but this is 
not true in connexion with light sensations. For example, an 
aqueous solution of potassium dichromate appears to possess a 
deep orange colour when viewed by transmitt^ light. As Abney 
first showed, if this light is examined spectroscopically it is found 
to consist of several components — in fact, there is produced a spec- 
trum frrom which the blue and violet rays have been remove^i 
completely and the green rays in part. On the other hand, it is 
possible to select a small region of the spectrum VB such that 
the colour of the patch on CD is exactly the same as that of the 
light transmitted by the bichromate solution. 
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Primary Colours. — A bnbt defines a primary colour as one 
which cannot be formed by the mixture of two or more colours. 
The original inveutigators in colour phenomena were the artists, 
who found that the pigments on their palette were not capable 
of being mixed to produce red, yellow or blue. They termed 
these the primary colours. When the physicist became interested 
in this subject he discovered that the yellow was not a primary 
colour since it could be obtained as a mixture of red and green. 
On the other hand, green was shown to be a primary colour. 
These facts are easily verified with the apparatus shown in Fig. 
23’ 11 (a). It is only necessary, for example, to place slits along 
VR so that the red and green rays are transmitted and the colour 
of the patch at CD is yellow. 

Modern work has shown that violet, and not blue, is a primary 
colour. 

Complementary Colours. — ^When the sensation of white light 
is produced by two colours, those colours are said to be comple- 
mentary to each other. The colour patch apparatus described 
above may be used to obtain the complementary colours. One 
of the colours produced at VR is cut out by means of an opaque 
rod, and the remaining colours combined by the lens L| to form 
an image at CD. The resultant colour is complementary to that 
which has been removed. Since the three primary colours, taken 
in the correct proportions, produce white light, it follows that if 
one of these is removed, the combination of the other two will 
give the corresponding complementary colour. 


Table or Som Comflementabt Colours 


Red 

Orange 

YeUow 

Green 

Bluish- 

green 

Blue 

Violet 

Colour 
blocked 
out by rod 

Bluish 

green 

1 

Blue 

Indigo 

Purple 

Red 

Orange 

Greenish 

yellow 

Resulting 

colour 

mixture 


The colours in the lower line are complementary to the corre- 
sponding colour in the upper line. The remarks in the last column 
indicate' how the existence of these colours may be verified with 
the colour patch apparatus. 

In connexion with complementary colours it must be emphasized 
that the white light arising from the combination of two pure 
complementary colours is not physically identical with sunlight ; 
the impression of white due to the superposition of two comple- 
mentary colours is doe to a peculiarity of the eye [cf. p. 496], 
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and if suoh light is snbjeoted to analysis by a spectroscope, the 
complete spectral fan is not obtained. The colours then seen 
are, of course, the two complementary colours. 

Angular Dispersion and Dispersive Power. — We have seen 
that the solar spectrum is crossed by a number of dark lines, parallel 
to the length of the slit. The colours corresponding to the more 
prominent ones are denoted by the letters A, B, C, D, E, F, G, H. 
The first three are in the red, D in the yellow, E in the green, F 
and O in the blue, and H in the violet region of the spectrum. 
The lines C and F are due to hydrogen and may be produced by 
connecting a glass tube containing this gas [or water vapour] at a 
pressure of less than 1 mm. of mercury, to the secondary terminals of 
an induction coil. If water vapour is used the hydrogen lines ap- 
pear, because the electric discharge breaks up the water molecule. 

When a parallel beam of white light passes through a prism, rays 
of difierent colour are inchned to one another, although for any 
one colour the rays are all parallel. For any two colours the angle 
between them is termed the angular separation caused by the 
prism for these two colours and for the particular angle of incidence 
involved. If and (or /ip and /i^) are the refractive indices of 
a material for blue and red rays, and /^ (or is the index for 

sodium light, the quantity » ^or is termed the 

dispersive power, w, of the material with reference to the three 
wave-lengths chosen. When the material is in the form of a prism 
with a small refracting angle, it can be shown that the ratio of 
the angular separation for two rays of different colours to the 
deviation of the mean ray is equal to the dispersive power of the 
material. For in general, if // is the refractive index of the material 
and y the deviation for a prism whose refracting angle a is small, 
then, with the notation used on p. 409, we have 


= (ii - + (it — U) = (/i - 1) (r, + U), 

for = pti and i^ = pr^ when the angles of incidence, etc., are 
small as we now assume — cf. p. 413. But rj + rg = a, so that 
y = (// — l)a. If piy is the refractive index of the material for 
sodium light, 

V* = (14 - 1)« = - 1)« • Vo- 


Similarly the expression for fr may be obtained, 
expressions we have 


Vb-Vr 


(/tb — /If) 

flo—l 


Td. 


which establishes the theorem. 


From these two 
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Expressed in the notation of the oalcolus, the dispersive power o) 
is given by o) = — where bfi is the change in refractive index 

fl 1 

for the material in passing from one colour to a neighbouring one, 
and jjL is now written instead of /iq. It must be observed, however, 
that the numerator in the above equation is not an infinitesimal 
b[i but a small finite quantity Afi. Thus ct), as measured, is never 
tiie actual dispersive power for a particular colour (or wave-length), 
but is the mean dispersive power over a range of wave-lengths. 
The use of the symbol is justified in practice since it seldom 
exceeds two per cent, of the value of in the visible region of the 
spectrum. 


Chromatic Aberration, Achromatism (or the Removal of 
the Primary Spectrum). — Since /i depends upon the colour or 
wave-length of the light used in determining it, it follows that the 
behaviour of an optical instrument, which is generally expressed 
by a formula involving /i, will depend on the nature of the light 
with which it is used. Thus, when a converging lens is used to obtain 
a real image on a screen the image b tinged blue when the screen b 
held in the position B, Fig. 23*12 (a), and red in the position B. 
This b because the blue ra]^ are more deviated than the red. 
This shows that the focal length of a convex lens b less for blue 



Fio. 23’ 12. — Chiomatio Aberration of Lenses. 


rays than it is for red. All the colours in the image thua produced 
are termed a primary spectrum. Similarly, if convergent white 
light falb on a diverging lens such that a real image is produced. 
Fig. 23-12 (6) the red image is nearer to the lens than b the blue, 
i.e. the focal length of a concave lens is also less for blue light than 
for red. Thb suggests that if a convex and a concave lens are 
combined it may be possible to obtain an image free or nearly free 
from colour. Such a combination b said to be achromatic. Thus 
a convex and a concave lens of the same material, and having 
focal lengths which are numerically equal, would show no dbper- 
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sion of white light. But such a oombination would form a slab 
of glass with concentric faces and would therefore not be a lens. 
To obtain an achromatic lens it is necessary to use convex and 
concave lenses of different materials, e.g, crown and flint glass. 

In an ideal optical instrument the final image would be entirely 
free from colour, i.e. all the coloured images formed by rays of 
different wave-lengths would be equal and in the same position. 
Usually opticians are content if two of the coloured images can be 
superposed. The particular colours to be combined will depend on 
the use for which the lens is designed. The colours still remaining 
in the image formed by an achromatic combination corrected for 
two colours constitute a secondary spectrum* 


Achromatic Combination of Two Thin Lenses in Contact. 
— The focal length of a lens for monochromatic light is determined 
by the equation 


1 

/ 


(/*-!) 



where the symbols have their usual meanings, 
red rays 





/ib — 1 
iWo — 1 


Hence for blue and 


• (i«D — 1) 



and 


. /«» — 1 j_ 

fio — i 7 

1 f^r ~ i J_ 
fr — 1 /u 


• L _ 1 = 1"“ ~ i_ 

}b St Mb ^ /d 

Now as a first approximation we may write /j./r = /d®» **^®'*’ 


/i© — A 

where tn is the dispersive power of the material for blue and red rays. 

For two lenses of focal lengths /' and in contact, the focal 
length, /, of the combination is given by 


i = L+L 
/ r^r 


Hence 


JL _ i_ L i_ = ~ ^ 

fb~fb''^fb' M^’-^'h 




- 1 1 


Mb- 1 

where /i' and are the refractive indices of the materials of the two 
lenses, suffixes denoting their values for light of different colours. 
Similarly 

1 ^>-1 1 ^^ 1 _ 


Mb 


1 /b* Mb^ — i /» 
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If the combination is to be corrected for chromatic aberration arising 
from these two colours, = /^, so that 


or 


— 1 I — AV' 1 _ 

M»'- 1 7 »'“ 




0 . 


Since o' and o' are both positive it follows that/j,' and/|^' must 
be opposite in sign. 


Alternative Proof . — The formula expressing the focal length of a 
lens in terms of the refractive index of its material and the radii of 
cm’vaturo of its faces is 




and may be written y = (/i — 1)C, where C is a constant for a given 

lens. The change in the focal length of the lens due to a change dfi 
in the refiactive index of its material is given by 


< 7 ) 


5/1. C. 


Eliminating C from this equation, we have 

1 


< 7 ) 


. I 


- 1 ) 


0) 

r 


When two lenses of focal lengths, and /j* in contact the focal 
length / of the combination is given by 

i = i + i 

f h 




~a*7: 

where (o^ and W 2 are the dispersive powers of the materials of the two 
lenses. If the combination is to bo achromatic the focal length must 

not change with a change in /i, i.e. must be zero. ^ The condition 

for the combination to be achromatic is therefore 


Estample . — Lenses to form a converging achromatic combination of 
focal length 20 cm. are to be made from crown and flint glasses having 
dispersive powers 0*23 and 0*37 respectively. Calculate the focal 
lengths of the two lenses required. 
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If /| and ft are the focal lengths of the two lenses, we have 

20 

while the oondition for achromatism is 

0-23 0-37 „ 

X TT “ 

Hence s=r — and, by substitution in the first equation 

12*2 

/* = + 12*2 cm. Hence /i = — — — 7*6 cm. 

We therefore require a crown glass lens of focal length — 7*6 om. 
(converging)» and afiint glass lens of focal length 12*2 cm. (diverging). 


Example , — If the refractive indices for sodium light for crown and 
flint glasses are 1*6 and 1*6 respectively and the two faces in contact 
have radii of curvature 16 cm., calculate the radii of curvature of the 
other faces of the lenses, using the data of the previous exeunple. 

If the combination is arranged so that the converging lens is nearer 
to the object, then, with the usual notation, 

- - A), or r. - - 61 om. 

Similarly for the diverging lens, 



where r | is the radius of curvature of that surface of the concave lens 
not in contact with the converging lens. 

/. r, » ~ 14»2 om. 

Achromatic Prisms. — When white light passes through a prism 
the light is both dispersed and deviated. By combining prisms of 
different glasses and therefore different dis- 
persive powers it is possible to construct a 
compound prism producing deviation with- 
out much dispersion. Such a combination is 
said to be achromatic. This is accom- 
plished by adjusting their refracting angles 
so that the dispersion due to the first is 
approximately counteracted by the second, 
i.e. the emergent ray is almost free from 
colour. The reason for the small colour 
effect remaining when two prisms have been 
designed so that the combination is corrected 
for the G and F rays, say, is that the 
spectra produced by different prisms are not 
geometrically similar, and thus the other rays are dispersed slightly. 
In actual practice it is better not to combine the extreme red and 
the extreme violet rays since these are relatively faint, but the 
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orange-yellow and blue-green, for it is such rays which exhibit the 
greatest difference in colour and which are also the strongest colours 
in the spectrum of white light. 

If ABC and LMN, Fig. 23-13, are prisms of crown and flint glass 
respectively, with small refracting angles a' and a", fi* e^nd the 
refractive indices, yi' and y" the deviations of any ray, and if 
suffixes refer to colours, the angular dispersion of the first prism is 

Wh - V/ = W - Oa', 

while that of the second is 

If the combination is to be achromatio for red and blue rays then 

- Wf == Vd" - 

i.e. = 

This equation enables us to calculate the angle of the second 
prism when the first is known. 

Alternative method.~lt has already been shown that the 
deviation of a ray passing through this prism (cf. its refracting 
angle a is small, is given by 

y ^ l)a. 

Suppose this applies to the sodium ray. Then Atp^ the angle 
between the blue and red rays, is given by 

Ay) = (/Ib — (say). 

Now lot there be two thin prisms, angles ai and ag, and with 
their refracting edges pointing in opposite directions. The prisms 
are not necessarily in contact. Then if Ay) is the angle between 
the red and blue rays after passing through the combination, 

Aip = [Af]i - [Af]^ = — [Ajj]^, 

where the suffixes denote the prism for which the quantity in 
brackets is to be evaluated. If the system is to be achromatic 

[Aii\a.i - [Aii\^ = 0 . 

This is the condition previously found. But the deviation of the 
sodium ray is given by 

W = "" l)ai — (^s *“ 1)^2 

= ^]l£l _ [Afi]^ 

tOi O), 

where tOi and cOg are the dispersive powers. If the system is 
achromatic = \A^\aL^^ 

so that 
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with a similar expression for Thus it becomes possible to 
calculate the angles of the prisms so that the system shall be 
achromatic and the deviation of the mean ray have a given 
value y). 

Example . — A combination of prisms of small angle is to be achro- 
matized with reference to the (or C) and Hy (or F) lines of the 
hydrogen spectrum. The glasses used have the following refraccive 
indices. 

Hi(A - 6563) D(A - 6893) Hy(A = 4340) 

1-6136 1-5160 1-6262 

1-6416 1*6469 1-6724 


If the deviation of the mean ray is to bo 2°> find the angles of the 
prisms. 


VVe have 

< 1)2 

ai 

and ct 2 


0*0126 

=^ 0-0244; cur ^ -=40*98 

0*0309 

>6409 - 20*92 

2 _ J 

0''*0126 X 20 ” 0*126 

2 1_ 

' 0*0309 X 20 "" 0*309 


7 * 94 '^ 

3 • 24 ^ 


[N.B . — ^Tlio equations giving and give angles in degrees or 
radians according as yf ia given in degrees or radiems.] 

Amici’s Prism. — ^This is a double prism, introduced by Amici 
in 1860, of the form shown in Kg. 23*14. ADC is a flint glass 
prism with a right angle at D, and it will be assumed that its 
refracting angle ag is known. ABC is a crown glass prism cemented 
to ADO along AC by 
means of a thin layer 
of Canada balsam. It 
is assumed that the 
indices of refraction /Ui 
and /j ,2 are known for 
the materials of the 
prisms ABC and ADC, 
respectively, for some 
standard ray — say for 
sodium light. The 
problem is to calculate 
the angle ai in order that a ray PQ, incident on AB in a direction 
paraUel to AD, shall emerge parallel to itself, i.e. along a normal 
to the face CD. Thus the deviation for this ray is zero. 

Let PQRST bo the path of such a ray, the angles of incidence 
and refraction at the different interfaces being as indicated. Then 

sin 0/ = sin flg' (i) 

sin fli" = fi 2 sin 0^", (ii) 


A D 




468 


OPTICS 


and O 2 * = a 2 , on account of the geometry of the system. Also 

0/ - 0,' = 0,- e”, (iii) 

since the deviations at the interfaces AB and AO must be equal 
(and opposite) if ST is to be parallel to PQ. This last equation 
gives 

0i' = 0/' + 0,'^a2 . . . 

= ai - aa (iv) 

Thus it only remains to calculate in order to determine a^. 
Equation (1) gives 

sin (ai — a 2 ) = jUj sin (ai — 0i")- 

/. sin ai cos aj — cos ai sin = ^i[sin cos 0^" — cos oli sin 0i"3. 
/. sin axLCOS aj — cos 6”] = cos a|[sin a 2 — fix sin 0i"]. 

• tiLn* _ Ih ai" - sin <H 

• • lan. oCf — f\ tt * 

fix cos 01 — cos a 2 

Eliminate 0i", using fix sin 0i" = ^2 sin ol^ so that 
cos fli" = + sin 

tan ai = 


(/ig — 1) sinag 


+ V fi^ — fi 2 ^ sin^ a 2 — cos 
Numerical Example . — Take a, ~ 45®, fix 1*517 and /I 2 “ 1*650. 
There is no need to use the last equation obtained above to find 
— ^we may proceed directly and more simply as follows. We have 

1*517 sin Oi" = 1*660 sin 46° 

/. Ox" = 60° 17' 

1*617 sin 60° 17' - sin 45® 460 

• • ~ i-517 008 60° 17' - 008 45° “ 263 

tti = 60° 20'. 

and $ 1 , the angle of incidence on AB is 15® 20'. 


The Angular Dispersion for an Amici Prism. — The angle 
of the two component prisms in an Amici prism are so chosen that 
a certain ray — generally the sodium ray — travelling in a specified 
direction shall suffer no resultant deviation after traversing the 
prism. When a beam of white light parallel to the above specified 
direction, viz. parallel to the base AD of the second prism, falls 
on the prism and passes through it, the yellow rays will emerge 
parallel to AD, but the other rays will be deviated — the white 
light will have been dispersed. If the emergent beams fall on a 
converging lens each system of rays will be brought to a focus 
and a spectrum produced. Thus a spectrum in which the deviation 
of one particular ray is zero will have been produced. Thus a 
simple form of direct-vision spectroscope will have been obtained. 
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The Direct-Vision Spectroscope in Practice. — ^The single 
form of this instrument, outlined above, suffers from the defect 
that the dispersion is small. If, however, two identical Amici 
prisms are obtained and arranged with the flint prisms adjacent 
a direct vision spectroscope with greater dispersion is obtained. 
Such an arrangement of prisms is shown in Fig. 23* 15 (a). In 
practice only one flint prism is used in order to avoid the expense 
of making two separate prisms and cementing them together. It 
is at once apparent that the mean or standard ray will be im- 
deviated, but although the dispersion is increased it is not doubled 
as one might expect at first. It may be augmented by increasing 
the number of prisms, care being taken to arrange them in such 
a way that the system begins and ends with a prism of crown 



(Collimator) (5) (Telescope) 


Fio. 23- 15.— A Direct-Vision Spectroscope. 


glass. The paths of red, yellow, and blue rays are shown in the 
diagram and it will be noted that the rays cross one another in 
the second crown glass prism. This fact can only bo verified in 
a given instance by numerical calculation. 

The main optical features of a direct-vision spectroscope are 
shown in Fig. 23*15 (6). The three prisms are mounted in a brass 
tube and held in position with the aid of pieces of cork. S is a 
narrow slit parallel to the refracting edges of the component prisms ; 
it lies in the first focal plane of the achromatic converging lens L^. 
Thus a parallel beam of white light falls on the system. The 
emerging systems of parallel beams fall on another achromatic 
converging lens Lj and are brought to a focus in its second focal 
plane to form a spectrum VB. This is examined with a lens Lg 
which acts as a simple magnifying-glass. Thus the spectrum may 
be observed. The collimator and telescope must be focused in the 
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usual way before the instrument can be used. The instrument is 
a oonvenient one for examining flame spectra, but its resolving 
power is small, i.e. lines very close together cannot be seen separated. 

Colour due to Absorption. — ^Absorption plays a very import- 
ant part in determining the colour of natural bodies. We have 
already seen that when white light passes through a body the 
emergent light is coloured. This is duo to the fact that in its 
passage through the body some of the constituents of the white 
light have been absorbed, so that the colour of a body as observed 
by transmitted light is really a composite effect due to all those 
colours not absorbed by the body. 

The colour of an object seen by reflected light is determined 
by the nature of the light scattered from it and received by the 
eye. It is believed that the molecules are the entities responsible 
for this scattered light. Now it is not only the molecules at the 
surface which take part in this scattering action but also some 
which are inside the body. If absorption occurs within the body 
the light scattered by these will be robbed of some of its constituents 
so that the tint of the body is again a resultant effect. It is interest- 
ing to note that many substances which are coloured when they 
exist in large pieces appear white after they have been crushed to 
a very fine powder. This is because oven when the substance has 
been reduced to powder form the crystalline character of the 
substance is still retained so that millions of tiny facets are present 
which reflect the light and do not permit an appreciable amount 
of light to penetrate into the interior. Thus crushed ice appears 
white, although ice in bulk is transparent owing to its exceedingly 
small reflecting power. Similarly red and blue glasses, crystals of 
copper sulphate, etc., all tend to become white when powdered. 
Again, beer and other beverages have a definite colour when seen 
in bulk and yet the froth on them is white. This is because the 
thin liquid film forming each bubble of the froth reflects most of 
the incident light and so it appears white. If such a froth is 
examined in a red or a yellow light it assumes the colour of the light 
by which it is examined. 

The examination of the colours of bodies when they are illuminated 
by monochromatic light is very instructive. Thus a piece of white 
paper appears red when placed in a red light, green in a green 
light, etc. This is because the paper reflects light of all colours. 
On the other hand, a red flower only appears red when viewed in 
white or in red light. If such a flower is examined by blue light 
it appears black since it can only reflect red light. 

When a sodium flame, a source of monochromatic light (yellow), 
is viewed through an ammoniacal solution of cuprous chloride 
placed between ^e eye of an observer and the sodium flame this 
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latter oannot bo seen, for the yellow light of the flame is strongly 
absorbed by the blue solution, although white objects having a 
blue tint may be discerned. We might therefore expect that when 
yellow and blue pigments are mixed the coloiu: of the mixture 
would be black : actually it is green. This is because the colours 
of the pigments are not pure but only appear to have a definite 
colour correspond^g to that which they most copiously reflect. 
Thus the blue pigment absorbs red, orange, and the yellow rays, 
whilst the yellow absorbs the blue and violet. The only colour 
not absorbed by either pigment is green, so that this is the colour 
of the mixture when examined in white light. 

The Mercury Vapour Lamp. — Another convenient source of 
monochromatic light for use in experiments similar to the above 
is the mercury vapour lamp. A simple form due to Waran is 
shown in Fig. 23*16. The apparatus is made of p 3 n'ex glass and 
has two tungsten electrodes scaled in at E and F. These are 
surrounded by crucibles containing mercury so that they may 
be connected through an adjustable resistance [about 80 ohms] to 
a 110- volt D.C. supply. The portions A, B, and part of C are filled 
with mercury and the lamp connected at H to a water pump. 
When the pressure in the apparatus 
is sufficiently low the mercury in B 
begins to descend and finally breaks 
at K. The energy of the spark 
produced at K when the current is 
thus broken volatilizes some of the 
mercury and the vapour formed 
carries the current, the lamp emit- 
ting a strong green light. The light 
is not monochromatic for, in addition 
to the green, it contains yellow, blue 
and violet rays. These may be re- 
moved by passing the light through 
an aqueous solution of malachite 
green containing potassium bichro- 
mate. The amounts of these sub- 
stances must be adjusted by trial. 

[For details concerning A, cf. p. 98.] 

The lamp remains in action almost 
indefinitely, especially if E is the 
cathode : this is because positive mercury ions leave the anode 
and, having lost their charge, collect above E. If E is the anode 
the mercury in the limb E disappears and the lamp may cease 
to work. 

In addition to the above-mentioned visible rays, the lamp is 



Fio. 23*16. — Mercury Vapour 
Lamp. 
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also a source of ultra-violet rays. Those rays are freely trans- 
mitted if the walls of the vessel are of silica. Such lamps must 
not be observed directly on account of the painful sensation at 
the back of the eyes experienced some time after the retina has 
had ultra-violet light incident upon it. Smoked glas^ should be 
worn, for safety, with all experimental mercury lamps — ^the glass 
alone is sufficient to absorb the harmful rays, but the glass is made 
dark to reduce the intensity of the visible rays. 

Modern industrial forms of mercury vapour lamps are shown in 
Fig. 23*17 (a) and (6). In each the cathode is a pool of mercury, 
C, and the anode an iron ring, A. When the tube is straight and 
in a horizontal position, the mercury connects A and C. When 
the tube is connected to d.c. mains through an adjustable resist- 
ance, R, a current flows through the meioury when the switch 
is closed. On raising the end A of the tube, the mercury is broken 

at a point in the tube. The 
small arc formed at the point 
of rupture volatilizes some of 
the mercury and a discharge 
is maintained in the tube. 

In type (6), the imtial dis- 
charge is obtained by applying 
a high potential difference to 
the tube; this is then auto- 




D,C.mains 

Fio. 23*17. — Mercury Vapour Lampi 
Modern Industrial Forms. 


matically cut out and the d.c. 
supply connected before the 
discharge has ceased. The 
lamp continues to work. 

These lamps may also be 
designed to work from a.c. 
mains — electrical devices are 
used to maintain the arc 
during a certain portion of 
each cycle when the p.d. is 
zero or insufficient to operate 
the tube. 

If the light from a mercury 
vapour lamp falls on a person 
having a ruddy countenance a 
very ghastly effect is produced, 
for the red portions appear 


black while the white portions appear green. 


Radiations beyond the Visible Region of the Spectrum. — 
According to the wave theory of light all light sensations are a 
manifestation of different vibrations in the other. Each different 
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vibration is characterized by a definite wave-length and by methods 
we shall describe later it is known that the red waves are longer 
than the violet ones, and that the intermediate colours in the 
spectrum are associated with wave-lengths intermediate between 
those of red and blue. We have already seen [cf. p. 327] that 
beyond the red end of the spectrum there are radiations 
characterized by their heating effects. These are the so-t;alled 
infra-red rays. A simple method for showing that tho hoatihg 
effect of tho radiations from an electric lamp is not confined entirely 
to its visible rays Ls as follows. The radiation is allowed to fall on 
a thermopile comiected to a sensitive galvanometer : the deflexion 
is noted. When a piece of sheet glass is placed between the source 
and thermopile tho deflexion is reduced considerably. Now the 
amount of visible light passing through the glass scarcely differs 
from that which is incident upon it : the glass must absorb 
therefore some radiations v/hich were responsible for heating 
tho surface of tho thermopile, i.e. the source does emit infra-red 
rays. 

In 1800, Sir W. Hrrsciiel established the existence of rays in 
the solar spectrunl which are definitely ‘ less refrangible than any 
of those that affect tho sight.’ They could heat, but not illuminate 
bodies, and tliis explained why they had previously escaped notice. 
In these experiments he used the blackened bulb of a thermometer 
to detect the heat rays : absorption of these rays caused the tem- 
perature of tho bulb to rise. Finally he investigated tho heating 
effect in the different parts of the visible spectrum and found that 
it was a minimum at tho violet end, the intensity gradually increas- 
ing towards tho red and reaching a maximum in tho region beyond 
the red. 

Leslie challenged the accuracy of Herschel’s experiments and 
denied completely the existence of these invisible heat rays. He 
said that if Herschcl’s results wore correct, then, as a consequence, 
the heat focus of a burning lens would be different from its light 
focus, which, Leslie maintained, was contrary to experience. We 
now know that Leslie was wrong. 

In 1802 Tounq said, ‘ at present it seems highly probable that 
light differs from heat only in the frequency of its undulations or 
vibrations ; those which come within certain limits, with respect 
to firequency, being capable of affectfing the optic nerve, con- 
stitute light ; and those which are lower, and probably stronger, 
constitute heat ordy.’ Later he described Herschel’s discovery of 
the less refrangible heat rays as one of the greatest since the time 
cf Newton. 

BIibabd confirmed, in general, the work of Hersohel, but his 
experiments showed the maximum heating effect to be in the 


s 
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region of the eictreme red raye, whereas Hersohel’s maximum was 
in the infra red region. 

Sesbeck showed that the position of the maximum was affected 
by the nature of the material of the prism. Some of his results 
are shown in the following table: — 


Fodtion of Maximum. 

Yellow 

Orange 

Red 

On the limit of the red . i 

Beyond the red .... 


Kind of Priam. 

Water 

Clear solution of sal ammoniac or 
of corrosive sublimate sulphuric 
acid (concentrated). 

Crown glass 

Prism containing lead and coloured 
yellow 
; Flint glass 


These experiments explained why the earlier workers had ob- 
tained conflicting results. 

In 1840 Sir J. Hebsghel announced his discovery of a method 
whereby the heat rays of the solar spectrum could bo made to 
leave a visible trace. The solar spectrum was projected on an 
extremely thin piece of paper» blackened evenly with soot on the 
back Bur&oe and moistened with alcohol on the front or exposed 
surface. Unequal heating produced unequal evaporation and 
where the paper dried it became light in colour. Evaporation 
only occurred over certain regions — at others, the paper was stiU 
moist ; hence this portion of the spectrum was not continuous 
but contained absorption bands. With better apparatus these 
bands have been shown to consist of many lines, i.e. Fraunhofer 
lines have been shown to exist in the infra-red region of the solar 
spectrum. 

Since 1882 this region has been very carefully explored and the 
wave-lengths of the lines in it measured. It is important to noto 
that glass is not transparent to the heat rays of longer wave- 
length so that prisms of rock salt have to be used. Even these 
absorb the still longer rays so that diffraction gratings [cf. p. 556] 
ruled on speculum metal have to be employed. Modern work has 
shown that a study of absorption bands in the extreme infra-red 
region is most important, for it gives us a clue to the structure of 
the molecule of the absorbing material. 

A typical apparatus for exploring the infra-red regioil is shown 
in Fig. 23-18. Light from a source,, 0, is focused on a slit, Si, 
by means of a concave mirror. Mi. Si is in the focal plane of a 
concave mirror, Ma, so that the light is reflected from this mirror 
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as a parallel beam, which falls on a prism, ABC, made of rock 
salt — or a grating may be used if rook salt absorbs heat rays. 
The refracted beams fall on a concave mirror, M„ in the focal plane 
of which lies the blackened surface of a thermopile, T, connected 
to a sensitive galvanometer, G. When the mirror M 3 is rotated 
about a vertical axis, various " linos * in the spectrum fall on 
T and the galvanometer is deflected. The greater the deflexion, 
the greater the intensity of the line. 

[In work of this kind, the thermal capacity of the thermopile 
must bo small so that the rise in temperature of the junctions 
shall be large ; moreover, the actual junctions must lie on a 
straight line so that only one line in the spectrum shall fall on 
them at a time— cf. p. 324.] 



Fio. 23' 18, — Appai'atus for Exploring the Infra-red Region of 'tho Spectrum. 


Beyond the violet end of the spectrum there are the ultro'-violet 
rays which may be detected by allowing the spectrum of the light 
from an arc lamp to fall on a barium platino^cyanide screen, which 
then glows with a green light where the ultra-violet rays strike 
it. Since glass absorbs the shorter ultra-violet rays the effect is 
increased by using a quartz prism. These rays have wave-lengths 
decreasing in magnitude as the rays become further removed from 
the visible spectrum. Most frequently these rays are detected 
photographically, for they possess the property of darkening a 
photographic plate when one is exposed to the rays and then 
developed. Ultra-violet rays may also be detected by the photo- 
electric effect they produce [of. p. 477]. 

The existence of ultra-violet light in the spectrum of the light 
from an arc lamp, for example, may be demonstrated very strik- 
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’ ingly as follows. Suppose that RV, Fig. 23*19, is the visible spec- 
trum produced in the usual way. Let Z be a screen having a slit 
at W. Let AiBiCi be another prism placed as shown, and P a 
barium platino-cyanide screen. A patch of light appears on P 


A 



Fia. 2309. — Detection of Ultra«Violet Light beyond the Violet end of the 

Visible Spectrum. 

when all the component parts of the apparatus have been properly 
adjusted. This shows the existence of radiations beyond V and 
that they are refracted further when incident upon another prism. 
If quai'tz prisms and lenses are used the existence of radiations 
still further out from V may be shown. 

A Comparison of the Spectra of a Red-hot Iron Ball and of 
an Iron Arc. — ^The spectrum df the heated ball may be obtained 
by placing it in the position 0, Fig. 23*4, p. 450. It will be 
found that the red end of the spectrum is the most intense. To 
detect any radiations in the infra-red* region, the spectrum is 
allowed to fall on the surface of a thermopile connected to a sensitive 
galvanometer. It is advisable to place a slit immediately in front 
of the thermopile so that only a narrow region of the spectrum is 
investigated at once. As different parts of the spectrum are 
examined in turn it wUl be noticed that the deflexion of the galvano- 
meter first becomes appreciable in the yellow region, increases to 
a maximum as one passes through the red to the infra-red region, 
and then decreases. On replacing the thermopile by a barium 
platino-cyanide screen no ultra-violet rays wUl be detected. 

If the above experiment is repeated using an iron arc (i.e. iron 
instead of carbon electrodes) the yeUow and green regions are most 
intense when examined visually. A thermopUe shows that thelnten- 
sity of the infra-red rays has increased and that the maximum heat- 
ing effect is nearer to the blue end of the spectrum. At the other 
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end a fluorescent screen shows that the spectrum is very rich in 
ultra-violet light — ^in fact, it is advisable never to look directly at 
this arc, for the action of these rays is most harmful, and although 
no immediate effect is noticed, a person who has been affected in 
this way often experiences a terrible pain at the back of the eyes 
about 2 a.m., i.e. when the vitality of the body is lowest. Although 
ultra-violet rays alwa 3 rs produce this effect, many now believe that 
it is due in part to the infra-red rays as well. 

An important difference between the two spectra now under 
discussion is that the spectrum formed by thp light from the red- 
hot ball is continuous, whereas the light from the iron arc gives 
rise to a spectrum consisting of many bright linos on a faint con- 
tinuous background. 

Experiment . — Project an arc-light spectrum in a darkened room on 
a sheet of photographic printing-out paper [P.O.P.]. After a short 
time the paper becomes darkened, but not uniformly. The maximum 
blackening occurs in the extreme violet or ultra violet, while the rod 
and yellow rays produce practically no effect. Hence if the light is 
passed through a piece of red glass before it reaches the P.O.P., no 
darkening occurs. '‘Thus photographic plates and papers may be 
manipulated with safety in a rt^ light, unless the plates happen to 
be panchromatic ones [cf . p. 533], when complete darlmeas is necessary. 

T 3 mdair 8 Experiment. — Since infra-red rays are refracted 
when they pass from one medium to another [except at normal 
incidence], they should be capable of being focus^ by a lens. Sun- 
light was passed through a solution of iodine in carbon bisulphide, 
which is opaque to visible radiations but transmits infra-red rays 
freely. The emergent light was focused by means of a rock-salt 
Ions on a piece of blackened platinum foil. This soon became 
red hot. 

The Photoelectric Effect. — Hallwaohs discovered that when 
a clean piece of zinc was insulated and charged negatively, it 
lost its charge when illuminated with ultra-violet light, but that 
the charge was retained if it were positive. It is now assumed that 
the particles of negative electricity — the electrons — are released by 
the ultra-violet light and that these are repelled from the negatively 
charged zinc. 

Phosphorescence and Fluorescence. — ^Whenever radiation 
falls on a body and the sum of the transmitted and reflected energy 
is not equal to the energy in the incident radiation, it follows that 
the difference must have been converted into some other form of 
energy ; generally the body is heated. Sometimes, however, the 
rise in temperature is small and yet the body emits visible radiation 
differing in wave-length from that of the incident light. This 
peculiar emission may cease immediately the exciting* agent is 
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removed — the body is said to fluoresce and the phenomenon is 
spoken of as that of fluorescence. If the emission continues for 
some time, however, we have the phenomenon of phosphorescence. 
Probably there is no sharp line of demarcation between these two 
phenomena. 

Calcium sulphide [Balmain’s luminous paint] and native zinc 
sulphide, after exposure to sunlight or the light from an arc lamp, 
are found to glow with a bluish or greenish light respectively when 
removed to a darkened room, i.e. they phosphoresce. If, however, 
the paint is gently wi^ed over a bunsen flame the rate of emission 
of the phosphorescent light is greatly increased for a short tune 
and then ceases. When the paint is subjected to sunlight once 
more, phosphorescent light is again emitted. Similarly calcite 
[native CaCO,] phosphoresces with a strong red light when exposed 
to an intense beam of cathode rays. 

As an example of fluorescence we may cite that of an aqueous 
solution of quinine sulphate, which Bbswstbr found to emit a 
vivid blue light in all directions when exposed to sunlight. Or 
again, if, in a darkened room, a beam of light is passed through 
water containing a few drops of an alcoholic solution of fuschine, 
a green fluorescent light indicates the path of the beam. 

Stokes’ Law. — ^Let us suppose that the phosphorescence of 

some Balmain's paint has been destroyed by a gentle application 

of heat and that the paint is then spread in a darkened room on 
a strip of paper. To excite the paint again, let the spectrum of 
an arc lamp be cast upon it for several minutes. On removing the 
arc lamp it will be found that the maximum phosphorescence occurs 
where the paint has received the violet and ultra-violet rays, and 
that the red rays have produced no effect. This experiment proves 
that it is the most refrangible rays, i.e^ the rays of short wave- 
lengths which are responsible for the excitation of phosphorescence. 
In addition, the colour of the emitted light is bluish green, whereas 
the exciting rays are violet and ultra-violet. This is merely a 
particular instance of a general law discovered by Stokes. It 
states that the wave-length of the fluorescent or phosphorescent 
radiation is always greater than that of the exciting light. This 
change in colour may be demonstrated as follows : — ^The rays from 
an arc lamp are concentrated on a piece of canaiy glass [one which 
contains uranium oxide] and the orange-yellow and green rays 
intercepted by a piece of dense cobalt glass. The canary glass 
shines with a vivid green light although the exciting rays are 
blue and violet. 

The above experiment becomes more striking if the blue glass 
is replaced by a piece of ‘ Ultra-Violet * glass [manufactured by 
Messrs. Chance, of Birmingham]. This is a special glass absorb- 
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ing practically the whole of the visible rays but being very trans- 
parent to ultra-violet radiations. These excite the canary glass to 
fluorescence. 

Similarly, if egg-shells cooled to a temperature below — 100^ C. 
by means of a mixture of solid carbon dioxide and ether, or by liquid 
air, are placed in a beam of ultra-violet light, they fluoresce. 

When a few drops of an alcoholic solution of eosin are added to 
water placed in the path of the light from an arc lamp the fluorescent 
light indicates the path of the beam. As more of the solution is 
added the fluorescence becomes most vivid on the side where the 
rays enter the solution. This is because the exciting radiation 
[the violet rays] is gradually absorbed within a short distance 
and none remains to produce further fluorescence. A spectroscopic 
examination of the transmitted light shows that the violet light 
originally present in the light from the arc is missing. 

In all instances the fluorescent light is less refrangible than the 
exciting light. In recent years apparent exceptions to this )rule 
have been reported, but they have been proved to bo not genuine. 

Methods of Detecting Fluorescence and Phosphorescence;-** 
(a) Stokes* method for detecting fluorescence. When the 
fluorescence is feeble it may be masked by the effect of the 
exciting boam. To avoid this, Stokes made use of the facts 
stated in the law which bears his name. The substance under 


Mainly 
Green' ueUow 
rays\ 


Yellow 

glass 



White 

light 


Dense blue 
glass 


Mainly blue' violet 
rays 

Tio. 23*20. — Stokes* Method lor Deteotmg Fluoiesoenoe. 


examination was placed at C, 1?ig. 23’20, in a box wboae intetioi • 
had been blackened. A and B ate two apertures in the box. B 
was covered with two sheets of glass, one green and the other dark 
blue so that if a source of white light was placed just outside B all 
the orange-yellow and red r^ were intercepted. On the other 
hand, A was covered with a piece of yellow glass which completely 
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absorbed any blue- violet rays. Hence, on looking through A, the 
■field of view would be dark and would remain thus when a sub- 
stance which did not fluoresce was introduced into the box at C. 
If, however, fluorescence was excited, the body at C emitted green 
light and since this was transmitted by the yellow screen, the 
object was rendered visible. 

(6) BecquereVs Phosphoroscope. To overcome the difficulty 
that the light from a fluorescent body vanishes in small 
fraction of a second after the exciting light has been removed, 
Becquerel devised the phosphoroscope shown diagrammaiically 
in Fig. 23-21 (a). It is only suitable for use with transparent 



Fio. 23-21. — (a) Bocquorels* Pho8phoroscoi>o (for TraiLsparoni Substances). 
(6) Lenard's Cylindiical Fhosphorosoopo (for Solids and Powders). 


sutetances. The substance to be tested, if it be a liquid, is placed 
in a tube at A and viewed by an observer at E, the exciting radiation 
entering the chamber through an aperture at B. M and N are two 
circular metal discs capable of rotating rapidly round a common 
axis XX. Each disc is pierced by an equal number of regularly 
spaced peripheral holes, which are so disposed that a hole in M 
passes A completely before the corresponding hole in N comes 
directly between A and E. Thus A is illuminated by an inter- 
mittent beam of Ught and since when it is viewed at E it is receiving 
no light from the source it will only be seen if it phosphoresces. 
Since the angular distance between a hole in M and a corresponding 
one in N and the number of revolutions per second of the discs 
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are known, the duration of the phosphorescent light is determinable. 
Becquerel discovered substances which phosphoresced for a few 
thousandths of a second, and that the light from fluorescent liquids 
remained for such a short period after the exciting agent had been 
removed that he could not measure the duration, however quickly 
the discs revolved. 

(c) Lenard's Cylindrical Phosphoroscope . — This instrument 
was invented in 1888 especially for the examination of the time of 
duration of the phosphorescent light from solids. A, Fig. 23-21 (6), 
is a brass cylinder capable of rotation about a horizontal axis — 
the pulley P enables this to be done. G is a glass or quartz con- 
tainer inside A : it contains the solid and is held in position by 
means of light springs not shown. The whole is supported inside 
a metal tube C provided with side tubes T^ and Tg. The exciting 
radiation enters through Tj and any phosphorescent effect is 
observed by an observer at E. The cylinder A has an elliptical 
aperture B, so that the substance is illuminated when B is oi)posite 
Tj : when B is opposite Tg any phosphorescent effect can be 
observed. Its duration is one-half the p(^riod of rotation of 
the cylinder. This apparatus is suitable for use at different 
temperatures. 

Rainbows,— These are produced when sunlight falls on rain or 
the spray from a waterfall, although to be seen the observer must 
stand with his back to the sun. As a rule, two rainbows may be 



seen : they are known as the primary and secondary rainbow 
respectively. The primary is the brighter, and is produced by rays 
of light which have suffered one internal reflexion in the raindrops. 
The secondary lainbow is formed by rays which have undergone 



OPTICS 


two internal reflexions. To account for the formation of the primary 
bow let us calculate the deviation, when a ray SA, Fig. 23*22, is 
incident on a sphere the material of which has a refractive index 

and this ray finally emerges along GF after one internal refiexion 
at B. If 0 is the centre of the sphere 

^ — 2ADO = — 2[jr — (i — r) — (ji — r)] = + 2% — 4r. 

Fig. 23*22 has been constructed on the assumption that the light 
is monochromatic. If it is not, dispersion will take place when 
the ray enters the drop so that coloured rays emerge. 

Fig. 23*23 shows the relation between the angle of incidence and 
the angle of deviation for red rays. It shows that for an angle 
of incidence of about 60^ the deviation is a minimum and it 

is only when the rays 
traverse the drop in such 
a way that the deviation 
is a minimum that they 
are sutficientl}^ concen- 
trated in one direction to 
be seen. 

Fig. 23*24 shows an 
observer OP with his 
back to the sun facing the 
raindrops Aj, A|, etc. If 
through 0 a cone having 
a semi-vertical angle of 
43^ and its axis OX parallel to the sun’s rays is considered, all the red 
rays emerging from drops lying on the surface of this cone will 
travel towards O along the generators of this cone. Since all 
such rays will have suffered minimum deviation they will easily be 
seen. Now the refractive index of water for violet light is greater 
than that for red, so that the angle of minimum deviation is greater 
for violet rays than for red. Hence the semi- vertical angle of the 
corresponding cone will be less than for the red rays. The primary 
bow therefore consists of a prismatic arc coloured red on its outside. 

A sunilar argument shows that the secondary bow is coloured 
violet on its outer margin. 



EXAMPLES XXni 

1. — ^Explain how a narrow slit, a prism, and two convex lenses, may 
be arranged to produce a pure spectrum. Show also, how it is possible 
to arrange two or more prisms to produce (a) dispersion without 
deviation of the mean ray, (5) deviation without dispersion. 
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2. — ^Describe the optical system of a spectrometer and state how you 
would use it to find the refractive index of water. Prove the more 
important formulsd you would use. 

3. — Define chromatic dispersion and explain how it is possible to 
obtain achromatic prisms and lenses. 

4. — Write an essay on colour. 

5. — ^Describe experiments to show that the spectrum of an iron aro 
extends beyond the limits of the visible region. Discuss how the 
resjolts would bo modified if a red-hot iron ball were used as a source 
of radiation. 

6. — Two glasses have dispersive powers in the ratio 3 : 2. These 
glasses are to bo used in the manufacture of an achromatic objective 
of focal length 20 cm. What are the focal lengths of the lenses ? 

7. — An achromatic telescope objective of 100 cm. focal length is to 
be formed with two lenses made of the glasses specified below. Find 
the focal length of each of these lenses^ stating whether it is divergent 
or convergent. 

p red. p blue. 

Glass A 1-6166 1-6245 

Glass r; 1-641 1-659 

(N.H.S.C. ’29.) 

8. — Establish tlio necessary and sufficient condition that two thin 
lenses in contact may form an achromatic combination. 

A converging achromatic Ions of 60 cm. focal length is to bo con- 
stnictccl from the following glasses : — 

Type of glass Pv - Pc 

Crown 1-520 0-0087 

Flint 1-616 0-0166 

If the converging lens of the combination is to have surfaces of 
equal cm-vaturo and to bo cemented to the other component lens, 
find the radii of curvature of the faces of the lenses. 

9. - -A converging acliromatic lens of focal length 100 cm. is to be 
constructed from tho following glasses : — 

Type of glass piy /tp - /Iq 

C^rown ..... 1-516 00081 

Heavy flint .... 1-647 0-0192 

(а) Tf tho diverging Ions has one face piano, calculate values for tho 

riidii of curvature of tho other faces of tho lenses. 

(б) If tho converging lens of tho combination is to hfive surfaces of 
equal curvature and to be comented to tho other component lens, find 
tho radii of curvature of tho faces of tho lenses. 



CHAPTER XXIV 

PHYSIOLOGICAL OPTICS 

The General Structure of the Human Eye. — ^Vision is the sense 
by which we are enabled to form a mental picture of external 
objects. It is now believed that light consists of waves, which are 
the stimulus whereby the retina is excited. The sensations produced 
upon the retina enable persons and animals to judge colour, estimate 
distances and, in general, to form some idea of the external world. 

In Fig. 24*1 there is reproduced a section of the human eye. Con- 
sidered in a very general manner the eye consists of an almost 



Fio. 24*1. — Horizontal Section through the Human (Right) Eye. 

spherical chamber which is provided with an aperture through which 
the light vibrations pass. The whole is known as the eyeball and 
is contained in a cavity of the skull called the orbit. In front of 
the eyeball are the lids and lacrimal apparatus. The transparent 
anterior part, C, of the eyeball is called the cornea^ whereas the 
posterior portion, which is opaque and envelops about five-sixths 
of the eyeball, is called the sclerotic, N. The cornea, C, is really 
a protuberance on the eye, so that its radius of curvature is less 
than that of any other part of the eye chamber. Immediately in 
front of the sclerotic, or outer covering of the eye, is the choroid, K ; 

484 
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this tissue has a liberal supply of black pigment cells on its internal 
surface, and these cells absorb any superfluous light which may 
enter the eye. The interior surface of the posterior portion of the 
eye is the retina or arachnoid, R [so named on account of its 
structural resemblance to a spider’s web]. 

Near to the point where the sclerotic merges into the cornea is 
situated the contractile membranous diaphragm called the 
iris, I. This is generally coloiured, a fact which is used by credulous 
people in their efforts to gain an insight into the future. 

The aperture in the iris is called the pupil, and this is not situated 
at the geometrical centre of the iris, but is slightly displaced towards 
the nasal side of the eye. 

Immediately behind the iris is the crystalline lens, L, which is 
supported from the walls of the eye by means of an annular dia- 
phragm, called the suspensory ligament, S. It is formed of a 
non-contracting tissue. In close proximity to this ligament is 
the ciliary muscle, M, which is, of course, shaped like a ring ; 
its action is governed by the ciliary nerves. Physiologists have 
been able to show by experiment that this muscle actually pulls 
at the point where the sclerotic is attached to the cornea. 

The portion of the eyeball between the lens and retina is filled 
with a transparent gelatinous substance, known as the vitreous 
humour, V. It consists very largely of water, containing traces of 
proteids, organio and inorganic salts. The hyaloid membrane H 
encloses the vitreous humour. In front of the lens is the aqueous 
humour. A, a watery liquid containing a minute trace of sodium 
chloride. 

At the back of the eye, with its centre at the point where the 
line of sight intersects the retina, is the yellow spot or macula 
lutea, F. The depression at the centre of this spot is termed the 
Jovea centralis, and it is here that the acuity of vision is greatest. 

The Cornea. — ^The protuberance on the eyeball which is exposed 
to view when the eyelids are opened is the cornea, and it was 
originally believed to be spherical. It is now known that its shape 
is much more complicated ; it is more flattened above than below, 
and more flattened on the nasal side than on the temporal side. 
Such facts have been ascertained by means of an instrument which 
is called the ophthalmometer. 

The Crystalline Lens. — ^The eye lens is not symmetricarabout • 
a plane which passes through its periphery ; the part which faces 
the retina has a smaller radius of curvature than the anterior 
portion. In addition the lens is not homogeneous ; it consists of 
many layers which become more dense, i.e. the refractive index 
increases, as they approach the inner regions of the lens. Such an 
arrangement as this tends to improve the sharpness of the image. 
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The Retina. — This transparent membrane, which is excited by 
the light stimulus, forms five-sixths of the posterior imier surface 
of the eye. The part of the retina which is in contact with the 
vitreous humour consists of a thin layer of connective tissue ; the 
more remote side of the retina is also composed of a layer, of this 
tissue and the two layers are joined together by more tissue. The 
optic nerve, 0, which conveys the messages excited by the light 
impacts upon the retina to the brain, passes through the retina at 
a point situated on the nasal side of the eye. £Vom this point 
the nerve spreads itself out along the retina, and some nerves fill 
the intervening spaces in the central portion of the retina. These 
features are characteristic of the complete retina with the exception 
of the part which is pierced by the optic nerve — ^this is called the 
blind-spot, about which more must be said subsequently. The inner 

layer of the retina is rich in nerves 
and, at certain points, these ema- 
nate from large cells called the 
ganglionic corpuscles [cf. Fig. 
24*2]. Attached to the transverse 
bundles of connective tissue, which 
cross the retina, comes the re- 
markable layer of rods and cones 
—the bacillary layer or JacoVs 
membrane. This membrane, in 
which the rods are more numerous 
than the cones, is followed by a 
layer of pigment, beyond which 
the limiting layer of the choroid 
is encountered. 

The rods have a twofold struc- 
ture — ^the inner and outer limbs 
respectively. The inner limb is 
easily stained by reagents such as 
carmine ; the outer limb is formed 
of a highly refracting medium 
which is not readily stained. It 
has a pinkish colour and is very 
sensitive to light nuliation ; its 
volume increases under the influ- 
ence of light but it resumes its 
origmal volume when the source of radiation is removed. The 
pink colouring matter is known as the visual purple or 
erythropsin because the pigment is soluble in certain reagents 
producing a purple solution, which is readily bleached in daylight. 

The cones, also, have a double formation ; the inner limb 



A. Figment oelli. B. Cones. C. Bods. D, 
F. Fclt*work of dondrous. E. Axon of 
one of the cells which lie between the rods 
and cones and 0. the ganglion cells. H. 
Axons passing from ganglion cells to optio 
nerve. (After StOhr.) 
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resembles the inner limb of a rod, but the outer limb is conical in 
shape, and contains no visual purple. 

The Visual Purple. — ^The visual purple, or erythropsin, is 
destroyed by acids, alcohol, chloroform or caustic soda. It has 
already been stated that the visual purple is bleached by light, 
but this action *can be retarded by the addition of a 4 per cent, 
solution of alum. Using this fact KOhns succeeded in obtaining 
a photographic image upon the retina of a rabbit’s eye. The pupil 
of the eye having been enlarged by dosing the animal with atropine, 
it was placed in front of a window for a few minutes and then 
destroyed. The retina was then obtained and washed in the above 
alum solution. A clear image of the window was visible even after 
the lapse of several days. 

When the visual purple was discovered [and it is found in the rods 
of the eyes of many animals] it was thought that it was the ultimate 
means of detecting light. It is now known, however, that snakes 
and some birds only have cones, so that the ultimate organ of sight 
is still a mystery. 

The Blind Spot* — Owing to the fact that the retina has been 
pierced by the optic nerve at one spot it is not surprising to find that 
this region is insensitive to a light stimulus. It is known as the 
blind spot and, like the yellow spot [cf. p. 485], is about 0*25 cm. 


Fio. 24-3. 

in diameter. Close the loft eye, gaze intently at the small cross 
in Fig. 24-3 and, commencing with the book about 40 cm. away, 
gradually move it towards the eye. Suddenly the small black disc 
cannot be seen — its image falls on the blind spot, so that its exist- 
ence is not discerned. The positions of the spot and cross must 
be reversed if the right eye is closed. 

The Formation of Retinal Images.— If an object AB, Fig. 24-4, 
is placed at a distance in 
front of the eye, a real in- 
verted image A'B' is formed 
upon the retina. 

Experiment, — To prove 
that images on the retina 
are inverted , — A pin-hole is 
made in a piece of postcard 
cuid held 3 cm. in front of the 
eye and towards a white back- 
ground. Since the first focal 
point of the eye is 3 cm. in front of it, the rays entering the eye are 
parallel. If an object is placed between the hole and the eye an erect 



Fia. 24*4. — ^Formation of an Image by 
the Eye. 
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shadow is thrown on the retina. But when a pin, with its head upper- 
most, is held in this position, it apx>ear8 to inverted. Also, when 
it is moved across the held — it appears to move in the reverse direction. 
It is therefore clear that in interpreting our sensationB an inverted 
image on the retina is regarded as if it were upright. 

The Excitation of the Retina. — ^The interpretation of a light 
stimulus by the retina de];)ends to a very large extent upon the 
intensity of the light as well as upon its duration. A lightning 
flash is easily seen although its duration is smaU ; on the other hand, 
the dark green lamp which is used in the development of pan- 
chromatic plates cannot be seen on first entering the dark room, 
yet it and the objects in its immediate neighbourhood become very 
distinct after a few minutes, and the light appears so intense that 

one wonders that the plates are 
not fogged. 

An experiment, which follows, 
also proves that the sensation is 
not immediately interpreted by the 
brain, and that the interpretation 
persists after the removal of the 
exciting stimulus. Helmholtz’s 
wheel, Fig. 24*5, is made to rotate 
about its centre. When the wheel 
is rotating very slowly, the black 
and white sectors are distinct; 

Fio. 24.5.-Helmholt«'. Wheel. increases, the 

transverse edges tend to become 

blurred. This phenomenon proves that the intei'pretation of the 
sensation is delayed. A still more rapid rotation of the disc and the 
interpretation has not sufficient time to wane to zero before it is 
stimulated again — the disc becomes grey all over but the colour is 
not uniformly grey. When the wheel rotates yet more rapidly the 
light stimuli follow so swiftly that the disc appears uniformly grey. 

Accommodation. — ^The great difference between the eye, as an 
optical system, and a bi- 
convex lens lies in the 
fact that in the eye the 
distance between the lens 
and retina [the seat of 
the image] is invariable — 
in an optical system such 
as that found in a pre- 
cision camera this is not 
so. An eye which, when 
at rest, i.e. without strain, can clearly discern a remote object, is 





Fiq. 24*6. — Section through Anterior Part 
of a Human Eye. 
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termed emmetropic ; if it cannot see the distant object clearly 
the eye is said to be ametropic. In order that a person who 
has emmetropic eyes may see near objects clearly, he must be able 
to produce a distinct image of them on the retina. This entails 
a diminution in the focal length of the lens and this is brought 
about by an increase in the curvature of the anterior surface of 
the lens ; the posterior surface does not assist in producing the 
effect required [cf. Fig. 24*6]. The ciliary muscle is the motive 
power which causes this change in curvature to take place and 
the action of the ciliary muscle is to draw forward the choroid 
so that the tension in the suspensory ligament is diminished. 
At the same time, as Ls readily observed by viewing an eye, the 
iris contracts so tliat the pupil becomes smaller. This increase in 
the refractive power of the crystalline lens is referred to as 
accommodation Very early writers on this subject believed 
that an eye was able to accommodate the images of near and of 
distant objects by shifting the retina. 

The degree of accommodation varies with the age of the individual ; 
it becomes less with advancing years and is attributed to a gradual 
hardening of the eye lens. For all persona there exists a point in 
front of which it is not possible for an object to bo seen clearly — this 
is called the near-point or punctum proximum ; the position 
beyond wliich a distant object cannot be seen is termed the far- 
point or punctum remotum. In Fig. 24-7 those are denoted by Pp 
and Pr, respectively. For normal eyes the far-point is at infinity, 
while the near-point is about 20 cm. away (for infants it is sometimes 
as low as 7 cm.). 

Experiment, — To locate the near -point . — A lens of about 10 om. 
focal length is held very near to the eyo and a small object is moved 
until its image is clearest (as in the correct use of a magnifying glass, 
p. 501). From the known relative positiona of the lens and object, 
and the known focal length, the position of the image is calculated. 
This is the distance of the noar-point from the eye : it is known as the 
least distance of distinct vision. 

Some Defects of Vision. — An eye which is capable of producing 
a clear imago of a distant object, i.c. one wliich brings parallel 
incident light to an exact focus on the retina, and which possesses 
the average power of accommodation for the particular age of the 
person concerned, is said to be emmetropic [cf. Fig. 24*7 (a)]. 
When such an eye views an object close at hand, we have seen 
that the ciliary muscle causes the suspensory ligament somewhat 
to relax so that the anterior surface of the crystalline lens becomes 
more curved. For normal persons at an early age the images of 
objects from 7 cm. to infinity may be focused sharply on the retina, 
but the range of accommodation progressively becomes less with 
advancing years. This defect of vision is term presbyopia and is 
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caused by a gradual hardening of the lens.' It becomes a source 
of inconvenience when the near-point has receded beyond a com- 



An ametropic eye— axial length less than normal r hypormctropla or long-sight, 


(i) A, short-sighted or myopic eye cannot see clearly objects beyond the far-point. 

U) Correction of (d) with the aid of a diverging Ions. 

(j) A long-sifted or hypermetroplo eye has a virtual far-point and when such an eye is at rest 

rays must be directed towards this point for a sharp retinal image to be formed. 
iff} Oorr^ion of (/) with the aid of a converging lens. 

N.B. — ^The diagrams assume that reft'actlon ocours enthely at the anterior surface of the cornea : 
the principal refraction occurs hero, but there Is also some refraction by the lens. 

fortable reading distance. This defect is most troublesome in a 
weak or artificial light, for the aperture must be extended, with 
consequent loss in defi^tion, in order to let in sufficient light in 
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such instances. Low-power converging lenses are prescribed to 
remedy this defect of vision : they behave as a simple magnifying- 
lens [cf. p. 600] and form a virtual image of the object at a dis- 
tance from the lens greater than the object distance itscll*, i.e. the 
object may be closer actually to the eye than its own near-point. 

An eye whose far-point is not at infinity is said to be ametropic. 
The two most important forms of ametropic eyes are those in 
which the axial length, i.e. the distance from the cornea to the 
retina, is either excessive or defective. The state of the eye in 
which the axis is increased beyond its normal length is referred to 
by the terms myopia or hypometropia \ the condition in which 
the axis is less than its normal value is called hypermetropia. 

In myopia (or short-sight) the image of a distant object is 
formed at a distance in front of the retina ; in hypermetropia 
(or long- sight) the focus for jmrallel light is beyond the retina. 



Fiq. IjQiiwtrate the Beduction in Area of the Circle of Diffusion 

whan the Aperture of a Lens is lieduoed. 

In both these defeots the image on the retina is diffuse — every 
point in the object has a corresponding circle of illumination 
OH the retina — this is called the circle of diffusion, its form- 
•atioa being shpwTi in Fig. 24*7 (6) and (c). These defects can be 
oorreeted by a suitable choice of spectacles ; the defect is easily 
•detected in persons whoso eyes are ametropic even if glasses are 
not worn, for it is noticed that such persons tend to make the 
pupil of the eye contract, i.e, the aperture of the lens is reduced. 
When the aperture is so diminished the diffusion circles become 
less, i.e. the image is more distinct. These conditions are illus- 
trated in Fig. 24*8. 

.Another very common defect is that of astigmatism* An eye 
&9 ««id to be astigmatic when it has different refractive powers 
in difSerent planes ; these differences can very frequently be attri- 
buted (bo anomalies in the curvature of the cornea. These 
irregularities cause an image produced by the rays in one plane 
to ,be brpugibt to a fouus. sooner than those which are in another 
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plane, e.g. it may be possible to see clearly the vertical lines in 
a diagram when the horizontal ones are blurr^ or even not visible. 
This particular defect is corrected by the use of cylindrical lenses. 

A very simple test for astigmatism is to 
view the diagram shown in Fig. 24*9. 
An astigmatic eye which is focused so 
that the vertical lines are clear, fails to 
see the horizontal lines distinctly. 

Vision through a Lens. — (a) 
Myopia or short-sight . — ^The image 
of a distant object is, in the case of a 
short-sighted person, brought to a focus 
in front of the retina. In order to pro- 
duce a clear image on the retina the 
focal length of the crystalline lens must 
be increased. The ciliary muscles having failed to do this a 
supplementary lens must be placed in front of the eye. This 
lens must be diverging because, as indicated in Fig. 24*7 (d) and 
(s), the far-point of a myopic eye is at a finite distance in front 
of the eye, and this point must coincide with the second principal 
focus of the diverging lens if parallel rays are to be focused on 
the retina. 

Esample . — A person finds that his maidmum distance of distinct 
vision is 160 cm. What spectacles will he require in order to view 
a distant scene T 

The lens required is such that when it is used close to the eye the 
image of a distant scene must be 150 cm. in front of the Ions. Tho 
second focal point of the lens is therefore 160 cm. in front of the lens, 
i.e. the lens is a diverging one, its focal length being numerically 150 cm. 
[cf. Fig. 24*7 (d) and (e)]. 

(5) Hypermetropia or long-sight . — Hypermetropia is the more 
common defect of vision, most ‘ normal ’ eyes being slightly hyper- 
metropic. When rays from a distant object enter the eyes of a 
person suffering from this defect, they are refracted so that they 
tend to form a clear image behind the retina. Moreover, since 
slightly converging rays entering a hypermetropic eye must possess 
the correct amount of convergency in order for them to be focused 
on the retina, it follows that the far-point for a hypermetropic eye 
must be behind the retina, i.e. it is virtual. Hence, if parallel ra 3 rs 
are to be focused on the retina of a hypermetropic eye, they must 
be given the required amount of convergency before entering the 
eye : this is effected by means of a converging lens, generally a 
meniscus one, for this increases the field of view. 

Example . — ^The far-point for a certain hypermetropic eye without 
accommodation is 30 cm. behind the cornea. What is tho focal length 
of the lens, held close to the eye, which will render on object 60 om. 


Fiq. 24-9. — Simple Test 
for Astigmatism. 
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Some Optical Illusions. — ^The sketches which comprise Fig. 
24'11 are examples of some familiar illusions. The straight lines in 
the first diagram are parallel, although they do not appear so ; the 
fact that they are continuous and parallel can be verified by viewing 
them sidewards from a low point of vision. The square of. the next 
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Fio. 24*11. — Some Optical IlliiBioiie. 


figure haa been drawn accurately, yet this is apparently not so. 
The white square upon the black ground looks larger than the black 
square upon a white ground, although the two are equal. The 
reason for this is that the image of a point is a small circle, so that 
the edges of the white regions invade the black ones. This is the 

so-called irradiation, a phenomenon 
to which all the above illusions can 
be attributed. 

Retinal Fatigue. — Suppose that 
a disc is painted as shown in 
Fig. 24*12. The shaded portions 
are red, the rest are black and 
white. What will happen when such 
a disc is rotated in a plane about 
its centre 7 One would imagine that 
there would be an inner and outer 
portion which would appear pink, 
the region in between being grey — a 
mixture of white and black. Such is only partly the case : the 
pink is there, but where one would have expected the grey there 



Fio. 2412. 
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is a faint bluish-green colour. The reason for this is that the eye 
becomes fatigued to the pink colour. All the white light from 
the central region does not stimulate the retina. The retina is 
tired of red light and only records the other colours — viz. the 
complementary bluish-green colour. 

The Young-Helmholtz Theory of Colour Vision. — ^A buet 
first showed experimentally that any colour may be matched visu- 
ally by adding together various amounts of the three primary 
colours. Let it be assumed that one half of a field of view is 
illuminated by a light stimulus, Q, having any desired energy 
distribution. This field may be matched in the other half by 
mixing the light from the three primaries in amounts R, G, and 
V respectively, i.e. 

Q =R + G + V. 

If one of these quantities is negative, that primary must be 
added to that part of the field which is illuminated by the un- 
known stimulus. 

The Young-Helmholtz theory of vision assumes that the eye 
contains three independent nerve sets, each being a selective 
detector of light energy. When more than one set of detectors is 
excited, a mixed sensation is produced, its character depending on 
the degree to which the individual sets have been stimulated. 
According to this theory it is assumed that each set of detectors, 
the red for example, transmits only the sensation of red to the 
brain, independently of the manner in which it is excited, i.e. 
light of a colour which is not red affects the red detectors to some 
extent, and the impression on the brain is that of red light. 

Although this theory is a useful one in helping us to understand 
the mechanism of a light sensation, there are some serious objec- 
tions to it. One of these is that there is no anatomical evidence 
for the existence of three sets of nerves in the retina. 

Hypochromatic Vision or Colour-Blindness. — ^The Young- 
Helmholtz theory of colour vision accounts for the colour sensations 
of colour-blind persons. These are people in whom one of the sets 
of selective detectors is not operative, e.g. the red sensation may 
bo missing. As a rule such people confuse red and green objects. 
The employment of such a person as a driver of a railway train 
would result, sooner or later, in an accident. Occasionally, two 
sets are inoperative : when this occurs the sensation produced is 
very much like the black and white rendering of a coloured object 
in a photographic print. These people match every colour with 
some shade of grey, for the only sensation they perceive is that 
which normal eyes interpret as white. Hence, to them, colours 
only differ from each other and from white in the degree of brightness. 
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Colour-blindness was formerly termed Daltonism, sinoe Dalton 
suffered from this malady. He was unaware of this defeot in his 
vision until 1702 when he noticed that a pink geranium was pink 
by candle-light, but sky-blue by day. He examined the spectrum 
of white light and found that the image termed red by others 
was little more than a “ shadow or a defeot of light.” Orange- 
yellow and green seemed one colour, while there was a pronounced 
difference between blue and green. Dalton said that a florid com- 
plexion looked blaokish-blue on^ a white ground — ^persons 'with 
normal vision may obtain an idea of this effect by observing people 
in the light from a mercury vapour lamp. Dalton also maintained 
that a laurel leaf was a good match to a stick of sealing-wax. The 
following story about Dalton is at least amusing. He, being a 
Quaker, objected to wearing any material which was scarlet in 
colour. However, he wore a doctor’s robe (scarlet) for several 
days without realizing the astonishment it caused to others. 

The Use of Ultra-Violet Light in Therapeutics. — ^The 
spectrum which is visible to the eye is only a small portion of the 
complete spectrum of asthereal waves. The region beyond the 
violet end of the spectrum is the ultra-violet region and the wave- 
lengths here are shorter than in the visible spectrum. The natural 
source of ultra-violet radiation is the sun, but the amount of ultra- 
violet light which reaches any particular place depends, amongst 
other things, upon the altitude of the sun and the amount of atmo- 
spheric pollution. The greater the altitude the less the distance in air 
traversed by the sun’s rays so that the rays are less absorbed. The 
intensity of ultra-violet light is a maximum about 1 p.m. on a clear 
day. In the immediate neighbourhood of a large industrial city the 
amount of such radiation present in the rays which finally reach the 
earth’s surface is practically zero. Recent research has shown that 
ultra-violet radiation is essential for the well-being of the com- 
munity so that, in places where sufficient ultra-violet radiation is 
not to be obtained from the sun,' artificial sources must be used. 
Chief among such sources of this so-called artificial sunlight are the 
mercury vapour lamp and the tungsten arc. The mercury vapour 
lamp [cf. p. 471] consists of a siUca vessel containing mercury and 
its vapour only. When a suitable potential is applied to the tube, 
a brilliant green light is seen and much ultra-violet light is emitted. 
In the tungsten arc lamp an electrfo arc is formed between tungsten 
poles and is a very powerful source of such radiation ; in fact the 
patient must wear dark glasses in order to protect the eyes. If the 
eyes are not so protected, permanent 'blindness may follow. 

In using these sources of ultra-violet rays in the home persons 
must be careful to guard against an over-dose. One of the worst 
of all the * light ’ diseases which may be produced is Xeroderma 
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^%qmtnU>9um ; coloured spots begin to appear on the skin, and, in 
early adolescence, may prove fatal. In fact, ultra-violet lamps 
should not be used too liberally, and it is better to obtain medical 
advice. 

Under suitable restrictions ultra-violet rays have proved them- 
selves to be very beneficial. When an organic compound called 
ergosterol is exposed to ultra-violet radiation, vitamin D is pro- 
duced. The ergosterol loses its crystalline form and becomes 
resinous. This vitamin is essential if rickets are to be cured, and 
it has been shown recently that the decay of teeth (cartes) is 
largely due to a deficiency of this vitamin in early childhood. 
Recent work has also shown that the stamina and milk of cows 
are improved when they are subjected to this so-called artificial 
sunlight or ultra-violet radiation. It has also been found that 
fowl lay better and that the eggs produce more healthy chickens 
after such treatment. 


EXAMPLES XXIV 

1. — A magnifying gloss is held 3*6 in. in front of a newspaper and the 
print appears to be 3 times as large. What is the focal length of the 
lens T 

2. — A person can see distinctly at a distance of 4 ft. What lens must 
be used in order for him to see a person 20 ft. away clearly ? 

3. — A man cannot see distinctly unless the object is 40 in. away. 
He holds a book 15 in. from his eyes when reading. What sort of lens 
must be used ? What is the power of this lens 7 

4. — A man can see distinctly at a distance of 27*6 in. Wliat leusos 
are necessary so that ho may read a book 16*2 in. away T 

5. — Explain tlio Jsc of a converging Ions as a magnifying glass. How 
is its magnifying power defined T A magnifying glass of 5 cm. focal 
length is used by a person whose least distance of distinct vision is 
25 cm. Calculate the best position of the object, and the magnifying 
power of the Ions, when the person holds it close to his eye. 

0. — ^Describe the optical system of the eye, and explain how three 
common forms of defoctive vision may 1^ remodied by means of 
speotaoleB. 



CHAPTER XXV 


THE ELEMENTARY THEORY OF SIMPLE 
OPTICAL INSTRUMENTS 

The Visual Angle and Visual Acuity. — The apparent size of 
an object viewed by an unaided eye depends solely uj)on the size 
of the retinal image, and this is determined by the angle which 
the object subtends at the eye. It must be remembered that the 
eye-lens cannot be treated as a single thin lens, so that for the 
purpose of constructing the size of the image formed on the retina 
it is usual to regard the point H, Fig. 25 * 1 , as the ‘ centre of tlio 



lens The i)oint H is located where the posterior surface of the 
eye-lens cuts the axis of the eye-ball. 

Fig. 25-1 shows how to determine the actual size of an object 
OjAi, of height yj, when viewed by an unaided eye. It is only 
necessary to join by straight lines the points and A^ to H and 
produce them to cut the retina in I and B respectively to give 
the retinal image IB of height y. Now the angle which the 
object OjAi (and also the image IB) subtend at H, is called the 
visual angle, and since the distance HK, where K is the point 
at which the cornea is cut the axis of the eye, is small compared 
with the least distance of distinct vision for an unaided normal eye, 
the visual angle may be taken as the angle which an object subtends 
at a point on the exterior suiface of the cornea. If D is the least 
distance of distinct vision, i.e. the distance of the near-point&oin 
the eye, then the greatest useful value of the visual angle for an 

object of height yi is If the object is brought nearer to the 
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eye than is the near-point the angle subtended by the object, i.e. 
the visual angle, is increased, but the image becomes indistinct. 

The diagram shows that the retinal images of an object 02Ag, 
of height yg, and an object of height pi and arranged as in 
Fig. 25-1, are identical in size since the visual angles are equal. 

In connexion with retinal images it must be noted that two 
points in an object (or two point objects) cannot be distinguished 
if the images are too close together. The reason for this is that 
the stmctural arrangement of the cells in the retina resembles a 
mosaic pattern, each cell or ‘ tile in the pattern ’ having a finite 
size, so that separate images are not discerned unless each falls 
on a different cell. When the images are formed on the most 
sensitive part of the retina (i.e. the fovea centralis) it is not possible 
for the images of two point objects to be separated unless their 
angular separation exceeds one minute. This limiting angle is 
known as the visual acuity of the eye. 

Magnifying Power or Angular Magnification. — The visual 
angle, or apparent size of an object, increases as the object Is brought 
nearer to the eye. but it cannot be brought nearer than about 
25 cm., the least distance of distinct vision for an unaided normal 
eye, without appreciable loss of definition. At the least distance 
of distinct vision the object is seen most clearly by an unaided 
eye, but it must be remembered that, even so, any details in the 
object whose angular separation is less than about one minute will 
not be seen. Similarly, when we view two close stars, i.e. two 
stars whoso angular separation tends to zero, the eye will not dis- 
tinguish them as separato entities if the visual angle for the pair 
of stars is less than one minute. In such cases the eye is said to 
fail to resolve the objects. To overcome these limitations and so 
extend the range of clear vision optical instruments have been 
designed. In these instruments lenses are arranged so that when 
an object is viewed through them a virtual image subtending an 
angle greater than the visual angle of the object (or the details 
in it) is obtained : the eye observes this image instead of the direct 
object. 

Before proceeding further it is necessary to explain what is meant 
by the magnifying power, or angular magnification, M, of an 
optical instrument. It is defined by the equation 

_ Angle subtended by ima ge seen through the instrument 
Angle subtend^ by object seen by the naked eye, 

under suitable conditions. 

Now the angle subtended at the eye by the imago depends 
somewhat, but not to any large extent, on the adjustment of the 
particular instrument in use, but the angle subtended by the object 
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depends altogether on its position so that this must be specified 
carefully. For microscopes the distance of the eye from the object 
when calculating the visual angle for the latter is taken as the 
nearest distance of distinct vision, usually a conventional 25 cm. 
which, in theoretical work, is denoted by D. With telescopes, the 
object being in situ, the position of the observer is not of much 
consequence. On the other hand, for short-range telescopes the 
object is in situ and the observer can be either in situ, or, as will 
be discovered later, if his eyo is considered to be at the objective 
of the telescope the expression for the magnifjdng power of a short- 
range telescope is considerably simplified [cf. p. 515]. 

The Magnifying Glass, Reading Lens, or Simple Micro- 
scope. — ^Let OA, Fig. 25-2, bo a small object within the first focal 
distance of a converging lens L, whose principal foci are F^ and 
Fa respectively. To locate the imago wo consider a ray AH parallel 
to the i)rincipal axis of the lens ; after refraction, this proceeds 
in the direction HFg. Since the ray AC passing through the centre 
of the lens does so without deviation, it follows that the image of A 
must be B, the point at which F,H and CA meet when produced. 






/ 


The image of OA is therefore IB : it is erect, magnified, and virtual. 
If an eye is placed at E and this image viewed, all the rays incident 
upon the lens do not necessarily enter the pupil of the eye after 
refraction by the lens. To obtain the confines of the rays which 
enter the eye we first join M and N, the extremities of the pupil, to B. 
If these intersect the lens in P and Q, then PM and QN are the rays 
which, having passed through the lens, enter the eye. Since, B is 
the image of A it follows that AP and AQ must be the rays which, 
travel from A to the eye. Similarly, by joining M and N to I the 
confines of the rays proceeding from 0 to the eye are obtained. 
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The Magnifying Power or Angular Magnification of a 
Simple Microscope. — In dealing wth the principle of a simple 
microscope only the manner in which the imago is formed hiis 
been discussed. It is now necessary to consider the position of 
the image. Usually, when observing the image of a near object 




with respect to the lens, this is adjusted almost self-consciously 
by the observer so that the image is produced at his least distance 
of distinct vision. To use a simple microscope correctly one should 
therefore proceed as follows. The eye is placed as close as possible 
to the lens, the object is held near to the lens and then the relative 
distance of lens and object increased until tlie image is distinct. 
The reason for this procedure is that when it is adopted the field 
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of view is a maximum and, as the sequel shows, the magnifying 
power is then as great as possible. 

When, however, a single converging lens (or its counterpart in 
an actual instrument) is used as an eye-piece of a telescope, especially 
if this forms part of a spectrometer, l^en both eyes of the observer 
should remain open, one to view a distance object unaided and 
the other to look through the lens at the cross- wires. These should 
be made to lie in the first focal plane of the lens so that the image 
seen through it is formed at infinity. One advantage of this pro- 
cedure is that long-sighted persons can use the instrument when 
it has been adjusted by a person with normal vision. 

Of course the image seen through a simple microscope can be 
located in any position between the near point and infinity, but 
it will bo found that the magnifying power of a simple microscope 
does not vary very much between the extreme values it may assume. 
Consequently only the values of these two extremes will be 
calculated. 

(a) The image seen through a simple microscope is formed at the 
nearest distance of distinct vision. To simplify the discussion it will 
be assumed, at first, that the observer’s eye is close to the lens. 
Then let OA, Fig. 26*3 (a), be a small object viewed through a thin 
converging lens of focal length / = — F (say), the image being 
IB and it is supposed to be formed at the least distance of distinct 
vision, i.e. Cl = D. [Details of how to locate the image IB arc 
not repeated here.] Let and be the heights of the object OA 
and its image IB respectively, and let w = U be the distance of 
the object from the lens. Then if an eye is set at E, close to the 
lens L, the angular magnification or magnifying power, denoted in 
this instance by is given by 

_ Angle subtended at E by the image 

t?=D — subtended by object when at a distance D from 

the observer 

Iv^ 

~\yi 

ID 

since the BC and ACO are similar. Thus in this instrument, 
as used under the conditions postulated, the angular magnification 
is identical with the longitudinal magnification [cf. p. 430]. 

Since F is the numerical value of the focal length of the lens 
11 1 D - , D 

D U~ 

• • — 1 "f" 
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(6) The ivMige seen throvgh a simple microscope is formed at infinity. 
— ^When this occurs the object, OA, must lie in the first focal plane 
of the lens. Fig. 26*3 (b) shows how to determine the paths of 
the rays which come from the point A in the object and emerge 
after refraction through the lens so that an eye at E sees an image 
of OA at infinity. In this instance let M^oo denote the magnifying 
power of the instrument. Then, by definition, 

subtended at E by the image 
Angie subtended by object when situated at a distance D 

from the observer 


M, 




Vi 

F 


Vx 

i) 


since both image and object subtend ACFi at E when E is close 
to the lens. 


Thus for a converging lens of focal length 5 cm., i.e. / = - - 6 cm. 
or F = 5 cm., = 2 : 1 + = 6, and = 6, so that the 

difierence between the limits for the magnifying power is less than 
twenty per cent, of the greatest value With lenses of shorter 

focal length, i.e. higher magnifying power, the percentage difference 
is less. 

In connexion with this problem of image formation through a 
simple microscope when the imago is at infinity, it is instructive 
to show how the size of the retinal image may bo found. Thus 
in Fig. 26*3 (c), lot PQ and OR be two of the rays in the pencil 
of light which had its origin at A but which did not become a 
parallel beam until after refraction through the lens had occurred. 
Let H [cf. p. 498] be the * eflfective centre * of the eye E. Then 
if through H a 'straight line HB is drawn parallel to PQ (or to 
CR), then all light from A will bo brought to a focus at B ; IB is 
the retinal image required and APQB and ACRB are the paths 
of two rays from A to B. 

More about the Magnifying Power of a Simple Microscope. 
— ^Hitherto it has been assumed that the observer’s eye has been 
very close to the lens when the latter is used as a simple micro- 
scope. Now, in practice, this condition cannot always be fulfilled, 
and with lenses of short focal length the actual distance of the 
eye from the lens may bo comparable with the focal length of the 
lens itself. Let us therefore see how the angular magnification 
depends upon the distance of the eye from the lens. 
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In this connexion lot us suppose that an eye E is situated on 
the principal axis of a simple micro8coi)e, Fig. 26-4, and let the 
numerical value of the distance of the eye from the lens be A. 
Let IB be the imago seen through the lens of an object OA and 
let this image bo produced at the least distance of distinct vision 
from E. Then the image is at a distance (D — A) from the centre 



of the lens. Let be the angular magnification under 

these circumstances. We have 


- , __ Angular size of image 

•«(D-A) — Qf object when at the near-point of the 


_ |y*l ^ |yil _ 1^21 

" \D\ |D1 \y\ 

D-A 


observer 

[N.B. |D| = D]. 


U 


[By similar AGO and BCI]. 


But 


_1_ 

D - A 


1 

ij 


1 

F’ 


80 that 


M|)>-.(d-a) = (D — A) 


(F + D- A) 
• F(ir- A) 


A 

F ■ ' 


When A— >-0 this expression reduces to the value already 
obtained for M,.]). When the imago is formed at a distance, 
whose numerical value is V, from the lens, we hare 


Mv_v = 


1^21 ^ kl 

V + A ' i) 

V D 
U‘V + A' 


I^L P 

k'V + A 
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SOS 


11 1 US' 

But y u E* ^ “ E — U theroforo 


TLf ^ 

M|,=v == — i 


D 


F~ U" UF 


F~U 


+ A 


ED 

U(E - A) + AF* 


As a check it should be noted that when U = F so that V — >■ oo, 
the expression just obtained for the angular magnification becomes 

equal to p, which is the value previously obtained fur The 

present discussion reveals the fact that when v — >• oo the angular 
magnification is independent of the position of the eye of the 
observer with respect to the lens. 

On the Achromatic Nature of the Image seen through a 
Simple Microscope. — On account of the cliromatic aberration 
which has been shown to exist when a real image is produced by 
a thin converging lens it is natural to expect that chromatic effects 
would spoil the definition of the image seen through a simple 
microscope. ExpeT:imcntally it is found that the centre of the 
field of view is remarkably free from chromatic defects : it is only 
in the peripheral region of the field that the chromatic defects are 
troublesome. Referring to Fig. 25 - 2 , it is seen that the angle 

which the image subtends at the centre of the lens is always AGO, 
so that the apparent size of any one coloured imago is independent 
of colour : the differently coloured images arc apparently super- 
imposed so long as we restrict ourselves to the region of paraxial 
rays, and it must be remembered that nearly all our discussions 
have been limited to the region of such rays. The coloured effects 
which appear in the outer regions of the field of view are duo to 
differences in the spherical aberration for light of different wave- 
lengths. 

If cross-wires illuminated by white liglit are observed through 
a simple microscope, the central portion of the image is remarkably 
free from colour, but if the same lens is used to produce a real 
image olf the wires on a screen, chromatic defects are much in 
evidence. 

In connexion with the achromatism of a simple microscope it 
must be noted that since all the coloured images have the same 
apparent size, achromatism is obtained for all colours : when an 
achromatic lens combination is used to produce a real image the* 
achromatism is only obtained with respect to two colours. 

Experimental determination of the Magnifying Power of 
a Simple Microscope. — (a) The image is formed at the hast 
distance of distinct vision. 
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(i) First let it be assumed that the observer is close to the lens. 
Then if F is the numerical value of the focal length of the lens 
and D the least distance of distinct vision, it has been shown, 
[cf. p. 602], that 

^ ^ + lyjj- 

Hence to measure the angular magnification due to a converging 
lens it is only necessary to measure the focal length of the lens 
and then determine the distance at which a small object must be 
situated for the image to be formed at the least distance of distinct 
vision : the value of D is calculated from the knoMU value of the 
focal length of the lens and the object distance. 

In practice the above method is objectionable since all observers 
do not obtain the imago in the same position relative to the lens. 
The following metliod is preferable. The lens L, Fig. 25*5 (a), is 

mounted in a vertical stand 
and a cover slip, S, attached 
to it with the aid of soft 
wax so that its plane is 
inclined at about 45° to the 
principal axis of the lens. 
A piece of graph paper, BG, 
is then placed 25 cm. away 
from S as shown. [We 
^ neglect the distances of the 
observer and of the cover 
slip S from the lens.] The 
paper BG should be w^ell 
illuminated and every fifth 
millimetre division inked 
over— one of these inked 

lines, near the centre, 
should be red, the rest 
Fig. 26-5 (a). black. The distance be- 

tween any two such lines 
constitutes a ‘ division.’ An observer at E will then see an image 
Ii of the scale BG — it is formed by reflexion at S and is not magnified. 
Another piece of graph paper, AH, similar to BG but without the 
line in red ink, is then placed behind the lens and its position 
adjusted until the imago of a line upon it coincides with the image 
of the red line formed by reflexion at S. The two images are then 
coplanar, i.e. the image I 2 formed by refraction through the lejis 
is 25 cm. away from it. If N is the number of divisions' in Ij 
which appear to coincide with n divisions in I 2 , the required angular 
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N 

magnifioatioii is The value thus obtained should be compared 

with the calculated value 

(ii) In the second place, let the cover slip be at a distance |a| = A 
from the lens and assume that an eye may be placed close to this 
cover slip. The experimental arrangement is shown in Fig. 25*5 (6) 





D- 2b cm 



■f 

N 

I 

1 


and no further details should be required. The magnifying power 
is again ^ and this should be equal to Mp„ 25 -A = ^ ^ ^ 


(6) The image is formed at infinity * — The converging lens L^, 
which is used as a simple microscope, is adjusted so that an object 
OA, Fig. 25*6, lies in its first focal plane. 



Let the object OA consist of two parallel wires stretched across 
an aperture which is suitably illuminated : let be the distance 
apart of these wires. Then the angle, a, which these wires subtend 


at Cj, the optical centre of the lens, is given by a = where 

■^1 

F| is the numerical value of the focal length of this lens. [A plane 
mirror may be used to set the lens in the correct position with 
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respect to the object— cf. the autocollimsting method, p. 439.] In 
order to measure the angle a experimentally a converging lens, La. 
of known focal length / 2 (= — Fg), is placed coaidally behind 
an image, IB, of the illuminated wires focused on a translucent 
screen situated in the second focal plane of Lg is obtained. Then 
since all rays from A emerge from as a beam of light parallel 
to the direction AC^ the point B in the image on the screen cor- 
responding to the point A in the object is obtained by drawing 
through Cg, the optical centre of Lg, a straight line CgB parallel 
to ACjl to cut the second focal plane of Lg in B. If is the height 
of the imago IB, the angle a is given by 


so that 


_Y, 
“-P, ~ F,* 


[if Y, = |y,|], 




[if Yi = ly^l]. 


D 


_ ^ D 

The value so obtained should be compared with which is the 

magnifying power of the lens under the conditions postulated. 

The Compound Microscope. — ^Tho magnifying poAvcr of a thin 
converging lens has been shown in the preceding pages to have its 

maximum value 1 + ^ when the imago is formed at the least 


distance of distinct vision for an eye placed close to the lens. 
The magnifying power may be increased by decreasing the numerical 
value of the focal length of the lens, but such lenses are difficult 
to grind accurately. Moreover, spherical aberration is increased 
and the images seen through such lenses are badly distorted. 
Hence in order to obtain high magnifying powers resort must be 
had to other devices : an example is found in the compound 
microscope. 

One of the first of such instruments was made by Galileo in 
about 1610 soon after he had invented his telescope. In its simplest 
form a compound microscope consists essentially of two thin con- 
verging lenses arranged coaxially ; the first lens, known as the 
objective or object-glass, is of short focal length and is used to 
produce a real image of the object, while the second lens, or 
eye-piece, is used to produce a virtual image of the image 
produced by the objective.^ 


^ If Galileo actually followed the design of his telescope and used a divorging 
lens for the eye-piece of his microscope, the field of view would be very small. 
By 1624, Drebbel in England, and Metries in Holland, had produced compound 
microscopes in which the eye-piece was a oonveigiug lens, i.e. the field of view 
was considerably enlarged. ^ 
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When a compound microscope is in use the eye is almost invari- 
ably adjusted so that the final image is seen at the least distance 
of distinct vision, but, as with a simple microscope, there is no 
reason why this image should not be formed at infinity or any- 
where in between these two positions. First let us consider the 
case when the image is formed at the least distance of distinct 
vision and the eye is close to the eye-piece. 

Let Lj and Lj, Fig. 25*7 (a), be the objective and eye-piece of 
a compound microscope. First let us locate the position of the 
image of a small object OA placed perpendicularly to the axis of 
the system. In the illustration, the two lenses have been drawn, 
but it must be clearly understood that, in accordance with our 



usual practice in optics, the scale of the drawing in a direction at 
right angles to the system has been considerably enlarged to make 
the diagram more clear. If, therefore, some of the rays which 
are drawn eventually do not pass through the lens, it must be 
remembered that it is the lines through the centres of the lenses 
which are used in these constructions and that tlie shapes of the 
lenses are inserted only to remind us that such lenses are actually 
present. 

The object is placed just beyond the first focus F/ of the objective 
so that a real magnifi^ image I'B' is produced. It can be found 
in the manner indicated. The eye-lens is arranged so that I'B' lies 
nearer to it than does its first focus Fj''. To determine the final 
image we note that a ray B'H parallel to the axis of the system is 
refracted by L 2 so that it passes through F^^ the second focus of the 


510 


OPTICS 


eye-piece. The intersection of F|^H produced and B'G" the ray 
passing through L 2 without deviation, produced backwards gives B 
the image of A. By drawing BI perpendicular to the axis the final 
image is obtained. 

To indicate the paths of the rays by which an eye sees the final 
image let us trace those rays which proceed from A to the eye. If 
additional rays have to be traced they can bo obtained in the same 
way. The point B is joined to the limits of the pupil. Let these 
lines cut the plane of the lens in 8 and B. Joining these two 
points to B' and producing them backwards to cut the plane of the 
objective m P and Q we obtain the required rays in the space 
between the two lenses. If P and Q are then joined to A the paths 
of the rays are obtained completely. 

Secondly, let the final image be formed at infinity. For this to 
happen it is necessary for the intermediate image I'B' to be formed 
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in the first focal plane of the eye-piece. Fig. 25*7 (6) shows how 
to determine the paths of the rays through the instrument. 

The Magnifying Power or Angular Magnification of a 
Compound Microscope. — (a) Let M„„p be the magnifying power 
when the image seen through the instrument is formed at a dis- 
tance D, the least distance of distinct vision, from the eye-piece. 
Then, from Fig. 25*7 (a), we have 

_ _ -^gle subtended at the eye-piece by image 

Angle subtended by object when seen at the nearest 

distance of distinct vision 

D • D “ lOAriy'lyil 

-['+w] & 

where /, is the focal length of the eye-piece, % the distance of OA 
and Vi that of the image I'B' from the objective, and y' = I'B', 
and y, = IB. 
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(6) Let be the angular magnification of a compound 

microscope when the image seen by a normal unaided eye through 
the instrument is formed at infinity. Then, from Fig. 25-7 (6), we 
have 


_»j?i 


L»J i»i 

[where F, = \f^\] 

[from similar B^Fi^Fg' and Fg'CiH] 


where q is the distance of the image I'B' from the second principal 
focus of the objective whose focal length is numerically F^, 

It will be noted that the expression obtained for ia inde- 

pendent of the nearness of the observer to the eye-piece. 

The Ramsden Circle. — Fig. 25*8 shows how to locate graphic- 
ally in the usual way the image IB of a small object OA seen 
through a compoiind microscope. It must be remembered that 
all distances perpendicular to the axis of the system are consider- 
ably magnified so that the positions of the images can be located 
accurately. On the same scale let HK be the aperture of the 



objective. Let MN be the image of the objective produced by 
the eye-piece : MN is located by means of the rays HL, which 
after refraction at L passes through F^^', and HC 2 , which is not 
deviated;by2tho lens Lg. 

Now MN is known as the eyc^ritig or Ratnsdett cifcle and all 
rays from OA which enter the microscope must emerge through 
MN. Hence, if the observer's eye is placed at MN and the pupil 
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is longer than MN, the imago will be seen under the best conditions. 

In Fig. 25*8 there are shown the paths of two rays, AP^B^Q^M 
and AP 2 B'Q 2 M^, through the instrument and by means of which 
an eye at E, close to the eye-ring MN, sees B, the image of A. 
It will be noticed that AP^ just enters the objective and so just 
emerges through the eye-ring. 

On the Magnifying Power of a Compound Microscope 
when the Observer’s Eye is at the Eye-Ring and the Image 
is formed at the Least Distance of Distinct Vision. — ^Referring 
to Fig. 25*8, we have 


M ^ _ l??l ^ IW _ 1^21 

- jy ■ Q - y- 


Ivi 


If L is the distance between the lenses, we have 




i + i=JL 

A ^ L Fj 

Hence, aft«r some reduction. 


and 


D- A 




1^ 

F, 


M... 


^-A — ^ 


(A L)(A - D)' 
AI. 


J VU,-F J 


Experimental Determination of the Magnifying Potver or 
Angular Magnification of a Compound Microscope. — (a) First 

let us assume that the 
observer is very close to 
the eye-piece and that 
the image seen through 
the microscope is at the 
least distance of distinct 
vision. Select two con- 
verging lenses of focal 
lengths 3 cm. and 5 cm. 
to serve as object-glass 
and eye-piece respectively. 
Mount the former, Lj, Fig. 
25*9 (a), about 5 cm. in 
front of a piece of graph 
paper. A, every fifth milli- 
metre division of which 
has been inked over, and 
locate the position of the 
Fio. 26*9 (aj.-AngifiM Magnification j produced by 

of a Compound Microscope. - j.. xi! -r i. 

^ refraction through In, by 

placing a piece of wire held in a circular frame so that there is no 
parallax between the image of one of the inked lines on A and the 
wire. Then arrange the second lens L 2 , with a cover slip C as 
indicated, about 4 cm. in front of the wire. The wire may then 




SIMPLE OPTICAL INSTRUMENTS 613 

be removed, and a piece of graph paper B, inked as described 
on p. 606, mounted as shown. The eye-piece L 2 should then be 
adjusted so that there is no parallax between the final image of 
one of the inked lines on A and the image of one of the lines on B, 
this latter image being produced by reflexion at the surface of the 
cover slip. The ratio of the number of divisions, N, in the image 
formed by reflexion at the cover slip, S, which appear to co- 
incide with n divisions in the image produced by the microscope 
is the angular magnification required of the system. 

(6) Now let the observer’s eye be at the Rarasden circle appro- 
priate to the given arrangement of lenses. The position of this 
circle is readily calculated when the lenses have been set in position 
and when the focal length of the eyc-piece is known. A cover 
slip, S, is then placed between the eye-ring MN, Fig. 25*9 (6), and 

^ ^ 

I 

I 

j 

I 



— D-2Scm. 

Pio. 26-9 (6). 


the eye-piece Lg, its plane being at 45® to the axis of the microscope. 
A piece of graph paper, TW, is then placed at a measured distance 
from the axis of the instrument so that its image, formed by reflexion 

N 

at the cover slip, is at a distance D (25 cm.) from MN. The ratio — , 

where the B 3 rmbols have the same significance as in the preceding 
paragraph, is the required magnifying power. The value so obtained 
should be compared with that given by the formula for 
given on p. 612, and the great improvement in the field of view 
and appearance of the image compared with those seen when the 
eye is close to L 2 noted. 

(c) When the fi^ image is formed at infinity the angle subtended . 
by the image must be determined as on p. 507 and the magnifying 
power calculated. 

The Astronomical Telescope. — ^The essential optical features 
of an astronomical telescope are an objective, a converging lens of 
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long focal length, and an eye-piece, a converging lens of short focal 
length, arranged coaxiaUy. The objective produces a real inverted 
image of a distant object, which is then magnified by the eye-piece. 
When the telescope is in normal adjustment the distance between 
the real image produced by the objective and the eye-piece is equal 
to the focal length of the latter. The final image is then at infinity. 
To understand the formation of this final image let us consider 
a parallel beam of light ACDB, Mg. 25d0, falling upon the objective 
whose centre is and whoso second principal focus is F. After 
refraction by the lens, all rays in the incident beam ACDB will 
pass through G, the point in the second focal plane of Lj where 
a secondary axis SC^ jjarallel to AC cuts this plane. The extreme 
rays CG and DG of the refracted cone then fall upon the eye-piece 
and intersect the plane drawn through Cg, the optical centre of the 



Fio. 25*10. — Principle of an Astronomical Telescope in Normal Adjustment. 


lens La, at right angles to the principal axis of the system in R 
and Q. The refracted beam emerging from tlie eye-piece is deter- 
mined by constructing straight lines through Q and R parallel to 
GCg, the secondary axis of the eye-piece passing through G. 

The magnifying power or angular magnification of a 
telescope is defined as the ratio of the angle subtended at the 
eye by the image to the angle subtended by the object. It is 
therefore given by 

GCgF _ GF . GF [since small angles may be 
^ ~ VC^G ~~ ~ measured by their tangents]. 


C^F __ | focal length of objective| _ 
FCa jfocal length of eye-piecej f'' 




When near terrestrial objects are viewed through a telescope the 
latter is not in normal adjustment and the final image may be 
produced at any position convenient to the observer. Suppose that 
Mg. 25*11 (a) represents the positions of the two lenses and L 2 
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and those of the object, OA, and the final image IB for such a 
system. The magnifying power, M, of the system is given by 

1 ^ An gle subtended at eye by image 

Angie subtended by object seen directly by the eye under 

suitable conditions 

If it is stipulated that the eye shall be placed near to C 2 , the 
centre of the eye-piece, and assumed that the imago seen through 



Fig. 26* 11 (<i)\ — Principle of an Astronomical Teloscope not in 
Normal Adjustment. 


the instrument is at the nearest distance of distinct vision, an 
expression for the angular magnification identical with that 
given on p. 611 for a compound microscope is obtained. The 



systems differ only in the values of the focal lengths of the lenses 
and the relative position of the object to the objective. The 
expression so obtained is not a convenient one. It can be made 
much more convenient if it is stipulated that the eye shall be 
assumed to be at the objective when the usual angle for the object 
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is calculated. In addition, let the image seen through the instru- 
ment be situated at infinity. Then, cf. Fig. 25-Ll (6), 


M ■ I yi I P ly^ 

F. • ic^orF^-y 
__u ic,r| _ |G,ri 

“Fa" U ““ F, 

U Fi 
“ U"~ F/Fg’ 


when the value for Cil' is expressed in terms of U and Fj. When 
the object is at infinity, i.e. the telescope is in normal adjustment, 

Pi 

the magnifying power becomes equal to 


Experimental Determination of the Magnifying Power or 
Angular Magnification of a Telescope. Method i : Set up at 
one end of the laboratory a long piece of inch graph paper on which 
the inch lines have been heavily marked in ink. At the other end 

of the room set up 
a converging lens of 
long focal length to 
form a real image 
of the scale ; the 
position of this image 
should be located by 
means of a pin so 
placed that there is 
no parallax between 
it and one of the divisions in the image of the scale. Tlien arrange 
a second converging lens of shorter focal length so that it produces 
a magnified virtual image of the first image. This should be viewed 
with both eyes open and the eye-lens adjusted until the scale and 
its image can be seen at once. By adopting this method one is 
quite certain that the plane of the image coincides with that of 
the object itself. The angular magnification of the system is then 
equal to the ratio of a certain number N of divisions as seen, directly 
which appear to coincide with n of the divisions as seen through 
the telescope. 

The difficulty often experienced of viewing the scale directly 
with one eye and through the- telescope with the other at the 
same time may be overcome with the aid of the apparatus shown 
in Fig. 26-12. G is a thin sheet of glass arranged at 46*^ to the 
axis of the system ; it permits the rays coming through the tele- 
scope to enter the eye E. M is a plane -mirror reflecting direct 
rays from the distant scale on to O ; a portion of this light is 



Fio. 26*12 — Apparatus for Determining the 
Magnifying Power of a Telescope. 
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Tefleoted into E and the two images are seen superposed. A value 
for the magnification is then easily obtained. 

Method a : Focus the telescope for parallel rays and then direct 
it towards a white cloud. Receive the emergent light — which is 
a parallel beam — on a piece of ground glass placed at right angles 
to the axis of the telescope. A bright circular patch of light 
known as the * Ramsden Circle ' will appear on the glass. 
Measure the diameter of this circle — D, — and the diameter of the 
objective — Di. Then M = Dj -r D, [proved below]. 

Method Hi: Place a diaphragm over the objective, the 
diaphragm being pierced with two small holes at distance fi apart. 
Receive the images of these on a piece of ground glass and measure 
their distance apart-^, — by means of a travelling microscope. 
Then M = r j -r f|. 

Method iv: Focus the telescope for parallel rays and direct 
it towards the sky. The distance between the two lenses is then 
I/ll + I/2I1 where and/^ are the focal lengths of the objective and 
eye-piece respectively. Then remove the objective and obtain on 
a suitably jdaced screen the image of the aperture produced by the 
eye-piece. Let da diameter. If is the diameter of the 

aperture, M = ~ da- 

Proof: Since the object is at a distance |/i| [/a] from the 

eye-piece, the image distance, v, is given by 


>1 


I/I + 1/2 


2 

1/2 


But 




. l/2l[l/ll+l/2l] 

■ l/ll 


H 


I/1I+I/2I 

\V\ 


= M. 


The Terrestrial Telescope. — ^In viewing terrestrial objects 
through an astronomical telescope inconvenience is often caused 
by the fact that the image is inverted. To overcome this difiSculty 
the terrestrial telescope shown in Fig. 26*13 may be used. We shall 
assume that the telescope is in normal adjustment, i.e. the object 
and final image are both at infinity. Parallel rays incident on the 
lens L^ are brought to a focus in the focal plane of this lens so that 
if we imagine that the object extends from a point on the axis of 
the system to a point P from which the parallel rays considered 
emerge, I|Bi will be the real image of the object produced by Lj. 
This image is inverted, but it is made erect by means of a converging 
lens L|. This is arranged in such a position that the distance from 
it to Ii is twice its focal length. The real image which it produces 
is IgBi and although no additional magnification has been achieved 
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by the arrangement adopted, the image is no^ erect and the distanbd 
IjBi is a mmimmu consistent with the focal length of L,. This 
latter condition is advantageous since the total length of the system 
cannot be increased beyond definite limits without causing the 



Fia. 25*13. — Principle of a TonestruU Telescope in Normal Adjustment. 


system to become unwieldy. A third lens L 3 is placed so that IjB, 
is in its first focal plane : the final image is then at infinity, the 
direction of the emergent beam being parallel to the secondary axis 



Fio. 25*14. — Principle of a Terrestrial Telescope not in Nonnal Adjustment. 

I^S where S is the optical centre of L 3 . The magnifying power is 
easily shown to be equal to the ratio of the numerical value focal 
length of the objective to that of the eye-piece. 

For a temstriikl tdescope not in normal adjustment Fig. 26*14 
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indioates the method of locating the final image. To construct the 
path of the rays through the system by means of which an eye sees 
some particular point in the object, the coiTesponding point in the 
image is joined to the periphery of the pupil. Let B and C be the 
points at which these lines intersect the central plane of the lens 
L 3 . Those portions of the lines from B and C to the eye are shown 
in full since they represent actual rays, while those portions drawn 
to the point in the image are dotted since the image is virtual. The 
points B and C are then joined to B, and produced to intersect the 
principal plane of I^* in D and E. These points are joined to Bi and 
DBi and EB, produced to meet the principal plane of the lens Lj in 
G and H. By joining these two points to A we have traced the rays 
from A through the system to the eye. 

Galileo's Telescope. — The disadvantage of the astronomical 
telescope when used to view terrestrial objects has been overcome as 
described above by the use of a third lens. The objection to this 
is that the length of the telescope has been increased. Galileo's 
telescope has the advantage that it produces an erect image and yet 
the distance between the lenses is less than in an astronomical tele- 
scope having an equal objective and magnifying power. Let us 
consider Galileo’s telescope when in normal adjustment as shown in 
Fig. 26*16. Rays proceeding from a point in the object in a direction 



Fio. 25*15. — Principle of Galileo’s Tolosjcope in Korinal Ailjiistment. 


parallel to AC, a secondary axis of Lj would, in the absence of 
the eye-piece, be brought to a focus at B, that point in the second 
focal plane of Li where it is intersected by AC produced. The eye- 
piece, Lj, is a diverging lens of short focal length so placed that its 
first principal focus is also at P. When the converging beam of rays 
from Li is refracted by Lg the emergent rays are parallel to the 
secondary axis PB of the eye-piece [cf. p. 428]. The final image 
is therefore a virtual one situated at infinity : it is erect. The 
angular magnification, M, of this telescope, which is the ratio of 
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the angle subtended at the eye by the imago to that subtended by 
the object, is given by 

AC^ FOB 

The angular magnification for a given Galilean telescope is 
determined experimentally as for an astronomical telescope 
[cf. p. 516, method (i)]. 

Fig. 25-16 shows how the image is produced when Galileo’s tele- 
scope is not in normal adjustment. 



Fig. 26- 16. — Principle of Galileo’s Telescope not in Normal Adjustment. 


Prism Binoculars.— The field of view in Galileo’s telescope is 
not um'formly bright and for a magnifying power 3 [the usual value 
when the telescope is made in the form of opera-glasses] the field 
of view is 2-5 times smaller than that of an astronomical telescope 
having the same power. The reason for this deficiency in a Galilean 
telescope lies in the fact that for such an instrument the Bamsden 
circle is virtual. When, as for an astronomical telescope, the 
Ramsden circle is real, the eye may be placed at that position so 
that oblique pencils from the edges of a wide field are received by 
it. With a virtual Bamsden circle the eye cannot be made to 
coincide with it and consequently the pencils of light from different 
parts of the field are divergent as they leave the^eye-piece and only 
a few of them enter the eye of an observer. To overcome these 
defects in a Galilean telescope prism binoculars have been designed. 
The essential difference between such an instrument and an astro- 
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Fio. 26-17. — Prism Binoculars. 


nomical telescope is that two right-angled glass prisms with their 
edges at right angles to each other are placed between the lenses. 
If two parallel rays A and B, Fig. 25-17 (a), strike the base of the 
first prism, the refracting edge of which is vertical, the rays enter 
the prism and are reflected from one face to the other and then 


again, so that they finally emerge parallel to their original direction 

but with lateral inversion, 

i.e. the right-hand side is 

now the left, and vice ^ 

versa. If these rays fall 

on a second prism whose 
refracting edge is horizon- 
tal the two emerging rays 
are inverted as shown. 

Fig. 25-17 (6) illustrates p 
a modern form of field 
glass or prism binoculars, p 
Newton’s Reflecting 
Telescope.-— When 
Newton discovered that 
the images produced by ^ 
lenses were always indis- 
tinct at their ^ges he 
ceased to try to improve 
Galileo’s invention and 
designed an instrument 

in which the refraction of _ ^ n 

. .j j Fiq. 26-18. — Principle of Newton’s Beflccting 

light was avoided, rne Telescope in Normal Adjustment, v 
principle underlying this 

design is indicated in Fig. 25*18. A concave mirror, of focal 


m 


I 



622 


OPnCB 


length fi = Pi (say), acts as the objective and reflects parallel rays 
OA, OB,/Tom the uppermost point in a distant object to a point 
G in the focal plane of the mirror. The point G is determined by 
constructing PR. parallel to the incident rays. Since the ray PR 
passes through the focus of the mirror it will travel along RG after 
reflexion, where RG is parallel to the axis of the mirror. If the 
object has its lowest point on the axis, then GF will represent 
the image produced by the mirror alone. To avoid the necessit}'^ 
of looking at this image directly and thereby obstructing some 
of the incident rays, Newton placed a plane mirror, MN, at 46^ 
to PP, 1 ^ that a brilliant image was formed at KH. To And 
the position of this image we note that K and H are at the 
same perpendicular distances from the mirror as are the points G 
and F respectively. If this image lies in tho first focal plane of a 
converging lens L, of focal length /jj = — F^ (say), tho final image 
is at infinity. Tho telescope is then in normal adjustment. An 
expression for the magnifying power, M, may bo obtained as 
follows. 

angular size of image 
angular size of object 

_ |HK| |GP| 

- 'X~ ■ 

= [•.• HK = FG] 

Some Modern Reflecting Telescopes. — Since it is diflicult to 
produce large lenses it seems likely that future improvements of 
telescopes must be made with those of the reflector type. In view- 
ing faint stars, for example, it is necessary to have as large an 
aperture as possible since more light then enters the telescope and 
so produces a brighter image. The largest objective at present in 
use is that at the observatory at Lake Genevai Wisconsin, U.S.A. : 
its diameter is 40 inches. The largest concave mirror is the objective 
of the 100-inch Hooker telescope at Moimt Wilson, California, and 
any imperfectionB which may exist in the interior of its glass and 
wUch would be fatal if that glass constituted a lens, become of 
minor importance when the light is merely reflected from the surface 
of the glass. 

Some attempts have been made to construct telescopes of this 
type in which the concave mirror consists of a pool of mercury 
rotating uniformly about a vertical axis through its centre. The 
surface of the mercury assumes a parabolic form under such oir-; 
cumstances so that a point image of a distant source is obtained 
in the focal plane of the mirror. 
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llie Erecting Prlsln. — Let us suppose that a lens L, Fig. 26*19, 
produces a real inverted imago, I,B„ of an object OA. A real erect 
image may be obtained in the following way. PQB is a glass prism 
in which the angle at P is a right angle. Let ns consider the extreme 
rays AC and AK of the cone ef rays proceeding from A and which 
pass through the lens. In the absence of the prism the rays AC and 
AK are refracted along the paths CB^ and KB}. When the prism 
is placed in position, the ray CD is refracted along the path DE and 
is then reflected along EF. Finally this ray emerges along FB. 
The ray KM is similarly refracted and reflected along the path 



KMNJB. A real image of the point A is now formed at B. 
Similarly, the ray OLS pursues the path STW through the prism 
and emerges as WI, so that IB is the image produced by the lens 
and prism together. It will be noticed that IiBi and IB are not 
at the same distance from L [Verify by performing an actual 
experiment.]. Moreover, O, Ii and I are not necessarily coliincar. 

If OA is a lantern slide, inserted the correct- way-round for normal 
showing, then IB will be an erect image but with lateral inversion 
— it is only when the slide is erect and inserted the wrong- way- 
round that IB is erect and without lateral inversion. 

The Periscope. — *Suppose two plane mitrors, M and N, Fig. 26-20, 
are arranged so tliat rays of light incident upon M are reflected so 
that they fall upon N from whence they are reflected in a direction 
parallel to the incident rays. For this to be possible the mirrors 
must be parallel. A glanco at the diagram shows that the rays have 
suffered a lateral displacement. It is therefore possible for an observer 
to see objects by looking into tho mirror N without himself being soon. 
This is the essential principle of a periscope, only the range of vision 
is increased by combining it with a telescope. For simplicity wo will 
assume that an astronomical telescope is used. Tho two plane mirrors 
do not invert the image, yet when they are combined with such a 
telescope the final image will bo inverted since this is a characteristic 
feature of an astronomical telescope. Some piece of additional 
apparatus must therefore be inserted in the system. Lot us suppose 
that an erecting prism has been placed in front of M os in Fig. 25-21. 
Parallel rays from a point A in a distant object pass through tho prism 
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and strike the mirror M at B and C whbtico they dice reflected along 
BD and CE. If OH is the secondary axis of the lens parallel to 
BD and CE these rays will bo brought to a focus at H, the point in 
the second focal plane of the lens where it is cut by OH. An image 
is therefore produced at Hl^^. A virtual image of this is produced by 
reflexion in the mirror N, and if this image is at ^ foc^ 

plane of the lens L2 the flnal image is at infinity. To complete our 
trace of the rays from A through the system, the point K, the image 



of H, is joined to the points where DH and EH meet N, and the lines 
are produced to cut the principal plane of the lens in B and 8. The 
rays are then refracted by the eye-piece Lg so that they proceed in 
directions parallel to KP, the secondary axis of Lg passing through K. 

In practice the prism is not pleased in front of the plane mirror M, 
but it has been drawn in that position since if the student will carry 
out the above construction it furnishes an excellent exercise in the 
principles of geometrical optics. In actual periscopes the erecting 
device is plac^ after the rays have passed through the lens L^. 

Diascope or Optical Lantern. — ^The essential features of a 
diascope, an optical instrument used for projecting images on a 
screen, are indicated in ilg. 26*22. A * Pointolite ’ lamp, S, is 
placed at a short distance from a large converging lens L^, termed 
a condenser. Sometimes a water trough is placed before this lens 
to reduce the amount of heat radiation upon it and so render it 
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less liable to fracture. In the absence of a condenser the amount 
of light incident upon the slide is confined to the cone ASB, whereas 
when the condenser is used the light in the cone CSD illuminates 
the slide if it is suitably placed. An achromatic lens Lg is erected 



Fig. 25-22. — ^Prihciple of a Diascope or Optical Lantern. 


in front of AB and their distance apart varied until a clear image 
I^Ig is obtained. The path of a ray OQ proceeding from a point 
O in AB is constructed in the usual way by drawing the secondary 
axis MN parallel to OQ. Then QNI is the path of the ray after 
leaving the lens. 



The Epidiascope. — ^An epidiascope is an arrangement of lenses 
and a mirror for projecting an image of an opaque object on a screen. 
A converging lens, Fig. 25-23, is placed so that its second focal 
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plane contains the filament of an cloctric bulb. This filament lies 
in a plane perpendicular to that of the paper so that a maximum 
amount of light may pass through L^. Tlds light illuminates any 
object such as OA. Lg is the projecting lens carried in a suitable 
stand to enable its distance from the object to bo varied. In the 
absence of the plane mirror M which consists of a piece of optically 
worked plate glass silvered on its front surface to avoid the forma- 
tion of multiple images [cf. p. 416], a real image I^Bi would be formed. 
When the mirror is in position the final image is at IjBj which is 
located as follows : from B^ and erect perpendiculars to the plane 
of the mirror M and produce thorn to B, and Ig respectively such that 
B^J — < JBgf etc. Then IgBg is the image, and the path of the rays 
from A to Bg is completed in the usual way. 

The Telemeter or Range Finder. — It is at once apparent from 
trigonometrical considerations that if the base of a right-angled triangle 
is known as well os the angle which the base subtends at an object 
placed at the apex of the triangle, then the distance of the object is 
readily calculated. If the distance is very great and the base small 
and normal to the lino of sight the distance is again calculable from 
the length of the base and the circular measure of the angle subtended. 
To discover the magnitude of this angle many forms of telemeter or 
range finder have been invented •: the principle of the Baer and Stroud 
range finder is illustrated in Fig. 25*24. Kays of light PQ and RS 
inclined to each other at an angle 6 are incident upon two mirrors 



Ml and M 2 inclined at 45*’ to the ‘base.’ Converging lenses and 
L 2 then produce images of the object at their respective second foci 
and the specially constructed prism ABCD enables these images to 
bo seen at X and Y when the small prism K is absent. In the sketch 
X and Y are represented as points on a screen : actually they are 
formed in the first focal plane of a microscope. Now the distance 
XY is a measure of 0, the angle required. Instead of measuring the 
distance XY the small prism K is moved until the two images coincide. 
The path of the central ray from M 2 after leaving K is shown by the 
dotted line. A pointer attached to K and moving over a scale parallel 
to the base of the instrument gives the distance of the object directly. 
The scale is calibrated by sighting objects at known distances. 
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Telescope and Microscope Objectives. — In our treatment of 
optical instruments we have always supposed them to be fitted with 
single lenses, i.e. the objective and eye-piece 
are each a simple lens. Such lenses suffer very 
considerably from defects known as chromatic 
aberration and spherical aberration. The ob- 
jective of a refracting telescope is corrected 
for chromatic aberration by combining a con- 
verging lens of crown glass with a diverging 
lens of flint glass, but so that the combination 
still acts as a converging lens [cf. Fig. 25*25]. 

To reduce spherical aberration in it the lens 
is mounted with its converging component 
towards the object. But the use of two 
lenses has brought with it a disadvantage 
which ia overcome in the following way If 
the inside faces of the two lenses are separated 
from each other some of the light passing through the converging 
lens will be reflected from the front face of the second lens with a 
consequent reduction in the brightness of the imago. This defect 
is eliminated by making the radii of curvature of the inner faces of 
the two lenses identical, and cementing them together with Canada 
balsam, the refractive index of which is intermediate between those 
of crown glass and flint glass. 

The field lens of a telescope is made large so that the amount 
of light collected by it shall be as large as possible in order that 
the final image shall be bright ; also, that details in the object 
shall be clearly seen — we say that the resolving power of the 
insiniment has been increased. Moreover, it has been shown that 
the magnifying power due to a telescope, in normal adjustment, 
for example, is expressed by the ratio 

focal length of objective 
focal length of eye-piece’ 

It would therefore appear that by increasing the relative focal 
length of the objective the magnifying power could bo increased 
indefinitely. Now although the magnifying power may be in- 
creased in this way, no advantage is gained for no further details 
become visible, uziless the diameter of the lens is increased : for 
a high resolving power requires a lens of large diameter. 

llie objective of a first-class microscope is a very complicated 
piece of apparatus ; it is difficult to construct and therefore ex- 
pensive. For very hi^-power work it is necessary to immerse the 
specimen in cedar- wood oil, the front surface of the objective 
also being in the oil. Such a lens is known as an immersion 
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lens. A diagrammatio representation of Abba’s immersion ob- 
jective is shown in Eig. 26*26. The lowest lens Li is a piano-hemi- 
spherical convex lens; the inter- 
vening space between this and the 
object is filled with the oil, which 
has the same refractive index as 
glass. This implies that no refraction 
takes place until the rays leave L^. 
Cedar wood ^ 0, a point in the object, is such 
oii that O and Oi are aplanatic points, 
i.e. Oi is a point image of the point 
source 0, with respect to A, the 
point where the hemispherical sur- 
face cuts the principal axis of the 
lens, then all rays from 0 appear to 
diverge from Oi, irrespective of the 
obliquity of the rays. A second lens 
Lt is placed above Li, its lower 
Fia. 26*26. — ^Abb6*a Immersion face B having Oi as its centre of 
Objective. curvature. The rays which appar- 

ently proceed from Oi are not refracted at B, but only at the 
upper face C of the lens L|, so that they appear to proceed from 
Of, a point which is made aplanatic 
with respect to Oi. Compound lenses 
Lt diminish the effects of chromatic 
aberration, i.e. they are composed of 
convex lenses of crown glass, cemented 0 

to concave lenses of fi^int glass: ^ 

Aplanatic Foci . — ^Let 0 and I, Pig. \ ^ ^ 

25*27, be two points on the axis AC % 
produced of a convex spherical re- 
fracting surface such that CO = 'R/fi 26*27. 

and Cl = /iB, where fA is the index of 

refraction of the material and B the radius of curvature of the 
surface. The J’s COP and CPI are similar, since 

^ 2 and OOT = m. 


Henoe 


CP 

sin CPI 
•inCPO 


H Cl 

8ia COP „ . ^ , 

■aw 


It therefore foUonre that IP is the direction of the refracted 
ray and henoe, whatever ray proceeds from 0, the direotioh of 
the refracted ray passes through I, i.e. O and I are aplanatic 
foci. 
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EXAMPLES XXV 

!• — ^How may a converging lens and a diverging lens be employed to 
form a telescope T Qive a carefully drawn diagram of the paths of 
the rays by means of which an eye may observe a point in a distant 
object. 

2. — State the arrangement of lenses necessary for the formation of 
an opera glass. Show by means of a diagram how the position of the 
final image may be found. Trace the path through the system of 
rays from a point on a distant object off the axis of the system. 

3. — ^The picture on a lantern slido 3 in. square is to be projected 
upon a screen 18 ft. distant from the slide by means of a lens of 10 
in. focal length. At what distance from the lens must the* slide be 
ploced, and what will be the size of the picture on the screen T 

4. — ^Describe the optical parts of a compound microscope and trace 
the rays through the system by means of which an eye sees a point 
in an object o£E the axis of the microscope. Upon what does the 
magnifying power of a microscope depend ? How would you measure it? 

6. — Describe the action of a compound microscope formed by two 
convex lenses and show with on example how to determine its magni- 
fying power. Will this last be affected by short-sightedness in the 
observer. (L. ’25.) 

6. — ^What is on achromatic lens t Give on account of the principles 
of construction of achromatic prisms and lenses. (L. ’24.) 

7. — ^The focal lengths of the lenses of a reading tolescope are 25 cm. 
and 4 cm. and it is used to view a scale 1 metre from the object- 
glass. If the image is formed 25 cm. from the eye, which is close to the 
eye-piece, draw a diagram showing the paths of the rays through the 
telescope. Calculate the magnifying power of the instrument. (L. ’30.) 

8. — Give a general explanation of the construction of an achromatic 
lens suitable for use (a) as a telescope objective, (6) in a photographic 
camera. How does the appearance of the image seen through an astro- 
nomical telescope vary with the diameter of the objective 7 

9. — ^Explain how you would arrange throe converging lenses on a 
common axis so that a beam of light from an object on the axis and 
outside the system will produce (a) an erect real image, (6) an erect 
virtual imago, after passing through the throe lenses. Give diagrams 
showing the paths of rays of light from a point on the object to the 
corresponding point on the image in each case. 

10. — ^A model of a compound microscope is made up of two thin 
converging lenses of focal lengths 3 cm. and 9 cm. respectively, the 
interval between the lenses being 25 cm. Where must the object be 
placed so that the final image may be at infinity ? What will bo tho 
magnifying power if tho microscope, as thus arranged, is used by a 
person whose least distance of distinct vision is 30 cm. ? 



CHAPTER XXVI 
PHOTOGRAPHY 

The Pin-hole Camera. — ^The simplest form of camera — a 
device for producing an image of an object — consists of a very 
small hole pierced in a light-tight wooden box. If a piece of white 
paper is placed at a short distance away from the hole an image 
of the external object is produced on it. The formation of an 
image under these conditions is explained on the h 3 ^othesis that 
light travels in straight lines. If a gas-filled electric lamp with its 
irregularly-shaped tungsten filament, Fig. 26*1, is placed in front 
of a piece of tin-foil in "which a small pin-hole has been pierced, 
light travels in straight lines from the different points of the filament, 



passes through the hole, and falling on the screen behind, produces 
a series of point images — ^the complete picture is an inverted image 
of the filament. [The lamp should be screened by a suitable box.] 
This image becomes more and more blurred as the^ size of the hole 
is increased, because the light which passes through each portion 
of the hole gives rise to an image. A blurred image is also obtained 
if several holes are pricked in the foil ; each hole gives rise to an 
image and the blurred nature of the picture is caused by the over- 
lapping of the several images. It must be noted, however, that the 
shape of the hole does not affect the image, providing, of course, 
that the hole is small. 

The Photographic Camera.— The great objection to the use 
of a pin-hole camera, if sharp images are to be obtained, lies in the 
fact that only a small amount of light is available for tKe production 
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of the image — because the pin-hole is small. On the other hand, 
the dimenaionB of the image are strictly proportional to those of 
the object. If the pin-hole is replaced by a single bi-convex lens, 
then the amount of light available is increased many times. But 
the insertion of a lens has introduced aU the errors to which such 
a lens is subject — spherical aberration, chromatic aberration, 
distortion, astigmatism, lack of flatness of field, etc. Hence, in 
order to produce a picture which shall be more true to real life, 
the optician has designed a lens in which these defects are reduced to 
a minimum ; they can never be reduced to zero, although the modern 
anastigmatic lens is an excellent example of the optician’s skill. 

The Photographic Objective. — ^In designing this lens so that 
it shall be as free as possible from chromatic aberration it has to 
be remembered that the conditions under which it is to be used 
are very different from those under which a telescope objective is 
employed. In the first place, the eye is used to decide whether or 
not the image on the focusing-screen is sharp. Since the eye is 
most sensitive to yellow light, whereas the chemicals in the emulsion 
of the film are generally most sensitive to the blue and actinic rays, 
it follows that the focal lengths of the lens for the yellow and blue 
rays should be identical, for although the yellow rays are less 
actinic than the blue, the yellow and blue rays must be focused in 
the same plane, for, otherwise, although the image as seen by the 
eye may be judged sharp, that obtained on the plate will be fuzzy 
since other rays have been more responsible for its production. 

The Photographic Plate. — In the chapter on dispersion it 
has been stated that ordinary white light is composed of several 
colours which are capable of being separated out into a spectrum 
by means of a prism. It has long been known that light of any 
colour is capable of producing a chemical change— the light is said to 
act photochemically. To such an action must be attributed the tan- 
ning of the skin after prolonged exposure to the sun, and the change 
in the colour which occurs when pigments are similarly exposed. 

The darkening in colour of silver salts under the influence of 
light is a fact which has been well established for many years ; 
the early discoverers of this phenomenon were puzzled by the 
appearance of something dark which had to be attributed to light. 
During the process of blackening silver chloride some free chlorine 
is evolved, for it has been shown that chlorine water, if applied to 
some darkened silver chloride, restores the original colour. Many 
writers have maintained that a subchloride of silver is produced 
which combines with the free silver chloride to form a complex 
compound, AgCl . a;AgiCl. In the manufacture of modem photo- 
graphic plates silver bromide is used, and the influence of light 
upon it is similar to the action upon the chloride. 
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To make a photographic plate or film a piece of glaas, or sheet 
of celluloid, is coated with a film of gelatine carrying particles of 
silver bromide in suspension. When dry it is ready for use. 

The Latent Image, and its Development. If such a plate is 
exposed to light rays, e.g. the image of some illuminated object 
is allowed to fall upon it, the bright portions of the image cause a 
greater blackening of the bromide than do the darker portions of 
the image. The effect produced on such a plate is not visible ; 
there is only present the latent image, and a developer is used in 
order to render this image visible. The developer consists of a 
reducing agent, such as ferrous sulphate or pyrogallic acid, which 
converts the bromide particles which have been affected by the 
light into metallic silver, which is deposited in the form of black 
granules. When the black granules have become sufficiently dense, 
the plate is removed from the developer, washed, and placed in a 
solution of sodium thiosulphate or hypo (Na^StOs . lOHsO). The 
function of this salt is to dissolve the unaffected portions of the silver 
bromide remaining on the plate, so that the ultimate result is a dis- 
tribution of black metallic sU ver particles throughout a gelatine film. 
The distribution varies according to the manner in which the light 
and shade were distributed in the original subject. This final record 
is called a negative, and the negative is perfect when the contrasts 
in the subject have been recorded faithfully. To prepare a true 
likeness from such a n^ative, a positive must be made. Paper, 
treated similarly to the original plate, is placed in immediate contact 
behind the negative [enlargers hieing omitted] and the whole exposed 
to a uniform light. The light traverses the transparent portions 
of the film more readily than elsewhere, so that a developable imago 
is produced on the sensitized paper. After development and fixing, 
a permanent photograph is obtained. 

Orthochromatlc Plates and Films. Light Filters. If a 
blue and a red object are observed together by a normal eye the 
blue one may appear to be darker than the red one ; in a photograph, 
however, the red will appear to be darker if an ordinary plate is 
used. The reason for this lies in the fact that an ordinary photo- 
graphic emulsion is more sensitive to blue than to red light ; were 
it not so, a ruby lamp could hot be used in the dark room. Similarly, 
if a landscape is photographed, the beauty of the original does not 
survive in the negative, for the plate fails to differentiate between 
the varying shades of green, while the clouds may not be retained at 
all ; the dark blue of the sky cannot be distinguished from the white 
clouds because the blue and white rays are equally actinic. 

In an orthochromatio or isochromatic plate or film the emulsion 
is made sensitive to yellow and green rays, but at the same time 
it remains exceptionally sensitive to the blue and violet rays. If, 
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therefore, the aim of the photographer is to obtain a true mono* 
chrome picture of the object he miut cover his Ions with a fiiter. 
A filter is a piece of stained gelatine (yellow) fitted between two 
pieces of glass, or, better still, the glass itself is stained. Now the 
function of this yellow filter is to absorb some of the blue and 
violet rays. If the grade of filter has been properly selected then the 
transmitted rays will be such tliat the resulting negative can yield 
a picture which shall be almost as pleasing as the original object. 

Some makers of orthochromatio plates place a yellow dye in the 
emulsion of the plate when the use of a filter is not necessary. 
Such self-screening plates are very effective, but no iaochromatic 
plate will give such good results as a panchromatic plate. 

Panchromatic Plates. The isochromatic plates mentioned 
above arc still insensitive to the red rays which emanate from the 
object, BO that the red portioits of the object assume, in the print, 
a tone which is much too dark. Now panchromatic plates are 
sensitive to all colours, so that it is impossible to develop them with 
the aid of a red lamp. Like orthochromatio plates, however, they 
are still exceptior\ally. sensitive to the blue region of the spectrum. 
If, therefore, the full benefit is to be obtained from such plates a 
yellow filter must be used. The darker the filter the longer the 
exposure, but the resulting negative is better provided that the 
plate has not been unduly over-exposed. 

It may be thought that tho development of a panchromatic 
plate is very difficult since it must be done in darkness. Fortunately 
this is not so, especially if the plate is first desensitized. Tho plate 
is removed from the camera slide in complete darkness and then 
placed in a dilute solution of pinacryptol green for one minute. 
After this the plate may be developed in a yeUow light or by the 
aid of a fairly distant candle fiame. 

Contrast Photography— Clouds.— Whilst panchromatio plates 
have been designed to render correctly the tones present in an 
object, they can also be used to accentuate certain deteuls in it. 
If the colours red and blue predominate, then a correct rendering 
is obtained by a filter of such colour that about four times the 
normal exposure is required. If, however, for any reason it is 
necessary to contrast the red and blue then a red filter is placed 
over the lens. This red absorbs the blue rays entirely so that the 
corresponding parts of the negative are not affected. In this way 
the contrast is accentuated. 
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THE VELOCITY OF LIGHT 


Astronomical Method. — ^AU the attempts made by Galileo 
and others having failed to fix a definite value for the velocity of 
lights it was assumed that the speed of light was infinite until some 
curious results were obtained in 1676 by a Danish astronomer, 
BdMBU, with reference to the periodic times of the satellites or 
moons revolving round the planet Jupiter. These could only be 
explained by assuming that the velocity of light was finite, ^om 
observations on the times of successive disappearances of the 
innermost satellite — the one which moves in the same plane as 

that containing the sun, 
\ j- earth, and Jupiter — Bdmer 

predicted the times when 
• \ future eclipses should occur. 

^ S^ 27 t He discovered that his cal- 

f I P culated times did not agree 

( ] I with those at which the 

JsjT ^ eclipse actually took place 

J ® and noticed that the dis- 
crepancy increased ccmtinu- 

away from Jupiter. 

' Let S, Fig. 27-1, be the sun while the positions of the earth and 
Jupiter at corresponding times as they each revolve round S are 
indicated by the letters E and J with appropriate sufiSxes. When 
the earth, sun, and Jupiter are collinear with the earth between the 
sun and Jupiter, the earth and Jupiter are said to be in conjunction ; 
when they are coUinear but the earth on the side of the sun away 
from Jupiter, they are in opposition. Let us suppose that an 
eclipse of Jupiter’s innermost satellite takes place when the earth 
and Jupiter are at Eq and Jo respectively. If we measure time 
from the instant when the eclipse actually occurs, the disappearance 
E J 

will be seen at a time where c is the velocity of light across 

interplanetary space. Suppose that the next disappearance of 
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this satellite happens when the earth is at Ej and Jupiter at Jf. 
If the period of revolution of this satellite is t, the disappearance 
which actually takes place at time t, will be observed at a time 


i.e. the true period cannot be directly observed. Let us further 
assume, however, that, when the earth and Jupiter are next in 
opposition at E,| and J,,, the satellite has made n revolutions. 
These will be complete at an actual time nr, but the completion 


E J 

will be observed on the earth at a time nr H — The observed 

c 

time, < 1 , corresponding to n revolutions is therefore 


2R 

or nx H , if R 

c 


£ — «T 4 - 5 ?^" 

h = nt + ~ 

is tho radius of the earth's orbit. 


Similarly n more revolutions will have occurred when the two 
planets are in conji^nction at E^,! and J^^, after the lapse of another 
0-645 year. The observed interval between them will be 


Hence 




2R 


= nr . 

c 



Rdmer found this difference to be 2,000 seconds, so that since 
R = 93 X 10* mdes, c = 186,000 miles per second, or 300 X 10* 
metres per second. 

Fizeau's Method. — Fig. 27-2 is a diagram of the apparatus 
employed by Fizeau about 1849 to determine the velocity of light 
in air. An image of a powerful source of light, 8, was produced 
by means of a converging lens Lj and a glass plate, G, at F between 
two teeth of a toothed-wheel, W, rotating about a horizontal axis. 
In this wheel the teeth were made of precisely the same width as 
tho interval between them. A converging lens Lg was adjusted 
so that F was at its first principal focus, i.e. any light incident 
from F upon this lens emerged as a parallel beam. At a distance 
of 8*63 kilometres the receiving apparatus was erected. This 
consisted of a converging lens Lg and an eye-piece Lg. The receiving 
apparatus was directed to pick up the light from the sending station 
so that an image was produced at P — the lens Lg enabled this image' 
to be observed and the collineation corrected. A plane mirror was 
then placed at P causing the light incident upon it to bo reflected 
back to F. Some of this reflected light passed through the half- 
silvered mirror G to the eye-piece Lg, 
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When W was caused to rotate the light rays arriving at F from 
the source were alternately transmitted through a space between 
two teeth and then intercepted by a tooth. At slow speeds the 
light transmitted was able to travel from F to P and back before 
the wheel had moved even through a small angle so that an image 
waa still seen. When the light was intercepted no image was seen. 
The effect of this slow rotation was to produce a succession of 
appearances and disappearances of the image^ i.e. an eye at E 
perceived a flickering image provided that not more than 8 or 10 
reappearances of the image occurred per second. When the speed 
of rotation was increased the flickering ceased owing to the per- 
sistence of images on the retina and the intensity of the imago 
appeared to decrease continuously as the speed increased. Finally, 
a stage was reached when the field of view was dark — this meant 



Fiq. 27 '2. — Fizeau’s Apparatus for DeierminiDg the Velocity of Light. 


that the time taken for light to travel from F to P and back was 
equal to that in which a tooth moved half the distance between 
consecutive teeth. The speed of the wheel having been measured 
by clockwork, the velocity of light was calculated as follows : — 
Let. 2 be the distance between the two stations, n the number of 
revolutions per second made by the wheel (12*6) when the image 
disappeared entirely, and N the number of teeth on the wheel (700). 
The time taken for the wheel to rotate so that each tooth moves 

into a position just occupied by the one in front of it, is i.e. 

is the time in which light travels through air a distance 22. 
The velocity required is therefore 

c =s 22 -r = 4Nn2. 
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This method is open to the objection that it is difficult to decide 
exactly the instant when the darkness in the field of view is a 
maximum since the speed of the wheel could be varied between 
rather wide limits without producing any apparent change in the 
field. Cornu obviated this by using an electrical arrangement 
whereby the speed at any instant could be ascertained. He deter- 
mined the speeds when the image first disappeared and also when 
it reappeared. A mean value was employ^ in the calculations. 

Foucault’s Method (1849-1862). — S, Fig. 27*3 (a) was a rect- 
angular slit through which sunlight was passed. A fine wire was 
stretched across this aperture so that any image of it could be 
located with precision. This light was received by an achromatic 
converging lens, L, and the transmitted beam, after reflection at 
the plane mirror, M, was brought to a focus on a concave mirror R, 
The distance RM was equal to the radius of curvature of this mirror 



Fia. 27*3 (a) — Foucault's Ai>paratus for Detormining the Velocity of Light. 

BO that the pencil of light incident upon it retraced its former path. 
This light was reflected from M and after passing through L formed 
an image coincident with the slit. Since it was impossible to 
observe the image under these conditions a parallel plate of glass 
was erected near S at an angle of 45° to the axis of the system. 
[This piece of glass was not half-silvered, os sometimes stated, 
for Foucault says ‘ La glace sans tain r6flechit une partie des 
rayons.’] A portion of the light reflected from M and incident upon 
this glass was reflected from it and produced an image at P. The 
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position of this image was observed by a micrometer eye-piece. The 
plane mirror M was capable of very rapid rotation about an axis 
perpendicular to the plane of the paper. Lot us suppose that at 
some particular instant, when the mirror was rotating very slowly, it 
was in such a position for the light reflected from it to fall on B, 
from whence it retraced its path to M. Since the rotation of M 
has been assumed to be very slow this mirror vrovld not have 
changed its position appreciably in the interval required for the 
light to travel from M to B and back. The light reflected from 
M would therefore pass through the lens system and produce an 
image at P. This image would remain as long as light was incident 
upon B. When this condition was no longer true there was no 
imago at P and the field appeared dark. Thus, as long as the 



speed of rotation was slow, brightness and darkness followed in 
turn at P. When the speed was increased so that the alternations 
occurred more than ten times a second a permanent image I'emained 
at P owing to the persistence of the visual impression on the retina. 
The brightness of this image would be reduced in the ratio of the 
arc B to the circumference of the circle of which this was part. 
When, however, the speed of the mirror M was increased so that 
it had moved through a small angle in the interval of time required 
by the light to travel from M to B and back again the light reflected 
from M did not retrace its original path but one which, if M rotated 
in a clockwise direction, caused the final imago to be formed at 
Pi. From the observed shift FPi and the speed of rotation the 
velocity of light was calculated as follows. The diverging beam of 
light falling upon L would converge to a point image at X, Fig. 
27*3 (6), in the absence of the mirror M. Actually it formed an 
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image at R a point on the concave mirror, the two points X and 
B being on a common normal to the mirror M and at equal distances 
from its plane, i.e. X was the image of B. When the mirror 
M was rotated about a vertical axis through N the image of B was 
at Y, let us say, where X, Y, and B lie on a circle whoso centre is 
at N. By joining Y to the centre C of the lens L and producing it 
such that GS = dSi the position of the image was obtained when 
the glass plate was removed. When this plate was present the 
displaced image was at Pi where PPi == SSj. 

Let a == CS, P = CN, r = NR, c = the velocity of light and A 
the displacement when the mirror M made n revolutions 'per second. 

2r 

Then the time to travel the distance 2NB = — and in this time 

c 

2f 

the rotating mirror has turned through an angle 2jin . — 

radians. Now XR and YR are perpendicular to the two positions 

of the mirror M and therefore XRY = angle of rotation ; hence, 
since NR = NX = YN, from two sets of congruent triangles 
X, Y, and R are'^on the circumference of a circle with N as centre, 

80 that XNY = 2XRY = twice the angle of rotation. 


But PPi = SSi = 


Therefore 


(P + r) 


8jinr*a 


87inr*a SjinroL .. /? ^ 


In Foucault’s experiment n = 800 rcv.sec.~^, r = 4 metres, but 
the light was made to traverse this distance five times, so that in 
effect 

r = 20 metres, A = 0*7 mm. which gave c = 2-98 X 10^® cm. sec.~^. 


Foucault also employed this method to determine the velocity of 
light in water. A tube containing water was placed between 
N and R, and a converging lens was placed in front of this tube 
to compensate for the effect of the water on the convergence of 
the rays passing through it. The displacement of the image was 
greater than before. From this Foucault concluded * La lumiere 
se meut plus vite dans Tair que dans I’eau,’ but he made no estimate 
of the ratio of the two velocities. In 1883 Nicholson, using an 
apparatus similar to Foucault’s, measured the two displacements 
and found the ratio to bo 1-330. This agreed well with the refrac- 
tive index of water, 1*334, as required by the wave theory which 
is briefly outlined in the next chapter. 
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Michelson^s Experiments. — Foucault’s method for determining 
the velocity of light suffers from the fact that the brightness of the 
image decreases as the distance RM increases. Michelson showed 
that, if the lens were placed at a suitable point between M and B, 
the brightness was independent of the distance RM provided that 
a lens of sufficiently long focal length was used. In his first experi* 
ments this distance was augmented to 600 metres and a shift of 
133 mm. obtained. In 1926 Michelson published an account of 
a new and somewhat modified method. The two stations wore 
Mount Wilson and Mount San Antonio in California, their distance 
apart being about 22 miles and the time for light to go and return 
about 0*00023 second. He found the velocity to be 299796 km. 
8ec.~‘ in vacuo with an error of about 1 in 100,000. 

EXAMPLE XXVII 

Describe Foucault’s method for measuring the velocity of light in 
air and in water, and discuss the importance of the results ho obtained. 



CHAPTER XXVra 

THE EMISSION AND WAVE THEORIES OF LIGHT 


Newton’s Corpuscular or Emission Theory. — According to 
Newton the sensation of light was due to the mechanical impact 
of swarms of small particles emitted by the luminous object 
observed. He assumed that they travelled in straight lines except 
when they approached infinitely close to matter, when their 
rectilinear paths became modified. The phenomena of reflexion 
and refraction were attributed to the modifications thus introduced. 
To explain why some particles were reflected while others were 
refracted, Newton assumed that they wore subject to ‘ fits * of easy 
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Fig. 28*1. — Reflexion and Refraction of a Light Corpuscle. 

reflexion and of eas}" transmission. To explain the phenomenon 
of reflexion Newton assumed that, if during the time when one of 
these corpuscles was in a * fit of easy reflexion ’ it approached very 
close to the interface of two media, the component of its velocity 
perpendicular to the interface began to experience a repulsive 
action. The component parallel to the surface was not altered. 
As soon as the normal component of the velocity began to change, 
the path of the particle became curved ; eventually, when this 
component *had become zero, the path was momentarily parallel 
to the tangent to the interface at the ‘ point of contact.’ The repul- 
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sive action was still operative, however, and the particle therefore 
moved away from the surface along a curved path until its normal 
component of velocity experienced no further change : this hap- 
pened when this component had reached its initial value numerically 
but with sign reversed. The particle would then emerge free from 
the influence of the interface and travel in a straight line with a 
velocity whose components were numerically as before, but with 
the normal one changed in direction. The path of the reflected 
particle must therefore be inclined to the normal to the surface, 
at the point where the normal component of the velocity vanished, 
at an angle equal to that made by the incident ray with the same 
normal. Those facts are made more clear by referring to Fig. 28*1 (a). 
Since there had been no component of velocity normal to the plane 
of the diagram, the motion must be wholly in that plane. Thus 
the laws of reflexion are wholly accounted for by the corpuscular 
theory of light. 

On the other hand, when a particle having a " fit of easy trans- 
mission ’ came under the influence of the interface, i.e. nearer to 
the surface than PQ, Fig. 28*1 (6), the normal component of its 
velocity was increased and even after entering the medium this 
component continued to increase until the corpuscle was beyond 
the region of influence of the interface, i.e. beyond BS. It then 
travelled through the medium with its normal component of velocity 
increased but having the same component of velocity parallel to 
the surface. Its resultant velocity was therefore increased. If 
the first and second media are air and glass respectively, say, let 
Cl and Cj denote the velocities of light in the two m^a, while 
0i and 02 l^he angles of incidence and refraction. Since the com- 
ponents of the two velocities parallel to the surface are identical 
we have 

Cl sin 6i — c^ sin 



where /jl is the refractive index of glass. For the two media con- 
sid^^ /i [> 1, so that if this theory is true Cg ]> Foucault 
and others have measured the velocity of light in various media 
by placing a rod of the material or a tube containing it, if it were 
a liquid, between M and B [cf. Fig. 27*3 (a), p. 537]. They found 
that the velocity of light in all material media waa less than that 
in air. Hence the corpuscular theory of light cannot be valid. 
Wave Theory and the Principle of Huyghene. — In 1678 a 
Dutchman named Huyqhxns postulated that light was a wave 
motion propagated in the aether, the aether being an alil-pervading 
medium in which matter exists. This aether was originally 
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supposed to possess density and elasticity since it acquired 
kinetic energy when set in motion and potential energy when it 
was strained. Huyghens assumed that the properties of the aether 
were the same in all directions, i.e. it is isotropic. To account for 
the propagation of waves let us assume that 0, Fig. 28*2, is the 
centre of a spherical disturbance which at the instant considered 
has reached AB. It must be remembered that the disturbance 
is really spread over the surface of a sphere with centre 0 so that 
AB is merely a portion of the circle which is the intersection of 
the sphere with the plane of the paper. AB is therefore a portion 
of the wave front due to a source at 0. 

Huyghens imagined that each point on 
a wave front is the centre of a new dis- ^ 
tiirbance known os a secondary wave. At 
a time t after the disturbance has reached 
AB each of these secondary disturbances 
will have wave-fronts extending over 
spheres of radii cl, where c is the velocity 
of propagation. The resultant wave front 
will be the envelope of these, i.e. it wiU 
be represented by A'B'. This is the arc Fio. 28 ‘ 2 . 

of a circle with its centre at 0. 

Newton appreciated all these points in the wave theory, but he 
could not reconcile it with the fact that all waves known to him 
(sound and water waves) could bend round corners, whereas light 
was propagated in straight lines. It is now known that the amount 
of bending depends directly upon the wave-length of the disturbance, 
and it is only because the wave-length of light is so small that its 
bending round comers is so minute that we are justified in regarding 
the propagation of light as being approximately rectilinear. 
FbesneIj showed that the wave theory would account for this 
approximately rectilinear propagation, but his argumente are beyond 
the scope of this book. However, let us see how the wave theory 
accounts for the reflexion and refraction of light. 

Reflexion of Plane Waves. — Let CE, Fig. 28*3, be an interface 
between two media, and ABC the trace of a plane wave-front striking 
the interface at C. Then a, 6, and c, normals to the wave-front, are 
‘ rays of light.’ According to the Principle of Huyghens, secondary 
wavelets are immediately formed when the wave-front reaches CE, 
so that every point in CE becomes in turn the centre of a secondary 
disturbance sent back into the first medium. The first point in 
CE to send out such waves is C while the last is E. When the 
disturbance reaches E the secondary wavelet from C will have 
moved forward a distance cl where c is the velocity in the first 
medium and t the interval of time between the arrival of the incident 
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a radius RS where RS = RT, T being the intersection of OR 
produced and the are AEB. It is clear that the envelope of all 
these secondary disturbances, which is the reflected wave-front, 
wiU be the arc of a circle identical with the arc CED, for this arc 
may be considered as the envelope of circles having their centres 
on CD and radii equal to the distance of their centres from the 
arc measured along the normals through their centres to the arc. 
The centre of the reflected wave-front is T where IP = EO, i.e, 
IP = OP. 



Fio. 28*4. — Reflexion of a Spherical Wave at a Plane Surface. 


Lemma. The curvature of a small circular arc : Ijot AOB, 
Pig. 29*10 (6) [p. 564], be a small arc of a circle whoso radius is 
r. Let M be the mid-point of the chord AB. Then OM is 
termed the sagitta of the arc AOB. It is well known that AM* = 

AM* 

OM . MD. When OM is small, MD becomes 2r, so that OM = — . 

2r 

atiele 

Since the curvature of a circular arc is defined as the ratio ^ 


and this is p it follows that for spherical arcs on a common chord 

AB, for example, the sagitta OM is directly proportional to the 
curvature of the corresponding arc AOB. 

Reflexion of a Spherical Wave at a Concave Spherical 
Surface. — ^Let 0, Fig. 28*6, bo a point source of waves situated 


on the principal axis of a concave mirror whose centre of curvature 
is at C. Let APB be a section of this mirror in the plane of the 
paper. A spherical wave, whose trace is AQ^B, diverging from 0 
first meets the mirror at A and B. Let this be the instant from 
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which time is measured. Then by the time that the point has 
reached the mirror at P, the secondary wavelets which originated 
at A and B at zero time will have extended so that their radii are 
equal to PQj. If A 2 Q 2 B 2 is an intermediate position of the wave 
diverging from 0 and under discussion, then when Q, reaches P, 
the secondary wavelets from A 2 and Bg will have radii PQ^. The 
reflected wave will be the envelope of all such secondary wavelets. 
Now let us assume that we have only a mirror of small aperture. 
Then we may assume that the reflected wave-front is spherical, 
its curvature being different from that of the incident wave. More- 
over, if AK is drawn parallel to PC to meet the reflected wave-front 
in K, then AK will be, in the limiting case considered, equal to 



Fio. 28*5.— Refraction of Spherical Waves at a Spherical Surface. 


,the radius of the wavelet from A, viz. to PQi. Through A and K 
draw AM and KN normal to CP. Then the curvatures of the 
incident wave, the mirror and the reflected wave are proportional 
to the sagitt® Q^M, PM, and PN respectively since the chords of 
the corresponding arcs are equal. Now 

PN = PM + MN = PM + PQi = 2PM - QjM, 
or PN + QjM = 2PM, 

i.e. the curvature of the reflected wave plus that of the incident 
wave is twice that of the mirror. If I is the centre of curvature 
of the reflected wave, with the usual notation, we have 
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Refraction Plane Waves at a Plane Surface.— Let MN, 
Kg. 28*6, be a plane interface between two homogeneous and 
isotropic media in which light travels with velocities and 
respectively. Suppose that AB is the trace in the plane of the 
diagram of a plane wave whoso direction of propagation is also in 
that plane. The disturbance in the second (or lower) medium 
first originates at A. Let this be the instant from which time is 
measured. Let t be the time required for the portion of the wave- 
front at B to reach E, where E is on the interface and BE is normal 
to AB. Then at time t a secondary wavelet wUl just bo originating 
at E, while the secondary wavelet from A will have acquired a 
radius or AC (say). Through E draw that tangent plane to 



the sphere whose centre is A and radius AC. If EC is the trace 
of this plane we have to show that EC is the refracted wave-front. 
To do this suppose that the point 0 in the wave-front AB reaches P, 
a point in AE, at time t\ OP being normal to AB. Then when B 
reaches E, the secondary wavelet from P at the time t, will have 
a radius — <'). If EQ is the tangent from E to the wavelet, 
PQ = Ca(/ — t% Hence 

AC ^ ^ ^ AE “ AE’ 


* PE “ AE’ 

cr, sin ABC = sin PEQ, so that EQ and EC must coincide. In 
this way it may be shown that all the secondary wavelets from 
points in the interface will touch CE, so that this is the refracted 
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wave-front. Moreover, if 0^ and 0, are the angles indicated, they 
are respectively the angles of incidence and of refraction, so that 


sinOi _ M ^ 
sin0a "" AO 

Thus the constancy of the ratio of the sine of the angle of incidence 
to the sine of the angle of refraction is established by the wave- 
theory of light. This ratio is termed the refractive index of the 
second medium with respect to the first, and is denoted by 
Let Cq be the velocity of fight in a vacuum, and let [ly and 
be the refractive indices of the two media referred to a vacuum. 
Then 

sin dy ^o /^2 

sin 0, “■ C^/Cy ^ fly 

which gives 

/ly sin 01 = ^2 ^^ 2 * 

Let us now suppose that 02 < 0i, so that the lower medium is 
the more highly refracting, i.e. the refracted ray is bent towards 
the normal at the point of incidence. This occurs, for example, 
when light passes from water to glass. The experiments of 
Foucault and of Michelson showed that the velocity of light in 
water was greater, than that in glass, and that 


Cwater 

Thus the wave-theory, in the middle of the last century, received 
almost universal acceptance for, as already cited, the corpuscular 
theory could only account for the laws of refraction on the assump- 
tion that the velocity of light in a vacuum was less than its velocity 
in any other medium, a result which was now shown to be contrary 
to experimental evidence, whereas the wave-theory showed that the 
velocity of light in a vacuum must be greater than that in any other 
medium, a fact which experiment now confirmed. This long- 
standing conflict ended, the science of optics made rapid advances : 
at first it was assumed that light vibrations took place in an elastic 
solid aether, but later on it was shown by Maxwell that the 
vibrations were electromagnetic. 

Refraction of a Spherical Wave at a Spherical Surface. — 
Let C, Fig. 28*7, be the centre of curvature of a spherical surface 
between two homogeneous and isotropic media in which light travels 
with velocities Cy and Cj respectively. Let 0 be a point source in 
the first medium and on the principal axis of the interface. Then 
a spherical wave diverging from 0 is in such a position that its 
trace in the plane of the paper is when it first meets the 
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interface at P. Spherical wavelets then travel from P into the 
second medium. Suppose that when A^ reaches A, the first 
wavelet from P has acquired a radius PQj. The refracted wave- 
front will be the envelope of all the wavelets from every point on 
the interface, each wavelet beginning as the appropriate point on 
the incident wave reaches the interface. If we limit our discussion 
to that portion of the interface in the immediate neighbourhood 
of P, we may assume that the refracted wave-front is that portion 
of a sphere passing through A, Qg, and B, its centre being at I on 
the principal axis of the system. In the absence of a second 
medium the wave from O and under discussion would have reached 
a position indicated by AQ^B. Since the time of propagation 
from Ajl to A, or P to Qi, in the absence of the second medium, is 
equal to that from P to Qj when this medium is present, we have 

c, Cl * 



Fio. 28>7. — Refraction of Spherical Waves at a Spherical Interface. 


Now the curvatures of the incident wave, the interface, and the 
refracted wave are respectively proportional to QjN, PN, and 
QjN, where N is the projection of A on OC. We have 

NQi + QiP = NP. 

QiN + NP = QiP. 

. NQa-N P _ _ ^ _ PQ, 

Cs c, c. 

Cl Cl Cl 


660 


opncs 


• - QgN + PN ^ - QiN - NP ^ - QiN + PN 

®2 ®J 



C* Cl 

Multiplying throughout by Cq, the velocity of light in vacuo, 
and remembering that and the absolute refractive indices of 

c c 

the two media, are respectively - and we have 

which is identical with the appropriate equation obtained from 
geometrical optics. 

Refraction by a Lens. — Let O, Fig. 28*8, be a point soui-cc of 
light situated on the principal axis of a converging lens. Then a 
wave-front, occupying the position CLD in the absence of the lens, 
will have its central portions retarded so that CMD (full line) is the 


C 



Fia. 28*8. — ^Refraction through a Lens. 


actual wave-front in the lens. The wave-front emerging from the 
lens will have Its Central portions stUl further retarded with respect to 
its outer ones. Let us assume that the wave-front on first emerging 
has the form HBK, which is the arc of a circle when the distance 
AB is small. Let T be the point to which the emergent waves 
converge. [There are cases in which I is on the same side of the 
lens as O — ^the emergent waves then diverge from this point and. 
the image is virtual.] With centre I and radius IC describe an arc 
to cut the axis in N. Then the time for the disturbance to travel 
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in air from 0 to I via C must be equal to the time required for it 
to travel from 0 to I via A and B, i.e. partly in air and partly in 
glass. Let and Vg bo the velocities of light in the two media. 
Then 

OC CI_OA AB BI 

V/ Va“ Va v; v; 

i.e. OC -|- Cl = OA -f" juAB -j- BI| 

OL + NI = OA+;iAB + BI 
AL + NB = /iAB 

= /t(AP + PB). 

where CPD is normal to 01, 

i.e. (LP + PA) + (NP + BP) = ^ (AP + PB). 

Consequently, 

l«l kil ^ H l»-il ^ 






Introducing the usual convention for signs, wo have, 


V U ^ Jl Ti ' 


EXAMPLES XXVIII 

1. — What are the principal characteristics of wave motion f By con- 
sidering the refraction of a plane wave at a plane surface, show how 
the laws of refraction of light can be explamed on the wave theory. 

2. — Describe cm experiment to show that light consists of waves. 
What are the essential difieronoes between soimd and light waves ? 



CHAPTER XXIX 

INTERFERENCE AND DIFFRACTION 

The Principle of Superposition. — The reason why Newton 
and his school were not convinced by the exponents of the wave 
theory was that if light were a vibratory motion in the aether, then 
how could its rectilinear propagation and the formation of shadows 
be explained ? It was not until Youno, in 1801, introduced the 
principle of interference into optics that an explanation of the 
above in terms of the wave theory was forthcoming. 



Fig. 29 . 1 . 


If two wave trains having the same wave-length travel across 
a mercury or water surface, each will produce the same effect as 
if it alone were present. The resultant displacement, at any instant, 
of a particle on the surface is therefore the algebraic sum of the dis- 
placements it would have at that same instant due to each separate 
train. Let us assume that A, Fig. 29*1, is the point where a style 
attached to a tuning-fork just touches the surface of some mercury. 
When the fork vibrates waves will originate at A and travel across 
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the surfooe. At any instant these wares may hare crests repre- 
sented by the thick line circles, and troughs by the others. If a 
second style is attached to the same prong and touches the mercury 
at B, a crest will originate at B simultaneously with one at A. 
The crests and troughs forming thb second train are also indicated. 
At i)oints, such as L, where a crest of one train coincides with a 
crest from the other the resulting displacement will be a maximum, 
while at points such as M where a crest of one train meets a trough 
in the other the resultant displacement will be zero. Also at N, 
and other similar positions, where trough meets trough, the dis- 
placement will be a maximum, only in a direction opposite to that 
at L. The two wave trains are said to have interfered at the points 
where the disturbance is zero and a stationary pattern will have been 
produced on the mercury surface. 

If light consists of waves it should bo possible to obtain interfer- 
ence patterns if two sources emitting waves of the same wave-length 
and in the same phase can be procured. Now every attempt to 
obtain interference with two different light sources, even though 
they are monochr^omatic, must necessarily fail, since the light 
vibrations from any source undergo rapid and abrupt changes in 
phase. To obtain permanent interference patterns the two sources 
must be either a real source and its imago or else two images of the 
same source, for then any change of phase in the real source will 
cause a simultaneous and equal change in its image. The rays 
from such sources are said to be coherent. 

Investigation of the Combined Effects due to Two Separate 
Coherent Light Sources. — Let Si and Sg, Pig. 29*2 (a) bo two 
such point sour«5C3 of light, i.e. the amplitudes, phases, and wave- 
lengths, X, are identical. Suppose that MN is a screen parallel 



to SiSj and at a ^perpendicular distance z away. Let the perpendicu- 
lar bisector of S 1 S 2 meet MN in 0 : then at 0 there will be brightness 
since the distances SiO and S^O are equal. To ascertain whether 
or not a bright fringe exists at P, a point in MN at a distance x 
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from 0, it is necessary to discover 'whether or not SgP ~ SiP is 
equal to an even or odd multiple of Draw S,Qg normal to MN. 
Then 

S,P - SiP = [8* + (* + «)»]* - [8* + (» - a)*]» 

[if<r = 2s 
= 2.0QJ 




( X ' 1 ^ /x ^ \ ^ 

j and f — - — j are small, so that we may use the 
well-known fact that if a is small (1 -f- a)* = 1 + 


• s.P_s.P.,[” + 5] 


9«. ^ 


_ 2x8 _ ax 

Hence there will be a bright fringe at P if 

where m = 0, 1 , 2, 3, . . . 

[m is called the order of the fringe,] 

=1=5 mX. 

Similarly, there will be darkness if 

0"^ /O 1 

- = (2m+1)^. 

Let B„, Fig. 29’2 (6), be the position of the mth bright fringe, 
■ B^+i that of the (m -f l)th. Call OB„ = ; 0B„,+i = a:„+i. 

Then 


— = mX; = (ot + 1)X. 

z z ^ ^ / 

, X« 

. . 

a 

i.e. the distance between consecutive bright fringes, for a given 

Xs 

disposition of screen and light sources, is constant and equal to — . 

Similarly, it may be shown that the dark fringes, ete., 

are equally spa^ between the bright fringes. 

Thus, if interference fringes can be produced and the fringe- 
width measured, it becomes possible to determine the wave-length 
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of the light used. Pig. 29-02 (c) is an attempt to indicate the 
nature of the interference pattern on the screen. 

Fresnel’s Biprlsm. — An optical system used by Fresnel, about 
1820, to measure the wave-length of monochromatic light from 
observations on an interference pattern, makes use of a so-called 
biprism. ABC, Fig. 29-3, is a section of such a prism, the section 
being cut normal to the base of the prism. The prism is made of 
glass and the angle at A is 
very obtuse. Let S be a 
monochromatic source of 
light situated on the per- 
pendicular bisector of the 
base BC and at a distance 
a from the prism. An eye 
placed near to the axis SA 
and on the side of the 
prism remote from S will 
see two virtual images 
and Sg. Si is produced 
by light waves from S incident upon AB and refracted through 
the prism ; Sg is formed similarly. The virtual images act as 
coherent sources. Thus, between the prism and the screen MN 
there are two refracted beams which Overlap in the region HAK so 
that liere interference fringes are obtainable. If b is distance 
between the prism and screen, (a + 6) = z, and the fringe-width is 
therefore 

^ 

cr ~~ a ’ 

This system of fringes may be observed in a low power micro- 
scope focused on the plane HK. In addition to the true interference 
fringes which are equidistant, another set of fringes wdl be seen 
superposed on them. These are easily distinguished, however, 
for their distance apart is not constant. They are diffraction 
fringes. 

In actual practice the source of light is a very narrow slit parallel 
to the refracting edge of the prism. If the slit is widened or 
rotated about a horizontal axis, the biprism remaining fixed, the 
fringes disappear. 

Investigation of the Effect of placing a Thin Plate in the 
Path of One of Two Coherent Light Beams. — Suppose that 
when a thin glass plate DE, Fig. 29*4, of thickness t, is placed so 
that the light from Sj, one of a pair of coherent sources, passes 
through it, the central fringe is displaced a distance x from 0 to P. 
Then the time for a distm'bance to travel from Si to P must equal 
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that for a disturbance to travel from Sj to P. If is the refractive 
index of the material of the thin plate, Cq the velocity of light in 
air, c its velocity in glass, the above equality in the times of transit 
becomes 

SiP - < S,P 

Co '^c Co ‘ 

Since fiC = Cq, SJP — S^P = (/« — l)f. 

But already it has been shown [cf. p. 554] that 


S,P - SiP = 


Hence from observations on the shift of the central fringe, either 
(fi — 1) or < may be determined according as ^ or is known as 



well as or, a;, and z. It is only possible to identify the central fringe 
if white light is used : for in sueh circumstanees each coloured 
constituent produced its own fringe system with its own charac- 
teristic width, so that overlapping occurs to such an extent that 
only a few coloured fringes round the central white one are to be 
seen. 

The Diffraction Grating. — diffraction grating consists of a 
• large number of equidistant and parallel lines ruled on a plate of 
glass or of speculum metal. For some purposes it is advantageous 
to have the surface concave and part of a cylinder, but the only 
type we shall consider is that in which the surface is plane. The 
dark short lines shown in Fig. 29*5, represent the opaque portions 
of a grating. Let us consider a system of parallel rays, OA being 
one of them, incident upon the grating. Let us further assume 
that after refraction at the front surface of the glass the ray OA 
meets B, a point at the extremity of one of the rulings on the 
grating. A secondary wavelet originates at B. Similarly wavelets 
proceed from the points E, Q, H, etc. 

From A and B draw AC and BF normal to the incident and dif «- 
fracted rays PD and EN respectively. At A and'C the phases of the 
incident waves are the same. At B and F any difference in phase 
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will be due to the different tim^ for the disturbances to be pro- 
pagated via the paths AB and CDEF. This difference of time is 
CD DE ^ ^ AB CD + EF 

Cq 

since DE = AB, where Cq and c are the velocities of light in air 
and glass respectively. The difference in path is therefore 
CD + EF. Now any difference in phase existing at B and F will 



still exist at K since the time for the disturbances to travel from 
B and F to K is independent of the actual path taken. We therefore 
see that the two waves will reinforce each other at K if the path 
difference CD + EF is an even number of half wave-lengths, i.e. if 

CD + EF = ?!^^-=jn;i 

A 

where m is an integer and X the wave-length of the incident radiation. 
But CD + EF = AD sin i + BE sin 0 = (o -f &) (sin i + sin fl), 
where (a + b) = BE, the sum of the widths of the grating aperture 

and a space : it is equal to — where n is the number of lines per 

unit length on the grating. Hence for reinforcement 
(a + 6)(8in i + sinO) = mX. 

In general it is usual to arrange the grating normal to the incident 
rays when sin i becomes zero, and we have ' 

(a + 6) sin 0 = mX. 

For any given value of m, every wave-length X present has a 
definite angle 0. Thus a spectrum of the light received is produced. 
If m = 1, we have a ' first order spectrum • : for m = 2, we 
have a • second order spectrum,^ etc. ; m may also be a negative 
integer. 
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The Visual Examination of a Spectrum Produced by means 
of a Diffracting Grating. — typical arrangement is shown in 
Fig. 29*6. The slit S, illuminated by the light whose spectrum is 
required, lies at the first focus of a converging lens, L^, and the 
grating, G, is arranged so that the parallel beam of light emerging 
irom L} falls normally on the grating. Corresponding to each 
wave-length in the incident light there is a system of diffracted 
beams — one in each order. Here we shall only consider the first 
order. Such a beam is shown in the diagram, and it is brought 
to a focus at F, the second focus of the converging lens L,. Tlie 
diffracted image at F is examined visually by a lens L, arranged 
so that a beam of parallel light enters the eye. 

[An identical spectrum appears on the other side of the axis of 
the collimator.] 

The remarks made above with reference to the diffracted rays 



from the pair of points B and B apply equally well to any such 
pair so that the above equations apply to the grating as a whole. 

To measure the wave-length of some monochromatic light the 
grating is mounted on a spectrometer table normal to the light 
.from the collimator, and the telescope having been focused for 
parallel light is turned to view the first diffracted image, correspond- 
ing to m = 1. Actually there will be two such images at equal 
angles on opposite si<ie8 of the normal to the grating. The angle 
between them is measured — ^it is 20. Knowing the number of 
lines per unit length of the grating the above formula enables A 
to be calculated. 

The second order spectrum is then looked for, but it may be 
too faint for purposes of accurate observation. If it can be located 
A may again be calculated using m = 2. 

If the grating is Uluminated with white light a continuous spec- 
trum will be obtained, but it may not be so pure as that obtained 
with prisms on account of the overlapping of spectra of different 
orders. 
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The Localizatioii (Situation) of Interference Fringes. — ^Let S, 
Fig. 29-7 (o), be a point sourco of monoohromatio light of wave- 
length A, and let I bo an apparatus — a so-called interferometer — for 
producing a path difference between coherent rays of light. Let P 
be a point in the space where interference may occur. Consider the 
two ra3rs SACP and SBDP. Let A be the difference in optical path 

between these two rays. If A is an odd multiple of ? darkness will 

result at P ; brightness occurs when A is an even multiple of -g. Now 

when S and P are fixed, A is completely determined. If, therefore, 
a screen is held in the neighbourhood of P, the illumination on the 
screen will vary from point to point, darkness and brightness alter- 
nating. Such fringes are obtained wherever the screen is held, pro- 
viding, of course, it is in the path of the interfering beams ; such 
fringes are said to be non^localUed. 

Extended Source i Localized Fringes. — Suppose now that S 
Fig. 29-5 (&), is an extended source of monochromatic light, i.e. it is 
a region containing many point sources. It will be found that inter- 
ference fringes are to be seen only in definitely located positions — 
such fringes are said to be localized* Let SACP and SBDP be two 
coherent rays meeting at P and suppose that the eye is focused on P. 
The pupil subtends an appreciable angle at P : it therefore receives 
from P not only th^ above rays (in reality they are so near together 
that if drawn to scale they would coincide) but a conical pencil made 



up of similar pairs of rays coming to P from adjacent parts of the 
source via adjacent parts of the interferometer. In general, the value 
of 6 for each such pair will be different and the illumination at P, 
which is due to all the light reaching the eye from that point, will 
neither be a maximum nor a minimum. The same applies to other 
points near P, so that the illumination is uniform and no fringes are 
visible. It may bo shown, however, that the rate at which d varies 
with the inclination of the rays passing through a given point is not 
the same at all distances from the interferometer, and at certain 
distances it has a minimum value. In this region fringes will be 
observed if the cone of rays utilized from each point of the field is 
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not too wide. [Fringes may be seen which cannot be photographed 
on account of the wider angle of the cone of light received by a oamora 
lens.] 

Interference Fringes obtained with Thin Parallel Plates in 
Monochromatic Light. — Consider a ray of monochromatic light » 

OA, Fig. 20 *8»- incident 
at an angle a upon the 
upper surface of a thin 
parallel plate of thick- 
ne8S» t (a film of air 
enclosed between two 
parallel glass surfaces is 
a ‘ plate ’ in so far as 
this discussion is con- 
cerned, although we 
shall, for the sake of 
being definite, consider 
a plate of, say, glass). 
This gives rise to a re- 
flected ray, AH and a 
refracted ray, AB, which 
is reflected at the rear 
surface of the film — 
there is also a refracted 
ray proceeding from this point, but it does not concern us hero. At 
C there is produced a reflected ray, CD, and a ray, CK, emerging 
from the film in a direction parallel to AH. Similarly, other reflected 
and refracted rays are produced. 

By considering any two adjacent TB,yn of the system of parallel 
rays emerging from the plate it may bo shown that there is a constant 
path difference between them. Let us select the rays AH, CK. Here 
it must be ompliasizod that the intensity of the pattern formed on the 
retina of the eye receiving the rays would involve a discussion of all 
the light rays reflected from the surface of the film and entering the 
eye, but their effect will not greatly modify the result obtained by 
considering only two rays, since the intensity of the rays neglected 
is much less than that of the rays AH and CK. 

Lot CX and CY bo drawn normal to AH and AB respectively. Con- 
sider the difference in time required for the light to reach the retina 
when it travels along OAHR and OABCKR. The time of travel along 
OA may be neglected since it is common to each ray ; also the times 
from X to R and C to R, since they are equal — a fundamental property 
of any lens system. Let Cq and c be the velocities, of light in air 
and in the medium of the plate. Let A be the wave-length of the 
light, this being mecisured in air. 

AX 

The time for the light to travel from A to X is 

Co 

A i. n • "o • 

M M M M A to C Via B IS 

c 

.•. the second ray is apparently delayed by an amount 



Fxo. 29*8. — Interference Fringes with a thin 
parallel plate (reflected light). 
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„ AX AY 
But — = — 

Co c 
that from A to Y [cf. p. 647]. 


V since the time of travel from A to X is equal to 


Apparent time difference is 


AY + YB + BC 
c 


AX 

Co 


YB + BC __ 2t cos p 
“ c • 

where p is the angle of incidence on the lower face. 

The above time ^fference is equivalent to a path difference measured 
in air of an amount 


2t cos p 
c 


• Co 


cos p. 


The word * apparent * has been inserted in the above argument 
since an important correction has to be made. The electromagnetic 
theory of light establishes the fact that when light is reflected at a 
medium-air interface there is no change in phase : when the reflexion 
occurs at an air-medium interface a phase difference of tt, equivalent 
to a path difference of JA, A being the wave-length in air, is intro- 
duced. This fact has been established experimentally [cf. the corre- 
sponding instance in acoustics]. In the present instance this change 
in phase occurs at A. Hence the effective time of transit from the 
arrival of the diatuTDanco at A until it reaches X is 


AX 4- jA 

Co 

The effective path difference is therefore 

r AY -f YB + BC _ AX -f jA 
L c Co 

= cos jS - j 5 (say). 

For the rays to rcMii force one another at R, tlie above exi^rcssion 
must be equal to on even multiple of oven to wiA, where m is a positive 
integer, including zero, i.e. 

2,ut cos P 2 “ 

or 2/jitcosp = (2m + l)^. 

For darkness, the necessary condition is 

2/it cos /5 — I = (2m h 1)^ 

or 2fit cos p = mA. 

The light transmitted through the plate will also exhibit interference' 
efTeots — in fact, the system of fringes will be such that whore the in- 
tensity is a minimum in one, it is a maximum in the other. The 
intensity of the bright fringes will be the same in each instance, if 
no absorption occurs in the plate, but the minima in the transmitted 
light are never well defined since the light reflected back into the 
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plate is only a small fraction of that which is transmitted. A calou* 
Ution of the retardation with transmitted light is instructive and will 
therefore be given. 

Fig. 29*9 indicates the formation of the rays of light to be con- 
sidered. As before, we limit our discussion to two rays, viz. BK and 



BCDL. The difference in time of travel from 0 to S by the paths in- 
dicated is 

AB + BC 4- CD _ /^ . BX\ ^ B Y YC + CD _ BX ^ YC +CD 

C \ C Cq / C Cq c 

The path difference measured in air is therefore 
YC + CD 

. Cq — 2/it COB p. 

This path difference is the true path difference since there is no 
change of phivte when a reflexion occurs at a medium-air interface. 
Hence, for darlmess, 

2/it cos ^ — (m + i)A, 

and for brightnoBS 

2/it cos fi » mX, 

The Necessity for a Broad Source. — Suppose a very thin soap 
fihn is made and sodium light, for example, from a point source reflected 
from it. Fringes only appear across the image of the source. If a 
broad source of such light is used, the whole film appears to be crossed 
by interference fringes. Since these fringes do not move relatively 
to the film when the eye of the observer moves, they must be located 
in the film. It may be shown that the fringes ore formed at infinity 
when parallel light is used and that the fringes are then circular. 
The subject is, however, too difficult for us to discuss further. 

The Colours of Thin Films. — Sufficiently thin films of trans- 
parent substances exhibit brilliant colours wl^n examined in white 
light. Such colours ore to be seen in soap bubbles, in thin oil films 
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resting on a surface of water, and in the thin oxide layers coating 
various metals. It has been shown above how interference effects 
may be obtained with thin films when monochromatic light is used 
to view them. With white light, when the condition for a minimum 
intensity is satisfiod for one colour, it is not satisfiod for others and 
if one colour is removed from white light the complementary colour 
appears. 

Newton’s Rings. — A thin film of air of slowly varying thick- 
ness is produced when a converging lens whose surfaces have large 
radii of curvature is j)lacod on a fiat surface [cf. Fig. 29*10 (n)]. 
If the point of contact is viewed in white light it will bo seen 
surrounded by coloured rings. These were first observed by 
Hookk in 1666 and their radii measured by Newton : Youno 
gave the first satisfactory explanation of them. The coloured 
rings are due to interference effects betweeti light waves reflected 
at the upper and lower surfaces of the air film between the lens 
and plate. If monochromatic light is used many more rings are 
observed. Let us calculate the condition for the intensity to bo 
a maximum or a minimum when the rings are viewed by reflected 
light. 

We shall assume that there is good optical contact between the 
lower surface of the lens and the plate, and that the light falls 
normally on the plate — ^this latter condition is true only if r is 
large and the fringes limited to the region close to fche point of 
contact of the surfaces. If R is the radius of curvature of the 
spherical surface, p that of a ring, and PN the thickness of the 
air film, then 



for if we imagine the ciide to be completed as in Fig. 29*10 (li), then 

PN = OC 

where OC is termed the sagitta of the arc QOP, and OC is given by 

OC.CD = CP*. 

But CD = 2Rt so that the above formula ensues at once. 

[ It must be remembered that the formula for PN is only 
true if the curved surface actually touches the flat one : in 
practice, this may be prevented by dust, and the surfaces are 
distorted if each exerts a force upon the other. Experimentally, 
we shall see how this difficulty is overcome, by using a difference 
method.] 

Let us oaloulate the time for a light disturbance to travel from 
X, Pig. 29-10 (c) — a point in the lens — ^to P and back to X ; also 
via P to N and back again to X. It must be remembered that 
when light is reflected at a medium-air interface there is no change 
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in phase introduced : when the reflexion occurs at an air-medium 
interface a phase retardation equivalent to a path retardation of 

^ is introduced. In the present instance this latter type of reflexion 
2 


occurs at N and the time for the disturbance to travel via N is 
increased by JT, where T is the period of vibration. In effect, 
the path via N has been increased by 

If Cq is the velocity in air, c the velocity in the material of 





Fig. 29*10. — Nowton*B Bings. 

the lens, then the time of transit from X and back to X by a path 
wholly within the lens is 

XP + PX 
c 

For the path XPNPX, it is 

2.PN , T , XP + PX 

Co 2 c 

The time difference is therefore 


2PN . T 
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Now in this time the light would travel in air a distance 

where X is the wave-length in air, i.e, in the medium of the film. 
For darkness, this equivalent path difference must be equal to 
(w + i)X, where m is a positive integer including zero, i.e. 

2PN = mA or = 

The centre of the system {m = 0) is therefore black. 

If Pi is the radius of the smallest dark ring (not the centre itself) 
Pm »* »» » *» >» 

. 1 = P«-P ' = ^ 1 * 

*• (m-l)R 4(m-l)R’ 

where dm diameter of the mth dark ring. 

Similarly, if is the radius of the nth dark ring, we have 

X = 

(m — njR 

For brightness, the above time difference must bo mT, where 
m is an integer not including zero, i.e. 

2PN T * X 

or 

Newton’s Rings by Transmitted Light.— When the rings 
are viewed by transmitted light, the system of fringes is comple- 
mentary to that formed by reflected light. It must be remembered, 
however, that in the rings formed by transmitted light, the intensity 
of the ray passing through without reflexion is much greater than 
that which suffers two reflexions — ^in fact, its intensity is almost 
equal to that of the incident light, i.e. the amplitudes of the inter- 
fering wave trains are not equal and the minima are therefore 
not completely dark. 

The above means that the transmitted rings are much more 
indistinct than the rings obtained by reflected light. In the form- 
ation of these last-mentioned rings, there is interference between 
two rays each of which has undergone reflexion at one of the 
boundaries of the film : in consequence, they have the same ampli- 
tude and the minima are completely dark. 

The experimental arrangement for viewing Newton’s rings is 
indicated in Fig. 29*10 (d). A circular opening, S, in a metal screen 
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is illumiaated with sodium light ^ and a converging Ions Lj is 
placed so that S is at its focus. This position of the lens may be 
found with the aid of a plane mirror as in the experimental 
determination of the focal length of a converging lens. The parallel 
beam of light produced by Lj is reflected from a thin microscope 
cover glass M on to the lens L,. A microscope, A, previously 
adjusted so that the upper surface of the glass plate G is in focus 
[or rather some small scratch on the surface is in focus], is moved 
until the rings are seen. With the arrangement here described it 
is a little difficult to find the rings. They may be found more 
readily by using an extended flame as the source, i.e. remove S 
and Lj. This source should be as near as is convenient to M. 
The rings are very brilliant under these conditions and the glass 
M is adjusted until an eye E vertically above the point of contact 
of Lt and O sees an image of tho flame. The microscope is, of 
course, removed during this procedure. Under these conditions 
the rings will also be seen and the microscope may be brought into 
position. If the rings are measured under these circumstances 
the error due to the fact that the light is not parallel is, in general, 
negligible, since the rings occupy only a small area around the point 
of contact so that the rays producing them may be regarded as 
being almost parallel. If it is essential to measure the rings using 
light which is strictly parallel the aperture S and lens L| may be 
introduced after the rings have been found. They will still be in 
the field of view, only very much reduced in briltiancy. 

To avoid locating the position of tho centre of the system of 
rings, and some of the difficulties mentioned above, it is better to 
measure the diameters of the rings. If and are the diameters 
of the mth and nth bright rings respectively, 

= 4 [(2m-l)^-(2n-l)^] 

= 4(tn — n)AR. 

Deduce the value of X from observations on the 10th and 5th, 
9th and 4th rings, etc. 

In the above treatment we have neglected the fact that the rings 
which are formed in tho air film are examined after refraction 
through the lens L|, but if this lens is thin the error thus introduced 
is very small. The error is avoided completely by placing the flat 
plate on top of the curved surface and viewing the rings by reflected 
light. 

& This is readily obtained by boating a mixture of common salt and borax 
on the end of a gas-mantle support. A lid from a small tin is fitted over 
the top of the bunsen burner to prevent any of the molten mixture from 
falling on the bench— of. sketch. 
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Alternative Treatment for a Study of Newton’s Rings 

Let us suppose that a flat plate rests on top of a spherical surface 
with a large radius of curvature, R, so that an air film of variable 
thickness is formed as indicated in Fig. 29- 11 (o). Consider 
light falling normally on the film and that the light reflected from 
the bounding surfaces of the film is considered. On account of 
the phase change equivalent to an increase in path of where 
^ is (he wave-length of the light in the film (air), there will be 
darkness at the point of contact, D^, between the surfaces. This 
will be surrounded by the first bright ring at B^, and BjA^, the 
thickness of the film, will be such that 

2B^Ai = |X(,. 

This is because in passing from a dark fringe to a bright one in an 

Incident I \ Reflected 
Li^ht I I Liiht 





J>c 


(a) 



M Be A 


(h) 

Fio. 2911. 




interference pattern the increase in path is Similarly, for the 
second bright ring 

^BjAj = (i + l)Xo = fXo, 
and for the mth bright ring 

2BJ^„ = (2m - 1)^. 

But if pm is the radius of the mth bright ring = B„,Am.2B, 
BO that 

Pm* = iBXo(2m - 1) = EX,m - 

If we call = y, jw = a;, and plot a series of observations, we 
ought to obtain a straight line whose slope is BXq. It is of course 
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better to measure the diameters of the bright rings since the centre 
of the system cannot bo located with accuracy, when the above 
equation will require modification. 

Let us now suppose that a liquid of refractive index jj, is trapped 
between the above surfaces and let us assume that the refractive 
index of the material of the plate, and /igi that of the material of the 
lens, are such that /^i > /« > The phase change is zero on 
reflexion at each of the boundaries so that there is a bright spot 
at the centre of the system. Proceeding as before wo have : — 

For the first bright ring 2BiAi = X. 

„ second „ „ 2 B 2 A 2 = 2X. 


mth 


Hence 


2B„A„ = mX. 


pm 


a ^ 2R.— = 


RXo 


If pm® == y slope of the straight line is — . Thus 

the ratio of the slopes of the two graphs gives a value for the 
refractive index of the liquid comprising the film. 

[N.B. — If p>i < fi < fit* SL phase change equivalent to an increase 
in path of ^X, where X is the wave-length of the light in the medium 
of refractive index jU, takes place at both the upper and lower 
reflecting surface's : thus a bright spot is the centre of the ring 
system.] 

Determination of the Angle between Two nearly Parallel 
Plates. — ^Let OA and OB, Fig. 29-12, be the faces of two parallel 



plates of glass enclosing an air film and let <f> be the very small angle 
between these faces. When the plates are viewed by reflected 
monochromatic light a system of equidistant interference fringes 
will be observed : each fringe will be parallel to the line of inter- 
section of the two faces. Suppose a bright fringe occurs at : 
the next bright fringe will occur at B„|+i, where 
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and the thickness will increase by for each successive bright 
fringe. Hence, if there are n bright fringes between and 
we have 


A — — ^mBm tik 

B|n+n®n 2a? 

where ^ will be given in circular measure. 


EXAMPLES XXIX 

1. — Interference bands are produced by a Fresners biprism in the 
focal plane of a microscope. This plane is 100 cm. from the slit. A 
converging lens placed between the biprism and the microscope gives 
two distinct images of the slit in two positions. These images are 
2*86 and 4*13 mm. apart in the two instances. If the mean distance 
between the interference fringes is 0*1002 cm., what is the wave-length 
of the light used ? 

2. — Explain the production of the fringes which may be seen in a 
soap hhn formed on a vertical wire frame. If the fringes seen with 
transmitted sodium light are 6 mm. apart, what is the angle between 
the surfaces of the film T 

0i - l ia, Ad - 5-8« X lOr* (L. ’SB.) 

3. — Describe in detail a method of producing interference fringes 
and show how it may be applied to determine the wave-length of the 
light transmitted by a piece of red glass. 

4. — A slightly convex lens is placed on a plane glass plate. Account 
for the formation of the rings seen round the point of contact when it 
is looked at normally. How would you tise such an arrangement to 
prove that the wave-length of red light is greater than that of blue 
light T 

6. — ^Describe and give the theory of an accurate method of deter- 
mining the wave-length of sodium light. 

6. — A convex surface of known radius of curvature is placed in 
contact with a plane surface. Derive an expression for the radius of 
a ring as seen by reflected light in terms of the angle between the two 
reflecting surfaces at the points in question. 

7. — In an experiment with Newton's rings, using reflected light, the 
diameters of two consecutive rings are 2 cm. and 2*02 cm. ; what is 
the radius of curvature of the lens surface in contact with the plane 
glass T [A for light used =* 6897A.] 

8. — A plane diftraotion grating has a constant 1*79 x 10~^ cm. 
First and second order spectra are found when the angles of diflraction 
are 18^ 40' and 39^ 48' respectively when monochromatic light is incident 
normally on the grating. Calculate the wave-length of the light. 

9. — Show that if monochromatic light of wave-length A is incident 
on a plane diffraction grating at an angle i, the angular positions of 
the lines in the diffraction pattern are given by the equation 

mA = (a + 6)(sin i + sin 0), 

whore the symbols have their usual meanings. 

If t — 45®, calculate values for the angular positions of the different- 
order spectra for light of wave-length 6 0 x 10“ ® cm., if the grating 
constant, i.e. (a + b), is (6 x 10*)“ ^ cm. 

l.P. 
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10. — ^Monochromatic light of wave-length 5*46 x IOt® cm. falls 
normally on a grating consisting of parallel wires eqxiidistant from 
one another. Spectra are observed in positions 17' and 62' from the 
zero-order spectrum. Calculate values for (a) the grating constant, 
(6) the thickness of the wire. 

11. — drop of liquid of refractive index 1-58 is placed between 
a plano-convex lens and a plane glass plate on which the former 
rests. The materials of the plate and lens are identical and have a 
refractive index 1'50. Calculate the diameter of the fifth bright ring, 
if the radius of curvature of the lens surface is 200 cm. and light of 
wave-length 6-9 x 10“* cm. is reflected normally from the S 5 ^tem. 
What effect will be observed when the plate is replaced by another 
whose material has a refractive index 1*66 ? 

12. — The refracting angles of a biprism are each 0’025 radian ; the 
material of the biprism has a refractive index 1 *59 ; the slit and screen 
are 10 cm. and 80 cm. respectively from the biprism. Calculate a 
value for the separation of the fringes produced by light of wave- 
length 5900 A. 

13. — The convex surface (radius of curvature 400 cm.) of a plano- 
convex lens rests on a concave surface of 600 cm. radius and Newton’s 
rings are viewed by reflected light of wave-length 6-9 X 10“ * cm. 
Calculate the diameter of the fifth bright ring seen. 

14. — Calculate a value for the angular separation of the two sodium 
lines (Ai = 6896 A, A 2 = 6890 A) in the first- and second-order spectra 
produced by a plane dilfraction grating having 6000 lines per centimetre. 
The light is incident normally on the grating. 

16. — Parallel light from a morciiry- vapour lamp falls normally on 
a plane diffraction grating having 6000 lines per centimetre. The 
diffracted light is focused on a screen by a converging lens of focal 
length 100 cm., the axis of the lens being orientated so that the mercury 
green lino in the first-order spectrum is at the second principal focus 
of the lens. Calculate values for the angular positions in the first- 
order spectrum of the lines corresponding to light of the following 
wave-lengths: 6791 A, 5770 A, 5461 A, 4358 A, 4339 A. 

(green) 

Also calculate their distances, on the screen, from the green line. 
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POLARIZED LIGHT 

Introductory. — In developing the wave theory of light in the 
previous chapters no stipulation as to the nature of the waves has 
been made. Moreover, it has always been assumed that all light 
behaves in the same way under the same circumstances. For 
example, if a surface reflects light, it will always reflect it. It will 
now be shewn, however, that there are certain rays of light possessing 
a two-sidedness so that a water or other surface may refuse to reflect 
them at a certain angle of incidence. Such light is said to be 
polarized. The only type of polarized light we shall discuss is 
that in which the vibrations occur in parallel planes — it is termed 
plane polarized light. The study of such light is important 
because it helps us to decide whether or not light consists of longi- 
tudinal or transverse vibrations in the sether. 

Let us first consider an analogy. If a wire spring about 6 ft. in 
length [such as is used for hanging curtains] is stretched slightly and 
passed through a narrow slit the following experiment may be per- 
formed : — When the spring is plucked by displacing it parallel to 
the length of the slit the disturbance set up passes through the slit. 
If it is plucked in a direction at right angles to the slit the disturb- 
ance fails to pass through it. On the other hand, a longitudinal 
disturbance excited in the spring always passes through the slit 
irrespective of the orientation of the slit with respect to the spring. 

Returning to the optical problem, a section of a tourmaline 
crystal of the shape shown in Fig« 30*1 (a) is obtained. Such a section 
is said to be cut parallel to the crystallographic axis AB. All 
crystals possess certain axes to which their shape and other pro- 
perties may be referred in the simplest possible manner. These 
axes are termed the crystallographic axes, but the student must be 
careful not to regard them as fixed positions in a crystal. They are 
merely directions, and any line parallel to a crystallographic axis 
is an identically equivalent axis in all respects. If a sheet of white 
paper is viewed though such a tourmaline slice more than 1 mm. 
thick the emergent light will be tinged green owing to selective 
absorption in the crys^, but the intensity of the transmitted light 
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will not be affected when the crystal is rotated about an axis normal 
to the face of the crystal receiving the light. If a second similar 
crystal is held so that the crystallographic axes of the two crystals 
are parallel, no appreciable difference in the light .transmitted by 
them will be noticed. On rotating the second [or first] crystal as 
previously the intensity of this light will' gradually diminish until 
when the axes of the crystals are mutually perpendicular no light is 
transmitted. The two crystals are said to be crossed^ Fig. 301 
(6) illustrates this complete extinction of light by crossed tourmalines. 
This experiment may be explained if we assume that the light 
transmitted by such a slice of a tourmaline crystal has become 
plane polarized, for such light can only be transmitted by the second 
crystal when their axes are similarly orientated. From the analogy 
given above it is clear that light waves must be transverse and not 
longitudinal. 



Now although we have proved that light consists of a transverse 
motion in the aether and that plane polarized light is obtained when 
these vibrations are in one plane we do not know definitely the plane 
in which they occur. Some writers have assumed that the vibra- 
tions are parallel to the crystallographic axis, and others that they 
,are in a Erection normal to this. The electromagnetic theory of 
light teaches us that something is probably going on in each of these 
planes, but for our present purpose we shall assume that in the plane 
polarized light transmitted through a tourmaline crystal the vibra- 
tions are in a plane containing the crystallographic axis. A plane at 
right angles to this is called the plane of polarization — cf. Fig. 
30-1 (c). 

The above peculiar property of tourmaline is due to the fact 
that when a ray of light is incident normally on the face of the 
crystal it divides into two rays, one polarized in the plane con- 
taining the axis AB and the other in a plane perpendicular to 
the above. The former of these is absorbed while the latter is 
permitted to pass, i.e. light in which the vibrations are parallel 
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to the orystallographio axis AB emerges from the tourmaline 
plate. 

Polarization by Reflexion. — and N, Fig. 30*2, are two pieces 
of plate glass which can be rotated about horizontal axes, the lower 
one N, in addition, being capable of rotation about a vertical axis. 
Light from an arc lamp passes through a small aperture S placed 
at the principal focus of a converging lens L so that a parallel beam 
of light falls on M. The direction of this beam of light and the tilt 
of M are arranged so that the angle of incidence is 55°, and that the 
reflected beam passes ver- 
tically downwards on to N. 

Tliis second mirror is par- 
allel to M so that it receives 
light at an angle of incidence 
equal to 55°. A circular 
patch of light will be seen 
on a cylindrical translucent 
screen placed round N. 

When N is rotated round a 
vertical axis the intensity 
of the reflected light falls 
gradually to zero when the 
rotation has amounted to 
90°. On continuing the 
rotation in the same direc- 
tion the intensity will be- 
come a maximum when the 
rotation is 180°, fall to zero 
at 270°, and Anally be a 
maximum again when a 
complete rotation has been 
made. If N is rotated 
rapidly a ring of light 
with two maxima will be 
produced on the screen, 
reflected from a glass surface at an angle of 55° is plane 
polarized. 

Brewster’s Law. — When light is incident ot an angle other than 
55° the light reflected from the lower mirror is never reduced to 
zero although there are variations in intensity. From a series, of 
experiments made with different reflectors, Brewster discovered 
that complete extinction occurred when the reflected ray was 
normal to the refracted ray. The particular angle of the incidence 
when extinction is possible is termed the angle of polarization or 
polarizing angle* If OA, OB, and OC, Fig. 30*3, are the incident 



Fio. 30*2. — Polarization by Reflexion. 
This can be explained if the light 
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reflected, and refracted rays when the angle of incidence, a, is 

equal to the angle of polariz- 
ation, Brewster's law states 
^ I * that 

„ .. ®0C = K i.e. (a + /?) = 


^ jS cos a 

Since fx depends upon the 

colour of the light it follows 

jj£* \ that complete polarization in 

^ the reflected ray is only 

on o X . T obtained with monochro- 

Fia. 30*3. — Brewster’s Law. ^ 

matic hght. 

Double Refraction. — Erasmus Bartholinus, a native of 
Denmark, first drew attention to some remarkable properties of 


Iceland spar or calcite (CaCOa). The same phenomena may be 
observed in ail crystals except those belonging to the cubic system. 
A crystal of calcite is bounded by six rhombohedral faces termed the 
cleavage faces of the crystal. They are so called because they 
represent directions in the crystal along which it can most easily 
be split. If such a rhomb is placed over a small blot of ink on white 
paper two images will be seen. Crystals of calcite are said to 
exhibit double refraction, Huyghbns made a careful study of 
these rays and found that one of them obeyed Snell's law of refrac- 
tion. He termed this the ordinary ray ; the other did not obey 


this law and he termed it the extraordinary ray. 

Let S, Fig. 30-4, be a small luminous object lying on the normal 
SN to a rhomb of Iceland spar (calcite). Let AiSAi be a small 
pencil of rays from S. At Ax the ray SAi gives rise to two refracted 
rays, AiBj and AiXj. These are the ordinary and extraordinary 
rays respectively. At Bj and Xj these are refracted along BjCi 
and XjYi, both emergent rays being parallel to SA^, the incident 
ray. We see, therefore, that the refractive index for the extra- 
ordinary ray is less than that for the ordinary ray. 

When we consider the ray SA„ however, we find that there is 
formed by refraction the ordinary ray A»Bi, which, at B„ emerges 
as BsCi. The extraordinary ray is A^X^ and it must be noted 
that even if SA^ and SA, are equally inclined to ON, the two extra- 
ordinary rays in the rhomb are not equally inclined to SN. (In 
fact, they are not, in general, in the plane of the diagram, but, 
for the purpose of the explanation here given, this point is ignored.) 
The emergent ray X^Yf is, however, parallel to SA,. We therefore 
have two divergent pencils emerging from the rhomb. If these 
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enter an eye situated on SN produced, two images will be seen, 
(a), the ordinary image O, lying on the normal SN, (6), the extra- 
ordinary image E, not on the normal SN. Hence, when the rhomb 
is rotated about SN, the image 0 remains stationary, while E 
rotates. 

If a microscope is focused in turn on 0 and then on E, it will 
be found that 0 is nearer to the rhomb than is E. 

Moreover, if parallel light is incident upon the rhomb, only one 
image is seen. 

If, in the case of divergent rays, the emergent light is examined 



Ordinary Ray 

' — Extraordinary Ray 
Fio. 30*4. 


after passing through a tourmaline crystal, on rotating the tour- 
maline about a horizontal axis it will be found that in some positions 
only the ordinary ray is transmitted, while in a position at right 
angles to the above only the extraordinary ray gets through the 
crystal. This experiment proves that the ordinary and extra- 
ordinary rays are vibrating in planes mutually at right angles. 

The Nicol Prism. — A very convenient means of obtaining plane 
polarized light or of detecting it is the so-called Nicol prism : a 
better name for it would be a Nicol rhomb. It is constructed 
from calcite in the following manner : — ^A calcite crystal is Ulustrated 
in Fig. 30*6 (a). At the point A the angles of the three faces are 
equal and obtuse. The straight line OA drawn through A and 
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equally inclined to these three faces is termed the optic axis. 
Now since in crystals all parallel lines are strictly equivalent as 
far as the properties of the crystal are concerned, any line parallel 
to the one we have drawn is an optic axis. An optic axis of a 



crystal possesses the property that plane waves of light whose 
normals are parallel to the optic axis travel through the crystal 
with a velocity which is independent of the direction of vibration 
of the light, i.e. the extraordinazy and the ordinary wave fronts 
remain together, or the corresponding rays are coincident. Any 
plane normal to the face of a crystal and containing an optic 
axis is called a principal plane for that face of the crystal. [The 
case is strictly analogous to that of a * normal to a plane surface ’ 
which is a direction and not a particular line.] 

Let ABCD, Fig. 30*5 (6), be the principal plane for light incident 
on the face AB. In constructing a Nicol rhomb it is found neces- 
sary for AB not to be a natural face which makes an angle of 71'’ 
with BC but to be an artificial face formed by grinding away the 

natural face until the ABC is 68*’. The rhomb so formed is then cut 
in two by a plane at right angles to the principal plane — its trace is 
AC. The two halves are afterwards cemented together by Canada 
balsam. When a ray PQ falls on the face AB the ordinary ray 
suffers total internal reflexion at B along BS since the refractive 
index of the balsam [1*56] is less than that of calcite for the ordinary 
ray [1*658]. On the other hand, the extraordinary ray is trans- 
mitted when the prism is constructed in the above manner. The 
emergent light is plane polarized, the vibrations being parallel to 
AB, the shorter diagonal of the face receiving the incident light. 
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The faces of the prism parallel to BG or AD are blackened to 
absorb stray radiations. 

A section of the calcite before and after grinding is shown in (d). 
The length of a nicol is about three times its width so that a 
minimum amount of material is used in its manufacture. 

The Production and Analysis of Polarized Light. — The most 
convenient method whereby plane polarized light may be obtained 
is with the aid of a Nicol rhomb. The nicol is mounted in front of 
a source of light when the transmitted light is plane polarized, the 
vibrations being parallel to the shorter diagonal of the face receiving 
the light — cf. Fig. 30*5 (c). This is equivalent to stating that the 
vibrations are parallel to the principal plane of the prism or that 
the plane of polarization of the emergent light is perpendicular 
to the principal plane, i.e. the plane of polarization is normal to 
the piano of the paper in Fig. 30-5 (6). When a nicol is used in 
this way it is termed a polarizer. 

To detect plane polarized light a second nicol is placed to receive 
the light under examination. If this nicol has its principal plane 
parallel to the jJane in which the vibrations are taking place in 
the incident light, no apparent change will be seen on looking 
through this prism. But if the nicol is rotated through 90*^ the 
field will be dark, since the light vibrations will be in such a plane 
that the light cannot pass through. If no change takes place the 
light is not piano polarized. We cannot say, however, that the 
light is unpolarized, for it is passible for light to be polarized in 
another way and yet pass through the nicol. Such light is said to 
bo circularly polarized and other means have to be developed to 
distinguish circularly polarized and unpolarized light. When a 
Nicol is used to examine light in this manner it is termed an 
analyser. 

Rotation of the Plane of Polarization. — Let two nicols, Nj 
and N*, Fig. 30-6, be arranged with their principal planes parallel. 
Parallel light from a source S is then transmitted through the 



Fig. 30-G. — Principle of a Simple Polarimeter. 


system. [It is necessary to use parallel light so that the ordinary 
rays produced in the first section of the nicol shall all fall on the 
Canada balsam at an angle of incidence greater than the critical 
angle.] If N„ the analyser, is rotated through 90® the field appears 
dark and the nicols are said to be crossed. If, however, a tube 
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containing a substance such as turpentine is introduced between the 
crossed nicols the field will, in general, appear bright. To establish 
darkness it is necessary to rotate the analyser by an amount depend- 
ing on the length of the tube and the particular substance in it. 

Quartz, aqueous solutions of cane sugar, ice, etc., are capable of 
rotating plane polarized light : they are said to be optically 
active. The rotation is said to be right-handed if, on looking 
along the path of the light towards its source, the rotation appears 
to be clockwise. If it is anti-clockwise it is termed a left-handed 
rotation. To decide whether or not a substance exhibits a right- 
or left-handed rotation experiments must be made with two tubes 
of different lengths : a calculation of the rotation per cm. will 
indicate the correct sign, for If the correct one has been chosen 
the rotation will be directly proportional to the length. 

The specific rotation is defined as the angle of rotation in 
degrees per unit length of the optically active column, divided by 
the mass of substance per unit volume. Thus for D light and at 
temperature t, for pure a liquid 

where 0 is the angle of rotation, in degrees, produced by a column 
of length i, and p is the density of the liquid. 

Now consider a solution containing m gm. of active substance 
in (w + M) gm. of a solution. Then there will be m gm. of active 
material in (w + M)p“^cm.® of solution, where p is the density of 
the solution. 

* 0 . m _ 0 

where c is the concentration in gm.cm.'"* 

[N.B . — I is often expressed in decimetres.] 

The Influence of Strain on Polarized Light. — If a piece of 
glass which has been carefully annealed is placed between crossed 
nicols the field remains dark. If, however, the piece of glass is 
strained by bending, the field will no longer be dark. This experi- 
ment indicates a means of detecting strain in glass. In some of the 
cheaper forms of glass blocks the presence of strain may be strikingly 
shown in this way. 




EXAMPLES XXX 

1. — When sodium light is incident on the surface of a plate of block 
glass, the reflected light is plane polarized when the angle of incidence 
is 68° 23^ What is the refractive index of the glass T 

2. — Discuss the evidence for the belief that light vibrations are 
transverse. What is plane polarized light ? Describe two methods 
of obtaining it. 
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CHAFrER XXXI 

WAVE MOTION AND THE NATURE OF SOUND 

Introduction. — The term sound is used to denote the sensation 
we receive by means of our cars and also to name the physical 
cause of this sensation. In physics wo have to deal with the external 
disturbance and our present aim is to investigate the manner in 
which it arises, the mode in which it travels to us, and the cause 
of the differences which enable us to distinguish one sound from 
another. Everyday experiences teach us that the source of the 
sound is in a state of vibration so that the preliminary part of our 
work must be a study of vibrating bodies. We have already learnt 
that a particle executes a simple harmonic motion when it is dis- 
placed from its zero or rest position if forces directly proportional 
to the displacement arise tending to restore it to its zero position. 

Graphical Representation of a S.H.M. — It has already been 
shown [cf. p. 36] that a S.H.M. may be regarded as the projection 
of a uniform circular motion on any diameter of the circle. Thus, if 



Fia. 31-1. — Graphioal Bepreaentation of a S.H.M. 

P, Fig. 31*1 (a), is moving with uniform angular velocity, co, in a circle 
whose centre is C, and PN is drawn perpendicular to the y-axis, the 
point N performs a S.H.M. To represent this motion graphically 0, 
Fig. 31*1 (6), is taken as origin, the time being represented along 
OT, while the displacement of N from the centre C at any particular 
instant is given by the corresponding ordinate. Thus if at time t 
I.P. 579 Y 



680 ACiOnSTIGS 

the rotating particle has moved to a point P, where ACP = (oi, 
the position of its projection N on the y-axis is represented by p, 
where Ot = t, and pt == NC. If a series of points corresponding 
to the positions of N at various instants during one complete period 
of its oscillation are determined in this way and joined by a smooth 
curve the graph shown in (6) is obtained. Such a curve is called 
a harmonic curve. Since pi = NC = CP sin wt^a sin cot, 
where a is the radius of the circle, it follows that the equation 
to the curve we have obtained is 

y = a sin o)!. 

It is now customary to write this ciqiiation as 

y = dBm coty 

where d = a, and is the amplitude or peak value of the 
displacement. 

If tre had considered the motion of the £irojection of P on the 
x-axis we should have had 

a; = d cos tot. 

If, instead of measuring the time from one particular instant when 
the point P crosses the a!;-axi8, it is measured from an instant when P 

is at Z, where ZCA = then ZCP = o)t, i.e. ACP =: and 

the equation to the curve is 

y == d sin (ml — 

The angle (ml — 0) is called the phase of the vibration, while ~ ^ 
is termed the initial phase or epoch. 

Similarly 

a; = d cos (ml — ^). 

Resultant of Two S.H.Ms. in the same Straight Line. — Let 
us suppose that the point N, Fig. 31*1 (a), continues to move with 
S.H.M.about the pointCas centre while the book itself moves parallel 

to the y-axis with a S.H.M. 
of the same period but dif- 
ferent amplitude and phase. 
The resultant of these two 
motions gives the actual dis- 
placement of N with refer- 
ence to the table on which 
the book may be resting. 
The thixk curve in Fig. 31-2 
represents the displacement 

jf itg equation being 
same stmight Ims. (Same period.) / . . 

y= am ml. If the motion 

of the book alone is if sin 


(at + ^j|, l.e. its phase is exactly a 
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quarter of a period in advance of the first, then the dotted line 
represents this motion. At the instant represented by A the dis- 
placement of N due to the first motion is AB and AC due to 
the second. The total displacement is therefore AD where AD 
= AB + AC. Similarly, at any other instant the resultant dis- 
placement is the algebraic sum of the ordinates of the two curves. 
The thick curve represents the motion of N due to the combined 
action of the two S.H.Ms. The figure shows that the resultant of 
two such motions of equal period and in the same straight line is 
also a and this particular instance may be generalized 

analytically as follows : — 

Resultant displacement = d sin mi + J sin (of — = y (say)i 

where ^ is the difference in phase between the two superimposed 
motions. Then 

y — d sin + S sin < 0 ^ cos ^ S cos (ot sin tft 
= sin fi}t(d + 6 cos + cos (tit{h sin 

™ (j sin(cj^ + 0)i if (d + h cos = c cos d and 6 sin ^ = c sinfl 

or, tan 0 , and c* -- d^ + S* + 2dh cos 0, 

d “ 7 “ cos <p 

The same artifice can be employed when the S.H.Ms. have 
different periods. Fig. 31*3 has been constructed when the ratio of 
the two periods is 6 : 4 ; the dotted curve represents the vibration 
of shorter period and it has been assumed that at the commencement 
of the observations the two motions are producing their maximum 
displacements in the same direction. The resultant vibration is no 



Fig. 31*3. — Composition of S.H.Ms. in tho same straight lino. (Different 

periods.) 

longer simple harmonic, for its amplitude alternates between large 
and small values. The resultant amplitilde is very large at the 
beginning when the two motions are in the same phase, while at 
tho time when the faster has executed 2*5 complete vibrations and 
the slower 2 the two motions are out of phase, i.e. the differ- 
ence in phase is n:, the resultant amplitude is small. After an 
equal lapse of time the two are again in phase and the re- 
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sultant amplitude is a maximum. It is clear from the diagram 
that the displacement is a maximum whenever the slower particle 
has executed four complete vibrations, or the faster one five. 
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Fia. 31*4. — Compoeitioa of S.H.M8. at Right Angloe. 

Resultant of Two S.H.M8. at Right Angles.— Let us suppose 
that two S.H.Ms. at right angles to one another are simultaneously 
impressed upon a particle, e.g. if these two directions are chosen as 

reference axes, let x » 4 cos and y = 3 cos be the equations 
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to the component motions. These indicate that the amplitudes are 
as 4 : 3» wliilst their periodic times are as 3 : 4. Two semicircles 
ABO and DEF, Fig. 31*4 (a), with their radii in the ratio of the 
amplitudes, are drawn. Let their arcs be divided into six and eight 
equal parts, the dividing marks being numbered in each instance 
consecutively and in an anticlockvdse direction. This is done 
since the tracing points for each motion will describe each of these 
portions in the same time. [When the of- and y-tracing points 
are actually on those portions of the auxiliary circles not shown, 
the corresponding numbers are placed inside the circles.] Since 
the motions are initially in phase the tracing points must occur 
at the extreme ends of their swings in the positive directions at 
the same instant. Let us suppose that time is measured from the 
occasion when one such particular event occurs. The particle will 
therefore start at 0. At the end of the interval corresponding to 
the positions of the tracing points marked 1, the displacement in 
the a:-direction will bo Aa, whilst that in the y-direction will be 
Dp ; the particle will therefore be at P [also marked 1]. At the end 
of the second interval the particle will be at Q, etc. Proceeding in 
this way the complete curve representing the motion of the particle 
is obtained. The arrows on the curve denote the direction in which 
the tracing point moves during the first half of the time taken for 
the figure to be described once. The arrows at the side indicate 
the direction of motion during the second half of the above time. 

If the two impressed motions are represented by 

a; == 4 cos ^ and y = 3 cos the amplitudes and periodic 

times are in the same ratio as above, but now the a;-motion is 
initially in phase n/2, ahead of the y- motion, i.e. when the tracing 
point giving the y-motion is at D, the other is at B — Fig. 31*4 (6). 
Suitable dividing marks are again marked on the auxiliary circles, 
and numbered consecutively in an anticlockwise direction as before. 
This is done in order to ascertain the direction of the motion of 
the point upon which the two motions are impressed. [If the 

a;-oomponent had been given by a; == 4 cos the result- 

ing figure would have been identical with that just obtained, but 
the sense of descrix)tion would be opposite — hence the importance 
of adopting the correct mode of numbering the marks on the 
auxiliary circles.] 

The curves in Fig. 31*5 have been obtained in the same way : they 
are more simple than those of Fig. 31*4, since the amplitudes of the 
components are equal and the ratio of the periods is either (1) unity 
or (2) two. 
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Blackburn*8 Pendulum. — thin string about 7 ft. long has its 
two ends fixed to a horizontal rod E, Eig. 31*6. This string is cut 
at its centre and the two ends attached to a heavy lead ring, B, 


arsci cos wt 
If ^ a. cos (ud-f) 


d. cos 

y-v. coatut 


d CPS 2tvi 
y9&cos(mt*^)i 


cos iZvot^^) 
^mc^caaatt 



carrying a glass funnel whose exit tube has been constricted at 
its lower end. A clip A enables the string to be caught up as 
shown. The whole forms a pendulum of length EB for vibrations 
perpendicular to the plane of the figure, but one of length AB 
when the vibrations are in the plane of the figure. The periods 
may be adjusted by altering the position of A. When the bob 



Liasajoua* Figurea. 

on to a sheet of paper immediately below, a record of the motion 
may be obtained. The lead ring, having a mass considerably in 
excess of that of the sand, keeps the centre of gravity of the 
system constant so that its period does not vary appreciably. 

Lissajous’ Flgures.'—Two metal strips having di£Ferent 
lengths or differing in nature are mounted so that one. A, may 
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oscillate in a horizontal piano and the other, B, in a vertical 
plane. An aluminium screen with a small hole drilled in it is 

attached to the first strip and a convex 
lens to the other. The distance apart 
of the screen and lens is adjusted so 
that a clear image of the illuminated 
aperture is formed on a screen. If A 
alone vibrr;tes the image is drawn out 
into a horizontal line, while if B 
oscillates by itself the image becomes 
a vertical line. Both strips perform 
S.H.Ms. so that when both oscillate 
together a curved figure more com- 
plicated than those in Figs. 31*4 and 
31*5 is generally obtained. Such 

t:. nt 1 . curves are known as Lissajous* 

Fio. 31.6. — Blackbiim'a ^ mu ^ 

Pendulum. figures. They enable us to compare 

the frequencies of two vibrating 

objects. For example, let A and B be the prongs of two 

tuning-forks one of which has a frequency n while the other 

(B) has a frequency slightly different from this. At some 

instant the difference in phase will be g when a closed curve 

will be observed. Since the ra.tio of the frequencies of the 
two forks differs slightly from unity this pattern will not persist 
and various curves will appear in turn until the slower fork 
has made one complete oscillation less than the other, when 

the phase difference will again be jz. Let ( be the time which 

elapses between two successive appearances of the saihe closed curve 
of light. During this time one fork has made ft vibrations 
while the other has made ft db 1. To determine the correct sign 
to be used in this equation a small piece of wax is attached to 
the fork B and the time elapsing between successive reappearances 
of the same curve of light noted. If this is less than before it 
follows that the difference in frequency between the two forks has 
been increased so that the frequency of B is less than that of A. 
The frequency of the fork B is therefore 

Experiment , — Use Lissajous’ figures to ascertain when the periods of 
two strips are identical. Measure the length. A}, of A (say), and then 
alter its length to Af until the frequency is doubled. Verify that 

A| » V^Af 
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Waves. — Hitherto we have only considered the vibration of an 
isolated particle or point in a body. In Nature examples are often 
found of whole bodies each of whose particles is vibrating with 
S.H.M. but in which the phase differs regularly from one particle 
to the next. As an illustration let us consider a row of particles 
lying in a straight line and equidistant from one another when they 
are at rest. Suppose that these particles all execute a S.H.M. of 
common amplitude but in which the successive phases differ by 

~ or 22*5'’. Then the motions of all these particles may be repre- 
sented by those of sixteen particles moving at equal distances round 
a circle the radius of which equals the common amplitude of the 
vibrations, for the displacement of any particle at a particular 
instant is given by the ordinate of the corresponding particle in the 
circle — cf. Fig. 31-7 (a). The positions of the particles when the 

27t 

phase of the first has increased by successive multiples of are 


Fio. 31*7. 

indicated in Fig. 31*7 (6). It will be noticed that all the curves may 
be obtained from the first by displacing this to the right so that, as 
the particles in the circle continue to rotate, the curve representing 
their positions moves to the right. These curves are similar in shape 
to the harmonic curves already discussed [cf . p. 679] but differ in at 
least one important respect. The harmonic curve represents the 
position of one particle at different times in its history, whereas 
the curves now contemplated are really instantaneous pictures 
representing the positions of ait the disturbed particles at one 
particular instant ; they are termed wave-Jotm curves. 

The effect produced as the wave-form curve moves forward is 
known as a wave-moiiont a very familiar example of which occurs 
whenever a stone is dropped into the still water of a pond. The 
stone depresses the water at the point of contact : but since water 
is an elastic medium, forces arise tending to restore the surface of 
the water to its original level. The magnitude of the depression 
is therefore finite. When the water regains its normal level for 
the first time it possesses considerable inertia* in consequence of 
which it * overshoots the mark ' and produces an elevation. The 
restoring forces soon bring the moving water to rest momentarily. 
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after which the inertia increases, the water passes beyond its original 
position and a depression is formed: this process is repeated. 
[In actual practice the amplitude is gradually reduced by viscous 
forces and the disturbance soon dies away.] But meanwhile, 
however, the disturbance is not confined to the point where the 
stone entered the water. As each particle of water is displaced its 
neighbour is infiuenced and begins to participate in this up-and- 
down motion. The resultant efiect is that although the particles 
move up and down a wave passes across the surface of the water. 
When the displacement of a particle is a maximum in the positive 
direction, i.e. above the normal level of the water, that particle is 
said to be at the crest of a wave, whilst, when it is a maximum in 
the other direction, it is at a trough. The distance from one 
crest (or trough) to the next crest (or trough) is termed a Ufave^ 
length. Particles whose abscisses differ by one wave-length (or 
an int^al number of wave-lengths) are in the same phase. [The 
phases of two vibrations are the same when they are identical or 
differ by an even number of n radians.] 

From the above remarks we see that a wave-motion may be 
regarded as a disturbance which travels in a medium and which 
arises from parts of the medium executing definite periodic vibrations 
about their mean positions. 

The velocity with which the disturbance is propagated is the 
distance through which it moves in unit time : the frequency 
is the number of complete waves passing a fixed point per unit time. 
If the wave-length is A, and the frequency /, the velocity c is 
expressed by 

Transverse Waves.— Ijet a heavy ‘ bob ' hang from a light helical 
spring and let AX, Fig. 31*8 (a), be a long cord of negligible mass 
attached to it. It be assumed that the string rests in a 
horizontal position and distances measured from A along the string 
will be denoted by x. When the bob is disj)laced slightly from 
its position of rest it will execute a S.H.M. of amplitude d and 
period T, say. The effects of damping are neglected. Then the 
motion of the end A of the string may be obtained from the uniform 
circular motion of a point Po, the radius of the circle being d and 

271 

the angular velocity m, where m = If time is measured from 

the instant the bob leaves its zero position the portion of the cord 
disturbed after t seconds will be ABC, Fig. 81-8 (6), where Pq has 

moved to P to make PoOP == coi, so that the displacement of A is 
given by 

y ~ d sin a><. 
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After the lapse of a longer time the cord will be displaced as 
indicated in Fig. 318 (c), and a wave-leligth, X, is the distance 
indicated, i.e. X is tlio distance through which the disturbance 
advances when the reference point P 0 makes one complete revolu- 
tion. 

To obtain the equation to the motion of any point B, at distance 
X from A when at rest, we note that the time required for the 

distuibanco to travel a distance x is T.^, since X is the distance 

traversed in time T. Hence the initial position of the tracing point 
Q in the reference circle which eventually gives the motion of B, 

35 

cf. Mg. 31*8 (d) must be such that QqOPq a),Tj = 2 ^,x = rjx, 
say. Hence the motion of B is rejjresented by the equation 
y = d sin (ojt — 7]x) = d sin {lot — ^), 
if ^ =^ 7 ]x , — ^ is known as the initial phase of the motion. 



Fio. 31*8, — Tranflvorso Waves along a Cord. 


It must be noted that the particles in the cord move up and 
down, but the disturbance is propagated to the right. Each 
particle in the string executes the same motion as the moving 
* bob,’ but as we have shown, not necessarily synchronous with 
it, for the phase of any given particle in the string depends on its 
distance from A and the velocity with which the disturbance 
travels forward. Such a progressive disturbance is termed ^ a 
transverse wave since the vibrating particles move in a direction 
at right angles to that along which the disturbance travels. The 
important point to be emphasized is that the particles vibrate 
about a mean position but their kinetic energy travels forward. 
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If we measure time from some other zero, this equation becomes 
2 / = a cos {cot — Tjx), 

and in advanced work it is preferable to use this as the wave 
equation. It is still better to write 

£ = d cos (ci)i — ija:), 

where f is the displacement which may not be perpendicular to x ; 
the use of y for displacement frequently leads to the supposition 
that the displacement must be perpencdoular to the or-axis. 

Longitudinal Waves. — ^Let us now assume that a piston, P, 
nearly fitting a tube, as shown in Kg. 31*9, executes a S.H.M. 
parallel to the length of the tube. The air at P is alternately 
compressed and rarefied as the piston moves towards and 
away from it. When it is compressed the particles tend to 
relieve the strain which has been created by compressing the 
adjacent layers of air to the right. These in turn hand on the 
compression. A few moments later the strip moves to the left 
and a rarefaction takes place at P, a condition which is passed 
on to the adjacent layers as before. Owing to the definite time 

_ To ^and - fro motion 
of p/st on 

P 


F E D C B 

Fig. 31 '0. — ^Longitudinal Waves. 

interval between these two states and the compressions and rare- 
factions immediately following them a wave-motion consisting 
of these alternate compressions and rarefactions is propagated 
forward. Such a wave is said to be a longitudinal wave since 
the vibrating particles move in a direction parallel to that along 
which the wave advances. Again we have to notice that, as 
with transverse waves, the vibrating particles only move through 
a small distance about a mean position but the energy is carried 
forward. 

The Wave Equation. — When a particle is executing a simple 
hannonio motion, that motion may be represented analytically by 
the equation 

f == d cos Q)t 

== d cos (i) 

where m is the angular velocity of the point moving in a circle of 
radius a defining the motion ; cu is termed the angular or circular 

frequency, while / == ^ is the frequency ^)f the motion. 

Each of the above expressions involves the assumption that the 
motion begins at the time ^ » 0 and the displacement is a maximum 
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when t = 0 . An equation of a more general nature, but still repre- 
senting a simple harmonic motion, is 

f = d cos {(ot — <l>) (ii) 

From this, { ~ d first when cot — ^ = 0, i.e. t — In other words 


the motion represented by (ii) is reckoned from a time “ later than 


that in (i). 

Suppose the equation f = d cos represents the motion of a point 
A, on a cord, along which waves are travelling with velocity c — 
a cord is used merely for the sake of a concrete example. Now the 
disturbance at A roaches a point B at distance x from A, at a time 

X 

- after it was at A. Suppose that when the displacement at A is 


given by f = d cos (ot, that at B is given by ( = d cos {cot — ^). Then 

X 

at a time - later the displacement at B is the same as that at A at 


time i.e. 


{b — d cos 






d cos wt. 


w 

1 . 6 . ~x = 6 . 

c ^ 

But €0 » and c ^ 90 that the above condition becomes 

2 n 2 n 

-pe — (ft OT fix ^ tfff where ri = -y . 


The equation f = d cos {(ot fix) therefore gives the displacement, 
in general, at any point on the cord. It contains two variables, 
t and X, The equation representing the motion of a given particle is 
obtained by considering x as constant, i.e. 

f d cos ((ot — jci) (iv) 

On the other hand, the displacement of all points on the cord is, 
at a particular instant, given by 

f r= d cos (#f, — fix) (v) 

From equations (iv) and (v) it is clear that a cinematographic 
picture of a selected point is identical with that of an instantaneous 
picture of the whole wave (cord). 

The equation fad cos {(oi — rix) represents a wave disturbance 
travelling along the x-axis in the positive direction. If the wave 
travels in the opposite direction the equation becomes 
fad (cos wt + fix) 

because the disturbance is at B before it reaches A, i.e. the disturbance 

X 

at B at time t is identical with that at A at time t. 

c 

For longitudinal waves wo still write 

f = d cos {wt — fix), 

but it must be noted that f is parallel to the a;-axis. 


Velocity of Longitudinal Waves. — ^N bwton first proved that 
the vdodty of longitudinal waves, in a medium whose modulus of 



592 


AC0USTIC8 


elasticity for the particular type of strain set up is E and whose 

A 

density is p, is expressed by 'v ^ rods, the compressions 

and rarefactions cause temporary alterations in length so that 
Young’s modulus for the particular material concerned determines 
the magnitude of the elastic forces which arise. Hence, for these, 





In liquids and gases changes in volume are produced by the com- 
pression and it is owing to the volume elasticity that the waves 
are propagated. It has already been shown [cf. p. 144] that the 
volume elasticity for an ideal gas under isothermal conditions is 


equal to the pressure p which it exerts, so that c = 



This 


result was obtained by Newton. Since one atmosphere equals 
76 X 13-6 X 981 dyne, cm.-* and the density of air at O'* C. is 
0 001293 gm.cra.-®, we obtain by substitution c --- 2*80 x 10^ 
cm.sec.-^. Experimental determinations of the velocity of sound 
in air show that it is 3*32 X 10^ cm.sec. ’^. The difference between 
these values is too great to bo attribute4 to experimental errors, 
"but the problem remained an enigma to Newton. About a century 
later Laplace detected the cause of the discrepancy. He rejilized 
that the compressions and rarefactions in a gas take place so rapidly 
that the gas is considerably heated during a comjireBsion and 
cooled during a rarefaction. It is therefore not the isothermal 
elasticity but the adiabatic elasticity which controls the process. 
The adiabatic equation is pv^ = constant, where y is the ratio of the 
specific heat of the gas at constant pressure to that at constant 
volume. Let v be the volume of gas at pressure p, and suppose 
that when the pressure becomes {p d- dp), the volume is {v + dv), 
the change taking place adiabaticaUy. 


Then pv^ = (p + dp){v + dv)^, 

’• 1 = (i + f + 7) ’ 

( 1 _L _i_ and higher powers"! 

^ A ^ )’ ^ negligible 


J- 


= 1 +— +y.~., 

p ' V 


I^Bince dp.dv is negligible J. 


6p 


6v 
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„ , increase in stress ip 

Now elasticity = - , . = Iim. 

^ CfV/r»ciiv% 


Bui from (1), under the adiabatic conditions contemplated, 

Adiabatic elasticity = yp. 

.For air, y 1*40, so that, at 0®C., 

C = -y/ ~ X 2-80 X 10« = 3-31 x lO^cm.sec -i. 


iSince this agrees with the velocity of sound as determined experi* 
mentally we conclude tliat during the passage of longitudinal waves 
in air the variations in pressure take place under adiabatic conditions. 

The Velocity of Sound in an Ideal Gas and its Variation 
with Pressure and Temperature. — The expression c Vypjp 
may be written c = V ypv = Vy^T, if v is the specific volume 
of the gas, T its temperatiue on the absolute scale, and ^ is the 
gas constant. Since y ^nd are constants, the above formula 
shows that tiie velocity of sound in an ideal gas is independent 
of its pressure (for non-explosive sounds) but directly proportional 
to the square root of its absolute temperature. Experiment 
shows this result holds for gases such as air, hydrogen, oxygen, 
etc. 


Velocity of Sound In Free Air. — The velocity of sound in free 
air has been the subject of many experimental investigations during 
the last three or four centuries. The first determination which can 


be considered at all reliable was mode about the middle of the 
eighteenth century by three members of the French Academy. 
Two stations about 30 kilometres apart were selected and at constant 
intervals of time during the night cannons were fired, one at each 
station. An observer at the other station determined the time 
elapsing between seeing the flash from the explosion and hearing the 
report. The distance between the stations having been measured 
accurately, the velocity ot the sound was deduced. Their results 
indicated that the velocity of sound in air increased with increase 
in temperature but was independent of the pressure. They also 
showed that the velocity was independent of the actual distance^ of 
the observer from the source but that it was increased when it 
travelled with the wind and diminished when it travelled against it. 
By taking the mean time of propagation in two opposite directions 
as in these experiments the wind effect was eliminated. 
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The important objection to be urged against all such determina- 
tions as the above is that three errors arise which are very difficult 
to eliminate — ^together they comprise what is termed the ' personal 
equation.* Three distinct factors arise in making a determination 
of the time interval : the flash is seen, the sound is heard, and a 
chronometer is operated by the observer's finger. For the first two 
of these time is required for the brain to interpret the signal received, 
whilst before the last operation can be carried out a message must 
be sent from the brain to the observer’s finger. The time interval or 
lag peculiar to any person (or instrument) between the recording of 
an event and its perception is known as the ' personal equation * 
for that person or instrument. 

The error due to the personal equation of the observer may 
be very much reduced by employing mechanical means to record 
the arrivals of the various signals, but this does not eliminate the 
error entirely, for all pieces of such apparatus have their own * per- 


W 


K 


1280 metres 

or 

2^5 metres 



Fio. 31*10,- -Regnaiilt*B Apparatus for Measuring the Velocity of 
Sound in Air. 


sonal equations ’ ; it is, however, much more constant than that of 
an observer and may be evaluated and then eliminated by making 
experiments over widely different distances. Beonault attempted 
an important series of experiments on those lines in 1864. 

The reciprocal firing of guns at stations first 2,445 metres and then 
1,280 metres apart was the method employed. The apparatus 
shown in Fig. 31*10 was duplicated. D was the drum of a chrono- 
graph revolving at a constant and known speed. S was a style 
ma^g a trace on the drum. A gun fired at the first station broke 
the wire, W, forming part of the electrical circuit shown : the 
style moved to the left leaving on the drum a definite indication 
of the time of origin of the sound waves. The sound-waves on 
arrival at the other station were incident upon a wooden cone over 
the end of which a membrane was stretched. This membrane moved 
when the sound-waves arrived and temporarily completed the 
electrical circuit, so that the electromagnet was again excited, 
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and the end of S made a mark on the drum perpendicular to the 
general trace. Since the speed of the ^um was known, the time 
interval for the sound to travel across WY could bo computed. 

By determining the velocity of sound waves in the opposite 
direction and calculating the moan of the velocities in the two 
directions a value for the velocity of sound in air independent of 
the effect of any wind was obtained. Bsgkault found, however, 
that this apparatus had a personal equation comparable with that 
of a trained observer : it was eliminated by making experiments 
over the two different distances already mentioned. 

Stone, in 1871, at Cape Town where he was Astronomer Royal, 
attempted to eliminate the error due to the personal equation in the 
following way : — ^Two observers were stationed 641 ft. and 16,499 ft. 
respectively from a gun which was fired. Each recorder reported 
the arrival of the sound at his station on an electric chronograph 
situated at the observatory. The difference between the times 
of the arrival of the sound as recorded by each observer was the 
time required for the sound to travel across the distance separating 
them, but slightly in error owing to the fact that their * personal 
equations ’ were not likely to be the same, especially as the in- 
tensity of the sound perceived by each was different. To eliminate 
the (frfference between these two personal equations, a smaller 
gun was fired at such distances from the two observers that the 
intensity of the sound was approximately the same as in the main 
experiment. The distances were now 162 ft. and 1,483 ft. from 
the gun. The time for sound waves to travel across the distance 
between the two observers was then calculated from the provisional 
value for the velocity of sound deduced from the first experiment 
when no correction was applied. It was found to be 1*177 sec. 
The recorded time interval was 1*265 sec., i.e. it was in excess of 
the computed time by 0 09 sec. This represents the difference 
between the two personal equations, i.e. the correction for the 
difference between the personal equations is — '0-09 see. When this 
correction was applied. Stone obtained 

Ca = 332*4 metre. seo.“* = 1,090*6 ft. sec.""*. 

Grebly, working in the Arctic regions where conditions are 
sometimes very still and low temperatures cause the water content 
of the air to be small, found that the velocity of sound in air could 
be represented by the equation c = (332 4* 0*6f) metre, sec.""^ 
where i is the temperature on the centigrade scale. 

Accurate Determination of the Velocity of Sound in Air. — 
The velocity of sound in air may be determined by methods wMoh 
are classified as direct or indirect. In the direct method, the tune 
taken for a sound to travel across a measured distance is determined, 
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and we have to cpoeider the relative advantages of using a long or a 
short distance, llie main objections to the long distance method are : 

(i) Very intense sounds have to be used — e.g. the discharge of a 
cannon, and it is doubtful whether the velocity near the source is the 
same as that some distance away. 

(ii) It is impossible to apply corrections for wind, temperature, 
and humidity with any great degree of accuracy. 

(iii) llie 'personal equation’ of an observer or of a recording 
device is involved. 

In the short distance method (i) and (ii) are avoided, while (iii) 
depends on the method adopted. In Bbonault’s experiments a gun 
was used. To free tha experiment from the personal equation of the 
observer, both the discharge of the gun at one station and the arrival 
of the sound at the other were recorded electrically. There was 
nothing to guarantee, however, that the recording device 'did not 
possess a ' personal equation * of its own. Simultaneous firing from 
both stations was employed to eliminate the effect of the wind. 

Habb’e Telephone Method for Measurlnji the Velocity of 
Sound in Air. — Heub, in 1905, at the suggestion of Michbi^ok, 
devised the following method for measuring the velocity of sound, 
A I and A 2 , Fig. 31*11, were two paraboloidal mirrors euranged coaxially. 
Waves of sound were sent out from a source at the focus of A^, 
and collected at the focus F 2 of A^. is a telo^one transmitter 
near F^ and T 2 a second telephone tranamitter at F 2 . Each trans- 
mitter is in series with a battery or B 2 f respectively, and one of 

Telephone receiver 



Fio. 31*11. — Hebb’s Telephone Method for Measuring the Velocity 
of Sound in Air. 


the primaries or P 2 of a special induction coil having two primaries. 
The. secondary of this coil was eonmetod to a tetephexae receiver. 

siippo^e that waves are sent out by a source, at Fj. Some 
pass direcUy to T^cmd sot its diajdiragm in vibration ^th a definite 
phase relation depending on the dutance of Tj from F,. Other waves 
are cqllected at F| and operate the t/ransmitter Ti — the phase of its 
vibrjations will depend on the distance The vector sum. 

of the two effects will be given in the receiver Tj. If we assume that 
the intenfitiea (amplitudes) of thero effect are equah it is possible, by 
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moving one mirror parallel to itself, to change the relative phases of 
the two effects so that they will alternately annul and reinforce one 
another. This affords a good method of measuring the wave-length 
of the sound. If the mirror can be moved through a distance of 100 
wave-lengths, and each position of maximum resultant effect in Tg 
determined with an error not exceeding 0*1 of its wave-length, the 
wave-length may be determined correctly to within one part in a 
thousand. 

The mirrors were 5 feet in diameter and had a focal length of 
16 inches. They were made of plaster of Paris. The source of sound 
was a tube 0*76 in. in diameter, closed at one end, and having a 
stream of air blown across the other. It was arranged so that as few 
overtones as possible were present. The pitch w'as adjusted to be 
equal to that of a standard fork and could bo maintained constant 
to within 1 part in 6,000. The hall in which the experiments were 
carried out was 120 feet long, 10 feet wide and 14 feet high. There 
was no wind and the mean temperature was deduced from the indica- 
tions of six thormomotnrs arranged alternately on the walls. The 
final result obtained for the velocity of sound in air at O'* C. was 

Co “ 331*46 metro, sec.""'. 

The Velocity of Sound in Water. — In 1826, Colladon and 
Sturm measiircdv the speed of sound waves travelling tlirough the 
water of Lake Geneva. A bell was supported in the water from a 
boat and sound waves excited by striking the bell with a lever : 
the moment the bell was struck the same lever fired a charge of 
gunpowder. Since the experiments were carried out at night the 
flash from the explosion was seen by a distant otserver who held a 
form of ear-trumpet in the water. The end in the water was 
closed by a membrane which vibrated when the sound-waves 
reached it. The upper end of the trumpet was placed against the 
observer’s ear so that the arrival of the sound was easily detected. 
From the interval of time between the flash and the arrival of the 
sound, and the distance over which it had travelled, the velocity of 
the sound was calculated. 

The Velocity of Sound in Sea* Water. — If the velocity of soimd 
in any medium is known, tho distance between two points in it can 
be determined, if tho time required for sound to travel from one 
point to the other and through the mediiun is known — ^in fact, che 
problem is tho reverse of the one with which we are now dealing. 
Although there are more accurate means of Burr/’oying on land, the 
method lias great possibilities when used for surveying at sea. It 
is fairiy easy to detennino the x>o$itioii of a ship at sea with respect 
to two land stations, but it is much more difficult for a ship to 
ascertain its position by tho ordinary methods of trigonometrical 
surveying, espocially in rough weather owing to tho rolling and pit(;h- 
ing of the boat. Moreover, this method fails utterly in foggy weather 
when it is most essential that the captain of the ship should know 
his whereabouts. The Radio-Acoustic method was developed by the 
British Admiralty for this purpose. But before describing it let us 
see how the velocity of sound in sea water was measured. 
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A wireless operator on board one of two ships stationed at a known 
distance apart used a double key to jQre an electrical detonator placed 
in a submerged charge of gun-cotton, and at the same time to transmit 
a wireless signal. An observer on the second ship received the wireless 
signal — the transmission of which across a short distance may be 
considered instantaneous — ^while some seconds later the sound was 
received. From the known distance over which the sound had travelled 
and the time taken the velocity of soimd in sea-water became Imown. 
At any temperature C. it is given by c == (4,756 + 14^) ft. seo.-^. 

With this knowledge at hand a ship may locate its position in cloudy 
or foggy weather by emitting simultaneously two signals : the one 
a soimd signal through the sea, and the other a wireless signal. These 
are then picked up by two land stations at a carefully surveyed distance 
apart. Suppose that T is the interval of time between the reception 
of the two signals at one land station. K D is the distance of the sliip 
from the station, and Co and c the velocities of wireless waves and 
sound in sea water, respectively. 



Now Cq is equal to the velocity of light (3 x 10* metre. 8ec.~‘) ; its 
reciprocal, when compared with the reciprocal of c, is zero for all 
practiced purposes and we may write 

U ~ cT. 

This equation does not fix the position of the ship but only shows 
that it lies on a circle whose centre is at the station and whose radius 
is D. If, however, the same signals are received at the second station, 
distant d from the ship, and the time interval was t, the position of 
the ship must be on a circle of radius d. By drawing two circles 
of irodu U and d respectively and with centres corresponding to the 
positions of the stations the position of the ship could be determined 
uniquely. 

The distance of the ship from each of the land stations having 
been ascertained by them the information is sent by wireless to the 
ship, the total time elapsing since the ship informed the land stations 
that a knowledge of its whereabouts was required being about ten 
minutes. 

The Multiple-Charge Method for determining the Velocity of 
Sound in Sea-Water. — ^This method was developed about 1923 by 
A. B. Wood and others in conjunction with the Admiralty. Let us 
suppose that B, Fig. 31*12 (a), is a buoy fixed in position approximately 
in line with two hydrophones (instruments for detecting sound waves 
in water) and H^, at a known distance apart, D, but at a con- 
siderable distance from H^. Now suppose that a destroyer steering 
a straight course at uniform speed along a line XY passing through 
B and at right angles to drops at approximately equal intervals 
a number of depth charges, about half of these lying on either side 
of B. 

Hi and are connected to a land-station so that a film record may 
be made of the time of arrival of sound signals at the above two 
points. Now the time of passage of the explosion-wave across the 
base line, HiHs, will increase from charge No. 1 to charge No. 6 
and then duninish. If the time intervids are plotted with respect to 
the time of dropping the charges from the destroyer, the points will 
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lie on a smooth curve with a well-dehned maximum — cf. Fig. 31*12 (6) — 
between the 6th and 7th charges in the particular instance here recorded. 
If is the maximum time interval for the passage of the wave between 
H 2 and Hi, then 

D 

In deriving this formula the only assumptions made are that the 



speed of the destroyer is approximately constant and that its course 
is approximately a straight line. 

In some of those experiments HjHj = 70,245 ft. ; (m — 14*176 sec. 
Hence c — (4965*4 ± 1) ft, sec.'*^ at 17® C. l^dal errors were eliminated 
by carrying out the experiments at a time of neap-tide slack water. 
The film record enabled the time differences to be measured accurately 
to within 0*002 second. The twelve depth charges were fired at 
intervals of IJ min. (±2 sec.), and the course of the destroyer was 
kept straight by steering directly towards a fixed landmark. 

Sound -ranging on Land. — During the First World War the need 
for a method of locating the position of an enemy gun became very 
urgent. The following method was therefore developed. Suppose S, 
Fig. 31*13, was a source of sound — ^the gun — ^while A, B, and C, were 
three observers who recorded the time when a soimd from the gun 
reached them. If the flash of the gun hod been seen, the method 
of deducing the gun’s position was exactly the same as that used in 
finding the position of the ship as described in the previous section 
— ^moreover, only two stations would have been essential. The 
presence of the third station was due to the fact that very often 
the flash was not seen. At each station there was concealed a piece 
of very thin platinum wire supported on a mica frame as in Fig. 31*13 (6) 
and moimted in front of a resonator. [This consists of a toge ves^ 
containing air which responds loudly to notes of certain pitch wliicli 
are always present in the array of sounds caused by the explosion 
of a gun, but are absent from the sounds due to speech, traffic, etc. — 
cf. p. 652.] The wire was placed in one of the arms of a Wheatstone 
bridge and the bridge balanced in the usual way. When the resonator 
was in action the violent excursions of the air past the microphone. 
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i.e. the mre, mounted as described above, cooled it and the bridge 
became unbalanced since the resistance of platinum decreases when 
the temperature is lowered. This want of balance in the bridge was 
recorded electrically at the base which was connected to each station. 
If c is the velocity of soimd in air under the prevailing atmospheric 
conditions, and tb* and tc the times when the signal was received 
at each station 


c c 


— td ““ tb 


and 



These equations indicate that S lies at tho intersection of two 
hyperbolae, having their foci at A and B, and at B and C, and iii which 




(a) (b) 

Fig. 31*13. — Sound Ranging. 


the differences between tho focal distances of any point on tho curves 
are c(ta — tb), and c(tb — tc) respectively. These hyperbolae were 
constructed by a specially designed curve tracer and tho position 
of the gun was found. As tho method is employed at present the 
reception of the sound is indicated by a slight protuberance on an 
otherwise straight line on a photographic film. This lino is produced 
by light reflected from the mirror of a galvanometer used to dotermino 
when the bridge is balanced. Each protuberance shows that the 
balance has been disturbed. The film is fed continuously into highly 
concentrated developing and fixing solutions so that the negative may 
be examined witliin a few second of the time when the signal was 
received. From the spee<l at which the film is fed into the camera 
the time intervals can be derived. 


EXAMPLE XXXI 

1. Assruming the adiabatic relation between pressure and volume for 
a perfect gas, deduce an expression for the adiabatic elasticity. Why 
is this value used in calculating the velocity of sound in a gas 7 

2. Describe and explain an accurate method for measuring the 
velocity of sound in air. 

3. — ^What is the experimental evidence for the view that sound 
oonsiats of waves propagated through a material mediiun 7 How does 
the velocity of the waves throu^ air depend on their length, and on 
the pressure and temperature of tho air 7 
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REFLEXION, REFRACTION, AND INTERFERENCE 
OF SOUND WAVES 

The Characteristics of Sounds. — The sounds to which our ears 
respond may be divided into two classes : — (i) Sounds of short 
duration which change their character continually if they persist 
for some time; they are termed noises; (ii) Sounds which are 
characterizod by their smoothness and regular flow, as distinct from 
the irregularity and impulsive nature of noises, and termed musical 
sounds. Musical sounds or notes may differ from one another in 
three important particulars : they may differ (a) in intensity, i.e. 
in loudness ; (6) in pitch ; (c) in quality [or timbre]. 

Intensity-Loudness. — This depends upon the amount of energy 
carried by the incident waves and is analogous to the brightness of 
a source in optics. The intensity of a sound is measured by the 
amount of energy passing per second through an area 1 cm.^ drawn 
perpendicular to the direction of propagation at the point concerned. 

If a pdrticle of a mass m is moving with velocity u, its kinetic 
energy is Imu^. If the particle is executing simple harmonic 
motion represented by y = d cos(€t>l — [ef. p. 680], its velocity at 
any instant is 

tt = ^ ' do) sin(a>t — ^), 

/. Kinetic Energy = E = Jw d-co^ sin* {cot — (f>) 

= Jwd?a)*[l — cos 2((ot — (f))]. 

The second term in the bracket ranges in value from + 1 to — 1, 
its average value over a complete period being zero, since it is just 
as often positive as negative. The average value of E is therefore 
Jw dho* == i . where C = dcu, i.e. it is half the maximum 

Unetic energy. 

Now the energy passing through an area 1 cm.* at any particular 
point per second, the area being at right angles to the lino of propaga- 
tion, is equal to that of all the particles in a column of area 1 cm.* 
and length c whore c is the velocity of the sound. The mass of the 
column is pc, where p is the density of the medium. The energy 
proportional to the intensity of the sound is therefore 
W ^ pc. dho\ an expression which shows that the intensity is 
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proportional to the square of the amplitude. Now loudness is a 
physiological effect depending on the ear of the listener, but the 
more intense the sound, the more loud does it appear. By the 
method adopted on p. 351 it can be shown that the intensity 1 
is inversely proportional to the square of the distance, r, from the 
source to the point considered, so that 

I oc d* oc r“*. 

Whence doc r“^, i.e. the amplitude, is Inversely proportional to the 
distance from the source. 

Pitch. — Pitch in acoustics corresponds to colour in optics : in 
fact, pitch may be referred to as musical colour. It is determined 
by the frequency of the vibrations and increases with increase in 
frequency. Now whereas musical notes are characterized by a 
definite and constant frequency all noises are an array of notes of 
varying pitch, i.e. of varying frequency. 

Savart’s Wheel. — When a piece of thin metal sheet is held against 
the teeth of a rotating wheel the former executes an impulsive vibrat- 
ory motion in consequence of the regular impacts it receives from 
the wheel. A note is emitted when the number of impacts per 
second is sufiSciently great, and the frequency of the note increases 
with the speed of rotation. 

The * Cardboard ’ Siren. — This consists of a circular card- 
board or metal disc capable of revolving about an axis passing 
through its centre and normal to its own plane, and having a number 
of equidistant holes drilled near to its periphery. A jet of air 
impinges upon the disc which is arranged so that the holes are close 
to the jet. When a hole comes in front of the jot a puff of air passes 
through. As the disc rotates a series of puffs is produced and if 
these succeed one another sufficiently rapidly a note is produced. 
The pitch of the note rises as the speed of the disc increases. 

Quality. — ^Musical notes may have the same pitch and intensity, 
and yet differ from one another : they are said to be of different 
quality or timbre. To explain this we have to remember that the 
note emitted, when any one note of a piano is struck, is seldom 
pure ; e.g. a trained ear is able to detect the presence of notes which 
are Ugher than that of the fundamental or main note. These 
higher notes, if they have frequencies which are low integral mul- 
tiples of that of the fundamental are known as overtones ; other 
notes which may be present are termed upper partials. These 
higher notes cause a change in the wave-form of a note and give 
to it a certain distinctiveness or timbre. It is because the voices 
of our acquaintances differ in timbre that we are able to distinguish 
one from another. 
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Sensitive Jets and Flames. — ^To examine the progress of a 
liquid emerging from a jet into water the apparatus shown in Fig. 
32*1 may be used. A ‘ constant head * reservoir of the type 
already described [cf . p. 313] is connected to a tube AB about 2 cm. 



Waste 

Fio. 32*1. — Osborne Reynold’s Experiment on Turbulent Motion. 


in diameter, the liquid entering at A and escaping at B. At the end 
C is a rubber bung carrying an inlet tube drawn out to a capillary 
about 10 cm. long and 0*6 mm. in diameter. This is joined to a small 
reservoir S filled with ink. The flow of ink is con- 
trolled by a spring clip T. The position of the 
reservoir is adjusted by means of the flexible tubing 
connecting it to A until a long column of ink is 
seen escaping from the jet. When these conditions 
have been attained the liquid is moving with 
a stream-line motion. [This- experiment suc- 
ceeds best when the flow of ink is not too rapid.] 

By increasing the rate of flow of the water the 
stream-line motion is destroyed and the jet of ink 
moves irregularly. The motion has become tur- 
bulent. 

Similar happenings take place when a jet of 
coal gas, for example, escapes into the atmo- 
sphere; they may be followed by igniting the 
gas. 



Fig. 32*2. — ^Ray- 
leigh's Sensi- 
tive Flame. 


Experiment. — A piece of gloss tubing 0*5 cm. in diameter, drawn 
out to form a jet 0*6 mm. in diameter, is eonnooted to a coal-gas 
supply and placed about 3 cm. below a piece of fine copper gauze 
ar^ged horizontally. The gas above the gauze is ignited, but the 
flame does not extend below the copper. The position of the jet is 
adjusted until the flame is on the point of flickering. When a high 
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note is Bounded in its neighbourhood the flame ducks violently; 
similar happenings take place when a bunch of keys is rattled near 
to the flame. 

Another form of apparatus for producing a sensitive flcune is due to 
Lord Rayleigh. A brass cylinder A, Fig. 82*2, about 4 cm. long and 
5 cm. in diameter is closed at one end, the other being covered with 
a piece of thin tissue paper or mica. Gas entering from below passes 
through the cylinder and is ignited at the top of the exit tube [16 cm. 
long]. The gas flow is adjusted until the flame is apparently detached 
from the apparatus, when it will bo found sensitive to various soimds, 
especially if they are of an explosive nature like the letters p, 6. This 
Acme is exceptionally responsive to high notes if the oriflce is covered 
with a cap pierced with a small hole. 

Reflexion of Sound. — Two cardboard tubes about 10 cm. in 
diameter and 100 cm. long and inclined to each other are placed 
in front of a cardboard or other screen, S, Fig. 32*3. A watch, 
or a Qalton’s whistle [cf. p. 636] is placed at A and a sensitive 
flame at B. The screen R serves to prevent sound waves reach- 
ing the sensitive flame directly : to effect this more completely 
it is better to surround A entirely by a screen. The screen S is 

rotated slowly until the flame 
indicates that sound-waves are 
incident upon it. If the angles 
between the axes of the tubes 
and the normal to 8 at N are 
measured they will be found to 
bo equal. It may also be shown 
that sound-waves are reflected 
from concave mirrors in the 
same manner as are light and 
heat waves by placing a source 
of sound at the focus of one 
mirror and a sensitive flame at 
that of the other. If the two 
mirrors face each other the sen- 
sitive flame responds when in 
this position. The experimental 
arrangement is similar to that 
described on p. 328. 

The reflexion of sound-waves at the face of a mountain cliff is 
responsible for the formation of echoes : whispering galleries owe 
their peculiar properties to this same phenomenon. The reflexion 
of sound from the walls of some buildings is a cause of much annoy- 
ance — ^this was especially so in the House of Commons. It is now 
known that these echoes may be minimized by avoiding sharp 
corners and covering the walls of the room with * acoustic plaster ’ 
which absorbs much of the incident sound energy. 



Fig. 32*3. — Rofloxion of Sound 
Waves. 
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Refraction of Sound. — ^The following experiment ia due to 
Tyndall : — A large soap bubble is blown with carbon dioxide and 
placed between a source of sound and a sensitive flame. The 
flame responds most readily for one particular position for a fixed 
position of the source with respect to the soap bubble. This ia 
because the heavier gas in the bubble causes the sound to be re- 
fracted and the flame is affected most strongly when it and the 
source occupy positions known as conjugate foci. 

That sound-waves do suffer refraction is easily demonstrated by 
the following experiment: — A sensitive flame is placed at some 
distance from a source of sound — the flame responds. A coil of 
resistance wire is placed between them and heated electrically. The 
response of the flame is less vigorous. 

Refraction by a Wind. — It is a well-known fact that a sound 
travelling with the wind is better heard than vvhen it travels in the 
reverse direction. 

An explanation of this was first given in 1857 by Stokes. Let 
us suppose that a source of sound-waves is at S, Fig. 32-4 (a), and 

^ o 


Wind Velocity 


S 

m 



(b) 


Observer to 
leeward 


S 



Fig, 32-4. — Refraction by the Wind. 


Observer *to 
vvmdmrd 


0 ia an observer on the ground. The wave-surfacea will be 
spherical, becoming less curved as they advance. When there ia 
a wind the layers of air will themselves move so that a disturbance 
moves with a velocity which is the algebraic sum of the velocity 
of sound in still air and that of the wind. Thus the velocity of 
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a disturbance will be greater or less than that in air at rest according 
as the sound travels with the wind or against it. I^et us first 
consider the effect when the sound travels with the wind, i.e. the 
observer is on the leeward side of the source. Fig. 32*4 (b) shows 
that the wave-fronts will move as if they were proceeding from 
a source above the ground, i.e. the portions of the waves reaching 
the observer are those which initially tended to travel upwards : 
they have had the advantage of being out of the way of obstructions 
for the greater part of their course. On the other hand if the 
observer is on the windward side of the source, as in Fig. 32-4 (c), 
the upper portions of the wave-fronts will be retarded with respect 
to the lower ones, so that the path along which the energy flows 
will gradually be bent upwards, and at a moderate distance passes 
over the observer. 

Similar conditions to the first occur even if there is no wind 
when the temperature increases upwards. The velocity of sound- 
waves then increases with height [cf. p. 593], so that on both sides 
of the source the wave-fronts are bent downward and thus the sound 
will be better heard by an observer. If the temperature decreases 
with height the sound is not heard so well. 

Reflexion of Sound-waves by a Wall. — Let PQ, Fig. 32*5, 
represent a rigid wall upon which a train of sound-waves is falling 
at normal incidence. Since the wall is rigid, none of the energy 
incident upon it can be transmitted forward so that the layer of air 
in contact with the wall must remain permanently at rest, for if it 
moved away there would be a vacuum on one side and a pressure 
almost atmospheric on the other. Hence, when a compression 
reaches the wall, the only way whereby this layer can free itself 
from its strained condition is by pushing back its neighbours. 
A compression is therefore reflected from the wall as a compression. 
Similarly, a rarefaction is reflected as a rarefaction. In each case 
the displacements of the particles due to the incident wave are 
opposite to those due to the reflected wave. The waves are said 
to have been reflected with change of phase since the motions of 
the particles are reversed by reflexion. To discover the state of 
the air through which these two trains of waves are passing we 
have to construct the velocity or displacement curves and find their 
combined effect. The reflected waves can be represented by a wave- 
train moving from left to right. Since the velocities of the air 
particles adjacent to the wall are always zero, the velocities due to 
each train must be equal and opposite at this point, i.e. at the wall 
the two wave-trains differ in phase by n at every instant. The 
reflexion is said to have ocemred with change of phase. In. the 
diagrams the thin and dotted lines represent the velocity curves 
of the incident and reflected waves respectively. The thick line 
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represents their resultant. At time I =: 0 let us assume that the 
velocity of the incident wave due at the wall is a maximum ; the 
velocity at this point due to the reflected wave wiU also be a 
maximum equal but opposite in direction to the above. At this 
instant all the particles have a resultant velocity equal to zero 

T 

[of. Fig. 32*6 (a)]. At time -g seconds later the curves shown in ( 6 ) 
represent the state of affairs. The thin curve is really the thin 



curve in (a) displaced one-eighth of a wave-length to the left, while 
the dotted one is obtained from (a) by advancing the thin curve 
one-eighth of a wave-length to the right. The resultant is shown 
by the heavy line. The curves in (c), (i), and (e) have been drawn 
in the same manner. 

In a single wave-train the amplitude is the same for each vibratory 
particle although the maximum displacement of each occurs at 
different times. In the present example the points Nj, N„ N,, N 4 , 
etc., are permanently at rest. They are termed nodes and ore 
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separated from each other by an amount where A is the wave- 


length of the motion. Moreover, the particles in between the nodes 
have different amplitudes although the amplitude is a maximum 
at the same instant. The points where the amplitude is a maximum 
e.g. at Ai, As, A,, etc., are called antinodes. 

Vibrations similar to this are termed stationary vibrations or 
standing waves. In our treatment above it has been assumed 
that the reflecting wall was perfectly rigid. In actual examples 
some of the incident energy will pass into the medium of which 
the wall Is a boundary so that the amplitude of the reflected waves 
will generally be less than that of the incident ones. In virtue of 
this the velocity and displacement at the nodes is never exactly 
zero. 


Experiment . — In high-froquency sound-waves, such as are produced 
when a Galton’s whistlo is blown, the positions of the nodes and anti- 
nodes may be located with tho aid of a sensitive flame. When the 
flame is at a node it does not flicker since the molecules are at rest, 
but when at an antbiodo violent flickerings of the flame manifest 
themselves since at those points the disturbances are most pronounced. 

Since the distance apart of successive nodes or antinodcs is-g* the 

frequency of the note may be determined if tho velocity of sound in 
air is known. In this manner the frequency of a note which is so high 
that it is beyond tho upper limit of audibility may be found, and 
since the frequency of tho note emitted by a Galton’s whistle is con- 
tinuously variable the upper limit of audibility may be fixed. 


Reflexion without Change of Phase. — If sound-waves travel- 
ling in the more dense of two media impinge upon a boundary 
between them reflexion takes place under conditions very different 
from those just discussed. Let us suppose that a wave of amplitude 
a is advancing from the right towards the wall PQ, Fig. 32*5. As 
the wave passes along, each layer acquires energy which is expended 
in imparting motion to the next layer. When the layer adjacent 
to PQ is set in motion it retains some of its energy when it has moved 
through a distance a since the particles to the left of PQ are more 
easily set in motion. In consequence of this, the layer continues 
to move towards the left until it has advanced a total distance 
b[b ^ a]. This causes the air behind to become rarefied : thus 
a reflected wave of rarefaction of amplitude b is set up by the 
compression wave incident on the boundary PQ. This is termed 
a reflexion without change of phase. At the interface between 
the media the displacements are large so that antinodes occur here. 


The first node is therefore at a distance from the interface. 
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Interference of Sound-waves. — ^Wehave already disoussed the 
conditionB under which light-waves may interfere.^ Since sound is 
a wave-motion [differing from light in that it consists of longi- 
tudinal waves transmitted through a material medium and that its 
wave-length is considerably greater] it follows that sound-waves 
should be capable of inter- 
fering. Now with light-waves 
interference can only occur if 
the interfering trains have 
their origins in the same 
source ; interference may be 
shown with sound-waves 
emitted from different sources. 

Let A and B, Fig. 32*6, 
be two sources emitting 
sound-waves of the same am- 
plitude and frequency. At 
the point P [not necessarily 

in the plane of the diagram] the two wave-trains will reinforce each 
other if they are in phase, so that an observer at this point will hear 

a loud sound. On the other hand, if the waves differ in phase by ~ 

or, in general, by (2n + where n is any integer, the medium will 
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-Interferoiice from Two 
Sourcos. 


remain undisturbed since the displacements due to each set of waves 
are equal and opposite. These effects will persist as long as the 
sources continue to vibrate since we have supposed that their 
periods are equal. 

Conditions for Interference. — ^The following conditions must be 
fulfilled if two wave-trains are to interfere with each other : — 

(а) The frequencies of the waves must be the same, otherwise any 
difference in phase at a particular point would not be maintained, 
and, if mutual destruction occurred at one instant, reinforcement 
would take place soon afterwards. 

(б) The amplitudes [i.e. intensities] of the two vibrations must be 
equal, otherwise complete interference is impossible. If the 
amplitudes are not equal the positions in which the phase difference is 


A . 

(2n + 1)^ will not be positions where the resultant displacement is 


zero. 

(c) The displacements should be coUinear, for, otherwise, the 
motion of the particles at points where the phase difference is 


(2n -f 1)| would not be zero and the particle at each such point 


would execute a type of Lissajous* figure. 
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Quincke’s Tube. — The wave-length of a high-frequenoy note 
may be determined with the aid of Quinoeb's tube shown in 
Fig. 32-7. This consists essentially of two tubes A and B about 
3 cm. in diameter and bent as indicated. The effective length of the 
right-hand tube may be altered by sliding the tube A. Let us sup- 
pose that a Galton’s whistle is blown near to C. The sound-waves 
entering the tube may travel to D via the path CAD or CBD. If 
these are equal the two sets of waves will be in phase when they 
reach D so that if a sensitive flame is placed at this point it will be 
violently disturbed. On the other hand, if the tube A is moved, 

i 

a position will be reached when the two trains differ in phase by g 
when they arrive at D. When this occurs the flame will not flicker. 



Fig. 32*7. — Quincke’s Tube. 

A 

and the tube A will have been withdrawn a distance 7 . When the 

X 

tube A is moved through a distance g the path difference will be so 

that the waves at D will be in phase and the flame flicker, but this 

will cease if the displacement is increased to 3 j Proceeding in this 

way several positions of the tube A may be found such that destruc- 
tive interference occurs at D. The distance between any two con- 

secutive positions is so that the wave-length and hence the fre« 

quency may be determined. 

Beats. — Suppose that one of two tuning-forks whose frequencies 
are identical is loaded with a small quantity of wax so that its 
frequency is diminished. If the two are sounded together it will 
be noticed that the resultant intensity waxes and wanes. These 
alternations of strong and weak sounds are termed beats. If the 
difference in frequency is n, then, at any point, n times every second 
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the phases of the waves will be the same and / times per second 
they will differ by tt, i.o. by an amount equivalent to half a 
wave-length. 

Exercise* — Construct^ after the manner indicated in Chap. XXXI, 
two sine curves in which the frequencies are 8 and 9. Then construct 
the resultant curve formed by adding the two motions together. In 
this curve it will be noticed that the amplitude fluctuates in a perfectly 
regular manner. The maximum disturbance at any given point 
occurs when the two separate disturbances are in pharo, while, when 
the one wave-train has made one half -vibration more than the other, 
the two will be in opposite phase and the resulting disturbance a 
minimum — if the amplitudes are equal, the resultant amplitude is zero. 

By counting the number of beats per second when two forks are 
sounding we determine at once the difference in frequency between 
two notes. To determine which is the fork of lower frequency one 
of them is loaded. If the number of beats per second is increased 
then the fork which is loaded had the lower frequency originally, 
for the load has merely served to increase the difference in frequency 
between the forks. Care must be taken to repeat the experiment 
with the other fork loaded when the number of beats per second 
should be reduced: It is necessary to do this, for it is possible that 
the higher-frequency fork may be so heavily loaded that the number 
of beats per second is increased instead of being diminished as it 
would be if the load were not too great. 

Beats. — Anaiyiical Treatment* Lot the two wave trains to be 
compounded have amplitudes di and da, and dilTer slightly in frequency 
(or wave-length), i.e. they are given by the equations 
f 1 = di cos (coi — 
f j — dz cos [(a> + /i(o)t — 

- d, cos [(ot — {^2 — 

The resultant is therefore given by 
{ = f 1 4 - f 2 “ dj cos o)t cos + di sin (ot sin 

-h da cos (ot cos (^2 ”■ dco.O + da sin wt sin (^a “ do.O 
^ d covS {cDt — (say), 

where d cos ^ = dj cos + da cos (<^2 Aio.t) 

d sin ^ — d^ sin -f da sin (^2 “ 

i.o. . d -- [d^* + da* 4 " 2 dida cos {<^1 — (^a — idco.f)}]!, 

d| sin <f>i 4 - da sin (^j ~ A(o.t) 
and tan ^ d7cos“0i +~d7c08 

Hence the amplitude fluctuates between (d^ 4 ~ da) when the cosine 
term is 4 - 1 , and (dj — dg) when it is — 1 . The period, t, of these 
fluctuations is such that if 

- (02 ~ -dw.fi) = a, say, 

01 “ (02 “ = a + 271 

for then the displacements are identical. Thus 

^ ~ ^ 1 — 

^ Aa) 2:?i/i — 2;i/a fi “A* 
where fi and /a ore the frequencies. 



612 


ACOUSTICS 


Thus the resultant vibration is one wlxose period is — , i.e. it is 

equal to that of the disturbance fj, but whoso amplitude fluctuates : 
it is a maximum (/i -•/ 2 ) times per second and this is equal to the 
number of boats heard per second. 


Source 

— 


Velocity of Sound Viaves 


(a) 


Observer 

O# 

>^lt2 



Stationary 

Source 


^ ; X 

Observer In 
motion 


(b) 



motion) 

Fio. 32*8, — ^The Doppler Kifoct. 

The Doppler Effect (or the Variation of Pitch with Motion). 
— ^Let S, Pig. 32’8 (o), be a source of sound-waves, the frequency 
being /. Suppose this source moves with velocity towards an 
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observer 0 who is moving away from the source with a velocity 
Ugj each of these velocities being relative to a fixed point. Then 
the disturbed wave-length, X', is given by 

Velocity of separation of wave-fronts and source 
Frequency of emission from source * 


X' = 


[c = velocity of sound.] 


__ c — Wi 

^ “ 7 ”"”* 

The frequency of the waves as received by the observer is given by 
Velocity of approach of wave-fronts and observer c r- 


Disturbed wave-length 


A' 


[if there is a wind blowing with velocity along the hne SO 
the velocity c must be increased by — it must be diminished if 
tlio wind is in the opposite direction.] 

Now let us consider the variation in pitch, caused by motion 
between a source ,and observer when the motion is not along the 
line joining them. Thus in Fig. 32-8 (6) let A be an observer 
moving with velocity u along a straight line. Lot S be the 

stationary somce at distance d from the above line. Let SAO = 
Then the observer is approaching S with a velocity u cos so that 
the frequency of arrival of the waves at P, which is the apparent 
frequency of the source, is given by 

Velocity of approach of wave-front and observer 
^ “ Disturbed wave-length 

__ c -f u cos ^ [Since in this instance the disturbed wave- 
X length is equal to the actual wave-length X.] 

c + w cos ^ 

= /[l + - cos = /[l + J 

In Fig. 32*8 (c) the curves indicate how the value of N' varies 
with X Tor different values of d. When d = 0 N' has a constant 

value on either side of the origin, via, / [-g on the ‘ approach- 
ing* side and/ on the ‘ receding * side. Thus, when the 

observer passes through O, when d = 0, there is a sudden change 
m pitch = . 


, where AO = x. 



614 


ACOUSTICS 


Again, let the observer be at rest at A, Fig. 32*8 (i), while the 
source, S, is in motion with velocity u along a straight line whose 
distance from A is d. Now in the case just considered, i.e. when 
the observer was in motion and the source was at rest, the apparent 
change in frequency was duo to the change in the rate at which 
the sound-waves passed the observer — ^there was an apparent 
change in the velocity of propagation, the wave-length remaining 
constant. In the instance now under discussion there is an apparent 
change of wave-length due to the motion of the source towards 
the observer, the velocity of sound remaining unchanged. The 
disturbed wavelength is given by 

Velocity of separation of wave-fronts and source 
”” Actual frequency 

— u cos <f> 

7- • 

/. Frequency of arrival at A 

__ Velocity of approach of waves and observer 
" Disturbed wave-length * 

^ f . 

c — cos ^ Pi la: ”] 

c{d2 


When d = 0, the change in pitch as the source moves past the 

/ f 


observer is from 


jL — to 


For other values of d and 


Xj curves similar to those in Fig, 32*8 (c) could be drawn. 

In all cases it will be noted that for small values of d, i.e. when 
the source and observer are actually close together at some instant, 
the apparent frequency is at first constant and then suddenly drops 
to a constant lower value. As d increases the change is more 
gradual so that for large values of d the change is less marked, 
unless u is also large. These last remarks are illustrated by the 
following examples : (1) When an engine passes an observer close 
to the railway line there is a sudden drop in the pitch of the note 
from the whistle if this is sounding ; (ii) the passage of an aeroplane 
overhead. 

The apparent change in frequency due to relative motion between 
a source of waves and an observer was first discussed and elucidated 
by Doppler. He had noticed the apparent change in wave-length 
of the lines in stellar spectra. According to his principle, when 
a star is approaching the earth, the light waves will be shorter, 
i.e. the lines in the spectrum of the light from the star will be 
shifted towards the region of shorter wave-lengths — ^viz. towards 
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the violet end of the spectrum. Similarly, a shift towards the 
red end of the spectrum will denote a motion away from the earth. 
Other examples of the use to which the Doppler principle has been 
put are as follows : (i) by examining the spectrum of the light 
from the periphery of the sun, its speed of rotation has been cal- 
culated ; (ii) Saturn’s rings have been shown to be rotating more 
rapidly at the inner edge than at the outer. 

The Reflexion of Plane Waves (at Normal Incidence) from 
a Moving Reflecting Plane (or Mirror). — Let a train of plane 
waves be incident normally on a plane ‘ mirror * M, Fig. 32-9 (a). 
The waves travel from left to right. Let X© be their wave-length 
and ’c their velocity. Let Aq, A^, Ag . . . represent successive 
crests in the advancing wave-train. Now suppose that M moves 
towards the oncoming waves with velocity u. Let us consider the 
state of affairs from the instant when Ag just reaches M. Suppose 


“4/ 




K I 

1 

Ii 


s. 




il 


(a) 


(b) 


Fio. 32-9. 


that the mirror meets A^ when it has moved forward a distance x 
from the chosen zero position — cf. Fig. 32*9 (6). Then A^ and M have 
moved relatively a distance Xq with a velocity (c + w). This will 

7 

occur in time ^ — r — During this time the reflected crest corre- 
{c + u) 

sponding to Ag will have advanced to Bg, i.e. through a distance y 

eoual to while the mirror will have advanced to Ai 

^ (c -1- uY 

- — = X. But BgAi is the wave-length 
(c + u) 


'{c + u) 
through a distance 
of the reflected train, viz 


(y - *) -= 

If ~ 0 (as is always the case when light weaves are considered) 
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If the mirror moves in the same direction as the oncoming waves 

c 


— 


which 


u( 


« + ( 


® 1 
U)'^ ~ C - 


2u\ , u 

1 + — )Xo, when - 0. 

c J c 


EXAMPLE XXXn 

1. — ^Explain the alteration of the pitch of a note with the motion 
of the source. An engine travelling at 60 ml. hr.-'* passes an observer 
at rest. If 680 cycle. sec.“^ is the frequency of the note heard when 
the engine souncls its whistle while moving towards the observer, 
what is the frequency of the note which may be heard when the engine 
is receding ? fVelocity of sound in air = 1100 ft. sec.""^.] 

2. — ^A lino of wave-length 4*8 x lO-® cm. in the spectrum of the 
light from a star is found to be displaced from its normal position 
nearer to the red end of the spectrum by on amount corresponding 
to a change in wave-length of 1*2 X 10“® cm. What velocity of the 
star in the line of sight would account for this shift ? 

3. — ^Two trains are approaching one another with speeds of 60 and 
45 km.hr.”^. A whistle of frequency 612 cyclo.sec.~i is sounded on 
the first train. Calculate the frequency of the note heard by an 
observer on the second train (a) before and (6) after the two trains 
pass one another. 



CHAPTER XXXIII 


THE VIBRATIONS OF STRINGS, RODS, AND 
COLUMNS OF GAS 

The Velocity of Transverse Waves along a Stretched String. 
— For our present purpose a string may be defined as a perfectly 
fiexible uniform filament of cord or vire. Since all actu^ strings 
possess rigidity it is necessary to use tliin strings when designing 
experiments to check our theoretical deductions since, in thin 
strings, the effect of rigidity is a minimum. Let us assume that 
a perfectly fiexible string, having a mass fi per unit length, is 
stretched by a force F (absolute units). To deduce the velocity 
of transverse waves along such a string we shall use the method 
originated by Tait. He imagined that the string was passed 



Fia. 33'1.— Volocity of Transverse Waves along a String. 

through a smooth tube of the shape diown in Fig. 33*1, with a 
velocity c. The tension in the string gives rise to a pressure 
tending to straighten the tube and string, whereas the tube tends 
to increase the curvature of the string. When these two effects 
are equal and opposite the form of the curved portion of the string 
remains stationary in space, each portion of the string assuming 
this shape in turn. Relative to the string, the curved portion 
moves with a velocity c. When these conditions have been 
attained, consider a portion AB, of length {. If the tensions at 
the ends of AB are represented by DH and DE respectively their 
resultant, P, which is the force exerted on the tube round AB, 

617 



618 


ACOUSTICS 


is represented completely by D£. If a is the angle between 

normals AC and BC, then DE 2.DH sin | ; hence P = 2F sin 

or Fa, when a is small. Now the centrifugal force due to 
a mass fil moving with a speed c in an arc whose radius is r, 

is WK6n this is equal to the force due to the tension in 

the cord, the tube may be removed, and the velocity of the transverse 
motion is given by 



But a = -, so that e = 

s 

The Transverse Vibrations of Strings. — The strings dealt 
with in practice are always of finite length and attached at each 
extremity to a rigid support, so that when a disturbance reaches 
the extremity of the string a reflected wave will be set up. Since 
this wave is reflected at a rigid wall there will be a change in phase 

5 ", so that a node is always found at the end of the string. The 



simplest possible typo of vibrating string is one in which there 
are only two nodes, i.e. the length of the string is one-half the 
wave-length of the disturbance travelling along it. If 1 is the 
length of the string, then X = 21, Since / the frequency of the 
vibration is expressed by /X = c, we have 


/ 


c _\ /P 

21 ■" a V ft' 


The expression just obtainod may be verified experimentally by 
means of a sonometer or monochord — Fig. 33-2. This instru- 
ment is said to have been in use at the time of Pythagoras but 
the elementary laws of vibrating strings were not made known 
until 1636. In that year Mxbsekke expressed them separately. 
The formula given above was established theoretically by Bbook 
Taylob in 1715. 

Mersenne’s Laws. — ^These laws were formulated as the result 
of experiments on the vibrations of strings long before the mathe- 
matical theory had been developed. They are : — 

(i) For a given string and given stretching force the fre- 
quency varies inversely as the length. 

(ii) For a uniform string of given length and material, the 
frequency varies as the square root of the stretching force. 

(iii) The frequency of vibration of strings of the same 
length and subfected to the same stretching force varies 
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inversely as the square root of the mass per unit length of 
the string. 

Lamb in his book on sound writes : ‘ The principles that the 
frequency diminishes with increase of length and with increase of 
line-density have a familiar illustration in the pianoforte, where 
longer and intrinsically heavier strings are used for the gi’aver 
notes. If the relation of pitch were adjusted by length alone the 
strings corresponding to the lower notes would be ftt least 100 
times as long as those belonging to the highest. In order to secure 
a sufficiently low pitch within practical limits of length, and with 
a sufficient degree of tension, the string is loaded with a coil of wire 
wrapped closely round it. This has the effect of increasing the 
inertia without seriously impairing the flexibility, which is an 
essential point. The influence of tension, again, is illustrated in 
the process of tuning, wliich consists in tightening up the wires 
when those have been stretched, or the pegs have yielded, so that 
the instrument has fallen in pitch, or become “ flat.” ’ 

The Sonometer. — ^The sonometer consists of a wooden board 
or box upon which two wires are stretched. One of the wires, 
cf. Fig. 33-2, is stretched by means of a mass supported by it 
over a pulley. The other is placed under tension by wrapping 
it roimd an iron peg which may be rotated by means of a wrench 
key, as are the wires in a piano. The vibrations are confined to 
deflnite portions of the wires by means of two fixed bridges A 


A. B 



Fig. 33-2. — A Sonometer. 


and B. Other small movable bridges are supplied so that any 
length of wire can be selected for use. The wooden box is a desirable 
feature since it vibrates in tune with the wire. The mass of air 
affected is greatly increased in this way so that the loudness is 
augmented. [Does this violate the principle of the conservation 
of energy ? No, for the vibrations die away much more rapidly 
than when the wire alone vibrates.] The wooden body of a violin, 
and the sounding board of a piano, behave in an analogous manner. 

Experiment. — To show that f ocj. Attach a constant load to the 

wire passing over the pulley, and culjust one of the movable bridges 
until the wire vibrates in unison with a tuning fork of known frequency. 
Students having diffioulty in judging the equality of two notes may 
obtain the final adjustment with the aid of a wooden disc about 4 in. 
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in diameter attached to one end of a short wooden rod whose axis 
is normal to the plane of the disc. The free end of this rod is placed 
in contact with«the sonometer board while the disc is pressed against 
the ear. The tuning fork is struck and held against the board. If 
the adjustment is approximately correct, boats will be heard. The 
bridge is moved until the beats are very alow, when the length of the 
vibrating wire is recorded. The observations are repeated with other 
forks. Since theory shows that fl is constant, the verification of this 
fact may be shown by plotting log / against log Z, when a straight line 
having a slope — 1 should be obtained. 

EacpeHment, — To show that / oc Fi. A sonomotor, with two 
stretched wires, is required. One of these wires is kept under a con- 
stant load, and its length is adjusted so that the frequency of the wire 
when plucked shall be equal to that of a given tuiung fork. [Strictly 
speaking, it is not necessary to know the actual value of the frequency 
of this fork.] This wire now fumishas us with a scale of frequencies, 
for if its length is altered, its frequency will be changed in such a 
way that the product fl is constant. 

Now let a fixed length of the second wire be selected and let it be 
under a tension F. The frequency of the note it emits when plucked 
is foimd by adjusting the length of the first wire until there is resonance 
between the two wires. A series of corrosponding values of F and f 
having been obtained, log f is plotted against log F and if a straight 
line whose slope is 0*5 is obtained, the fact that / oc Fl will have been 
verified. 

Experiment* — To show that f oc Again a sonometer with 

two wires is required. One of them is kept under a constant load 
and standardized as above so tliat it provides us with a scale of 
frequencies. A selected length of the second wire is then put imder 
a constant load and the frequency determined with the aid of the 
standardized wire. Its mass per unit length, m, is then found. An 
equal length of another wire, of different mass per unit length, is then 
placed imder the same load and its frequency determined. A series 
of such readings should be obt€uned. If /ml ^ constant, then 

log f + i log m — const. 

By plotting log / against log m and obtaining a straight line whoso 
slope is - i, the fact that / a m't will have been vorifiod. 

On Tuning Two Notes to Unison. — ^The student who has 
no musical * ear ’ will have difSculty in deciding when the fre- 
quencies of two notes are equal. If an attempt is made to tune 
a fork and string to unison, and the string is in a horizontal position, 
the following method may be adopted to indicate when the tuning 
is oorreot. A small paper rider is placed at the middle of the 
string and the sounding fork allowed to rest on the board of the 
sonometer. When tl\e tuning is approximately correct the rider 
will flutter, and will be thrown off when the fork and string are 
in unison. This occurs because the fork and string are in such 
a condition that when one is sounding the other resounds. The 
experimental procedure, therefore, is to vary the length of the 
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string BO that the fluttering increases and the rider is eventually 
thrown off. 

The above method may also be used when two strings attached 
to the same sonometer board are to be tuned to unison. 

Another method of deciding when two notes are in accord is as 
follows. Its applicability is of a more general nature than the 
above. When two notes have approximately the same firequency 
beats will be heard ; by adjusting the frequency of one of the notes 
the beats are made so slow that they cannot be distinguished. 
The tuning is then exact, i.e. the frequencies of the two notes are 
identical. 

To Determine the Absolute Frequency of a Tuning Fork. 
— The sonometer wire, stretched by a known load, is tuned until 
it is in unison with the fork. The equality may be tested by 
listening for beats in the manner already described. The frequency 
is then calculated from the formula 



Unless a thin string is used this frequency not be the true 
frequency of the fork, for the rigidity of the wire will produce an 
extra force tending to restore the wire more quickly to its zero 
position when vibrating, i.e. the frequency will be increased. 

In all work with sonometers it must bo remembered that if M 
is the mass of the load carried by the wire the stretching force 
is not where g is the intensity of gravity, on account of friction 
at the pulley. It is therefore necessary to write F = Mg + C, 
where C is a constant, so that 


/ 

which may be written 


1 / My +~C 
2I\ /t 


= M + 

g 


c 

9 


If, therefore, we wiito P = x, y = M, we obtain a straight lino 

whose slope is if C is strictly a constant. It is most likely 

to be constant in comparison with the other terms if it is small : 
hence the pulley wheel should not be too small in diameter. 

The above equation also enables uij to determine the density of 
the material of a wire if a standard fork is available. The wire 
is adjusted until in tune with the fork, when the mass per unit 
length of the wire may be determined. If the density of the 
material of the wire is p, and r is its radius, /i = nr^p. 
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The Frequency of an Alternating Current.— A small current 
firom a source of alternating current is sent along a sonometer 
wire, AB, Kg. 33-3, the central portion of which lies between the 
opposite poles Si, N, of two cobalt steel magnets NiSi, N,S„ 
i.e. this portion of the wire is in a strong magnetic field, if the 
above poles are near together. The tension in the wire is adjusted 
until resonance occurs, i.e. the wire vibrates vigorously since its 



Fig. 33-3. — ^To measuro the Frequency of an Alternating Current Supply. 


own natural period is the same as that of the alternating current. 
The frequency, /, is then calculated from the equation 



where I is the length of wire between the bridges of the sonometer, 
fi the mass per unit length of the wire, and F the tension in the 
wire. S is a spring balance which measures F. G-clamps, Gi 
and G|, prevent the clamps supporting the wire from falling when 
the latter is under tension. 

Again, on account of friction, a series of observations with different 
loads should be made, when, as on p. 621, wo have 


/ 


1_ / Mg + C 
2li\J fi 


so that / may be determined gi’aphically. 


Harmonics and Overtones. — ^The vibrations of a wire so far 
considered have been such that there have been only two nodes 
present. The wire has then given its lowest or fundamental 
note. It can be made, however, to vibrate so that intermediate 
nodes exist. For example, if four nodes are to appear it is only 
necessary to touch the wire lightly with the aid of a feather at a 
point distant one-third of the length of the wire from one end, and 
to bow the wire with a violin bow at an antinode. The first 
four modes of vibration of a stretched wire are indicated in 
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Fig. 33*4. If the fundamental is Doh, the notes emitted when three, 
four, and five nodes are present are doh, soh, and doh' respectively. 

The presence of these nodes may be made apparent by placing 
small paper riders on the wire which is then bowed, while a feather 

touches the wire at a point ~ th of its length from one end, where 

n is a small integer. The riders will be thrown off at the antinodes 
or loops, but will remain on the wire at the nodes. 

When a stretched wire 
vibrates a well-trained 
musical car detects notes 
of a frequency different 
from that of the funda- 
mental note. These 
higher frequencies are 
called overtones. When 
the wire is stretched be- 
tween rigid supports it 
is found, both theoreti- 
cally and in practice, 
that all the overtones are 
integral multiples of the Fia.3S-4._-n»eFiiBt Fo,ttMode8of Vibration 
« ? ^ , V of a Stretched String, 

fundamental frequency. 

Such overtones are known as harmonics, the fundamental 
frequency being called the first harmonic, the first overtone 
(with a frequency twice that of the fundamental) is the second 
harmonic, the second overtone is the third harmonic, and so on. 

Harmonic overtones are not found in many vibrating systems, 
but those systems where they do exist are used in nearly all musical 
instruments, for the sounds caused by such are pleasant to a 
musical car. 

The presence of overtones due to a piano wire may easily be 
shown as follows : — A piano key somewhere near the centre of the 
board is pressed down and held in that position. When the note 
has died away the key an octave below is struck vigorously and 
then released. The first wire will be heard vibrating. This is 
because it has picked up notes having the same frequency as 
those it emits when vibrating. These were present in the vibrations 
of the second wire and constitute its first overtone or second 
harmonic. 

The Experiments of M elde. — ^A very beautiful method ' of 
demonstrating the vibrations of stretched strings is due to Msldb. 
An electrically maintained tuning fork [p. 627] is clamped to a table 
as in Fig. 33*5. One end of a string about two metres long is 
attached to one prong of the fork while the other end is joined 
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to a pan after passing over a pulley — arrangkl in this way, the 
direction of motion of the point of attachment is parallel to the 
length of the string. The pan is loaded, the fork excited, and the 
load, or length of string, adjusted until the vibrating string shows 
one loop. If the load is reduced to one quarter the above value, 
two loops will be obtained ; when it is reduced to one-sixteenth, 
four loops will be produced. Gi-clamps serve to hold the apparatus 
in position. If for any pattern thus obtained the plane of 



\Joi> 

Fia. 33*6. — ^Melde’s Experiment. 


the fork is rotated through 90% everything else being kept the 
same, the wire will be found to be vibrating with twice the number 
of loops. 

The explanatfon of these phenomena may be obtained by consider- 
ing Fig. 33*6 (6), (c), and (d). In the first instance when the point 
of attachment moves parallel to the undisturbed position of the 
string, the effect of the motion causes the tension in the string to 
vary periodically so that, at first sight, there is apparently no 
reason why the string should depart from its equilibrium position 
of straightness. Actually, the equilibrium of such a system c^i 
be shown to be unstable, and the string settles down in a state 
of vigorous vibration with a period twice that of the fork, i.e. its 
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frequency is one-half that of the fork. A general explanation is 
as follows. When the prong A has made its maximum excursion 
towards B, let us assume that the amount of sag in the string 
is also a maximum. As the prong returns the sag decreases, 
becoming zero when the prong has made its maximum excursion 
to the other side. When the prong returns the wire does not sag 
but is carried upward in virtue of the inertia it possesses. When 
the prong has reached the position it formerly had in (6), the wire 
is at rest at its maximum displacement above the horizontal — 
cf. (d). This shows that to every complete vibration of the fork 
in this position the string makes one-half of a complete vibration. 
The frequency of the string is therefore one-half that of the fork. 

When the motion of the prong is at right angles to the string, 
i.e. when the fork has been rotated through 90°, the string will 
move to the right when the prong moves to the right ; it will be 
at rest when the prong is at its zero position ; it will move to the 
left when the prong moves to the left ; i.e. the vibrations of the 
string will synchronize with those of the fork and the two 
frequencies will pe equal. 


The Transverse Vibrations of Rods. — Our considerations of 
the vibrations of strings ^ 
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Fig. 33*6. — Tranaveree Vibration of a Rod 
fixed at One End. 
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have been made on 
the assumption that the 
strings are perfectly 
flexible, i.e. the strings 
are restored to their 
zero positions after be- 
ing displaced solely in 
virtue of the tension in 
them. The opposite 
extreme is that of a 
vibrating rigid rod. 

Here there is no tension 
along the rod and the 
restitution is brought 
about by the stiffness of 
the maWial of the rod. 

The vibrations of a rod 
fixed at one end executing its fundamental and first two nodes 
of vibration in addition to the fundamental are indicated in Fig. 
33-6, but a full treatment of the subject shows that they are hot 
exact harmonics of the fundamental. 


Tuning Forks. — When a solid rod is supported at two points, 
Ni and N*, Fig. 33*7 (a), and caused to execute transverse vibra- 
tions, these two points become nodes — ^there may be other nodes 
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intermediate between these and on each side of them, but the 
important feature about the motion is that the two ends 
are always moving in the same direction at the same time. 
When the bar is sounding its fundamental there are only two 
nodes. 

If a rod is gradually bent at its centre, the two nodes, when 
the bar is sounding its fundamental, approach the centre of the 
bar as the bending increases — cf. Fig. .33-7 (6). When the two 
portions of the rod are parallel the nodes are very close together 






N, fi,; 


Fio. 33-7. 

and the motion is that of a tuning fork. This method of examining 
the nature of the vibrations due to a fork gives us the reason why 
the prongs of a fork always approach or recede from each other. 

Tuning forks play an important part in the study of sound 
because a projierly designed and constructed fork furnishes us with 
a ready means of obtaining a note which is practicaUy free from 
overtones providing it is not bowed too vigorously. It is always 
di£Eicult to excite these overtones, and even when they are produced 
they are very feeble and die away much more rapidly than does 
the fundamental. 

Electrically Maintained Forks. — Sometimes, however, it is 
necessary to have a fork which shall emit a note continuously for 
some time. For low notes, when the prongs are long and heavy, 
the vibrations may last for a minute or more, but the higher notes 
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from forks having short prongs die away much more rapidly. In 
either instance they may be maintained electrically as follows : — 
The tuning fork is rigidly mounted in a brass collar A, Kg. 33-8, 
while an electromagnet, B, is placed symmetrically between its 
free ends. One prong carries a small platinum style which rests 
in contact with a platinum disc 0 when the fork is silent. C is 
attached to a screw so that its position with respect to the style 
may be varied by rotating the head of the screw. Tj and T, are 



two terminals. The electrical circuit is completed as indicated by 
dots, the cuiTent passing (with the usual convention with respect 
to its direction) from the battery through the electromagnet to 
Ti ; from thence to G and through the fork to the pillar A and the 
terminal T^. When this is occasioned the magnet is excited and 
attracts the prongs of the fork, thereby breaking the circuit. The 
prongs then move back, contact is made at C, and the whole process 
continued. 

The Longitudinal Vibrations of Rods.— Solids, in addition 
to executing transverse vibrations when suitably stimulated, may, 
like gases, execute longitudinal vibrations. The frequency of such 
vibrations is independent of the tension along the rod, for when 
a particle is temporarily displaced from its position of rest the forces 
tending to restore it arise in virtue of the elasticity of the material 
of the rod. We have already stated that the speed of longitudinal 

Waves is given by c = where E is Young’s modulus and p 

the density of the material through which the waves are propagated. 

When a rod is clamped at its centre there must be a node at this 
point, and when the fundamental is being soxmded the free ends 
must be antinodes or loops. The wave-length of the sound in the 
rod will be twice the length of the rod since the distance from 
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node to loop is one-quarter of a wave-length and this is half the 
length of the rod in the present instance. 

Resonance.— When a body whose natural frequency is fi 
is subjected to a periodic force having a frequency /•, the resulting 
motion depends upon how nearly the impressed frequency /| 
equals fi. Let us assume that a pendulum, initially at rest, and 
whose natural frequencyis one per second, is subjected to a succession 
of small blows at intervals of 1-01 seconds. This constitutes an 

intermittent impressed force having a frequency After the 

first blow, the pendulum begins to move with its own frequency, 
but when it receives the second blow it will have made more than 
one complete vibration and be moving in the direction along which 
the impressed force acts. Consequently its momentum will be 
increased so that it moves beyond its initial maximum displacement. 
This process will continue for some time, the amplitude being 
increa^ after ^h blow. At the twenty-sixth blow the pendulum 
will have made 25^ complete oscillations, i.e. it will receive the 
blow at an extreme position. At the twenty-seventh the pendulum 
will be moving in a direction opposite to that in which the blow 
is struck so that its amplitude begins to decrease. Gradually the 
pendulum will be brought to rest, after which, the whole cycle of 
events will be repeated. 

When the difference between the natural frequency of the fork 
and that of the blow gets less, the pendulum will execute more 
complete oscillations before the blow begins to reduce the amplitude 
of its s^ng. Meanwhile, if the magnitude of the blow remains 
constant, the amplitude will have continued to increase after each 
blow. In the limit, when the two frequencies are equal, the magni- 
tude of the oscillation would become infinite. 

When the impressed force is periodic instead of being inter- 
mittent, the body subjected to its influence may be set in a periodic 
motion. When the period of the impressed force is the same 
as the natural period of the body very energetic oscillations of the 
latter will be produced. This is an example of resonance. If 
the natural period of the body does not agree with that of the 
applied force the vibrations set up will, in general, be of small 
amplitude and the period will equal that of the impressed force. 
When a body is performing vibrations not agreeing with its own 
natural period the vibrations are said to be forced. On removing 
the impressed force the body will continue to vibrate in virtue of 
the inertia it possesses, but the period will be equal to the natural 
period of the body. 

A study of resonance phenomena is of great importance to the 
engineer, for, if the period of even a small impressed force agrees 
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with that of the body to which it is applied, the amplitude may 
attain such values that a fracture ensues. It is for this reason 
that a regiment of soldiers always breaks step when crossing a bridge. 
Similarly the effect of resonance may be very pronounced in ships 
fitted with reciprocating engines. If the period of the reciprocating 
masses is identical with the natural period of the hull the amplitudes 
of the motion of the latter may become dangerous. It is therefore 
essential to "see that the two periods do not coincide. 

Some Examples of Resonance and Forced Vibrations. — 
(a) Let two forks of equal pitch and mounted on their resonance 
boxes be so placed that the open ends of the latter face each other. If, 
after one has been bowed and allowed to sound for a short time, it is 
stopped, the second fork will be heard although initially it was silent. 

(6) Support an indiarubber tube AB, about one metre long, at its 
ends as indicated. Fig. 33*9, and suspend three simple pendulums 
CD, EF, and HQ from points C, E, and H respectively. Adjust 
CD and HG so that their lengths are equal. Pull CD forwards, 
so that when released it vibrates in a plane at right angles to that 
of the diagram. The tube AB acts as an intermediary for the trans- 
mission to the other pendulums of the energy due to the vibrating 



Fio. 33'9. — Simple Pendulums in and out of Resonance. 


pendulum CD. Since the periods of the two pendulums CD and 
HG agree the amplitude of the latter will increase until it has 
absorbed all the energy initially possessed by CD [except for small 
inherent losses]. CD will then be at rest and HG vibrating with 
an amplitude practically equal to that of CD originally. CD 
will then begin to receive energy and its amplitude increase until 
HG has been reduced to rest ; the process continues until the 
energy has all been dissipated as heat in overcoming frictionai 
and other resistances. The pendulum, £F, having a period differ- 
ent from those of CD and HG, only executes forced oscillations 
of hardly perceptible amplitude. This is all the more remarkable 
when EF is placed, as in the diagram, between the other pendulums. 
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(c) A remarkable instanoe of forced vibrations occurs when two 
clocks which keep approximately the same time when placed on 
different stands maintain the same time when on the same stand. 
The pendulum of the clock which gains normally exerts a periodic 
force on the second so that the two periods tend to become equal ; 
the second clock exerts a similar effect on the first so that even- 
tually the two periods are equal and the clocks synchronize. 

Vibrating Columns of Gas. — Columns of gas enclosed in tubes 
of uniform bore may be caused to vibrate longitudinally in a manner 
exactly analogous to rods executing longitudinal vibrations. Two 
types of gas column present themselves : (a) when the containing 
tube is closed at one end — ^the so-called closed tube, and (6) when 
the containing tube is open at both ends. This latter is termed 
an open tube* 

Let AB, Fig. 33*10 {a), beatubeclosed at one end. Let the length 



Fic. 83*10. — Bedoxianoe of Air Columns. 

[It must be pointed out that the vibrations are tongitudlnal and not 
transverse as &own for convenience in the diagram.] 

of this tube be equal to one-quarter the wave-length of the note 
emitted by a given tuning fork. If this vibrating fork is held at 
the mouth of the tube, then when the prong of the fork is about 
to leave the position OD and travel towards 00 [greatly exaggerated 
in the diagram] a compression just begins to pass down the tube. 
This compression travels to the end A where it is reflected as a 
compression [of. Chap. XXXII]. When this compression reaches the 
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open end of the tube the prong of the fork is just about to return 
from OC to OD, so that the layers of air immediately outside the 
tube are more readily moved: the compression passes out- 
wards. A rarefaction then begins to move down the tube and this 
in turn is reflected from A. When this arrives at B the external 
air moves toward the rarefied layers and a compression is sent down 
the tube. Since the length of the tube is such that the time for 

T 

a wave to travel from B to A and return again is where T is 

A 

the period of the fork, the compression sent down the tube after 
the first rarefaction has left wiU begin its journey at the instant when 
the fork itself is sending a compression down. The compression 
duo to the reflexion at the open end and that due to the sounding 
fork will be identical in phase so that the column of gas in the tube 
will be caused to undergo violent stationary vibrations of the same 
frequency as the fork. There will be a node at A and an antinode 

T 

at B. If AB = Z, the waves travel a distance 21 in time so 

that its wave-length, Ai, the distance travelled in time T, is 41. 

The frequency, /i, of the fork is-jj. When a column of air vibrates 

in sympathy with a fork it is said to be in resonance with the fork, 
The same column of air may also be in resonance with a fork of 

3c 

higher frequency /, if the length I is such that I = JA|, i.e. /| = 

cf. Fig. 33-10 (6). Similarly if Z =^^8, the tube will respond to a 
5c 

note of frequency /, = When the tube is open at both ends, 

as in Fig. 33-10 (c), the simplest possible longitudinal vibration which 
can arise wiU have a node at the centre of the tube and two antinodes, 
one at each end. In this instance a compression is reflected from 
A as a rarefaction which is then returned from B as a compression. 
If the period of the fork is such that a wave travels from B to A 
and back again in time T, then the compression from B due to 
reflexion, and the direct compression due to the fork will begin 
to travel down the tube together; since they are in phase the 
vibrations of the tube will become vigorous. The same tube can 
also respond to another fork if its length is such that stationary 
waves having three antinodes and two nodes aa in Fig. 33*10 (d) 
are produced. Using the same notation as before 

I = i.e. /, = SimUarly /, , /. = , etc- 

These equations indicate an important difference between the 
fundamental and overtones produced with columns of gas in open 
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and closed tubes. In the first instance the only overtones are odd 
harmonics of the fundamental, while in the second all the harmonics 
may be present as overtones [cf. p. 623]. Hence although an 
open and a closed pipe may be made to emit the same fundamental 
note the quality be very different in the two instances. 

The Measurement of A by Resonance Tubes.— The apparatus, 
Fig. 33*11 (a), consists of a tube AC about 5 cm. in diameter and a 

metre long. It is connected 
at its lower end by means of 
rubber tubing to a reservoir R 
containing wa.ter (or better a 
light oil having a negligible 
vapour pressure). The 
reservoir is raised until the 
water stands near to the top 
of the tube. The clip £ is 
adjusted so that when the 
reservoir is lowered the water 
flows slowly from the tube. 
While this is happening a 
sounding fork is held over the 
tube. When the water-level 
in the tube is at some par- 
ticular and well-defined posi- 
tion the air in the tube 

Fiq. 3311.-<31oaed Resonance Tubes, responds to the vibrations of 

the fork. Let B be this posi- 
tion. Now the length AB is not exactly J since the simple theory 

developed above is only approximate. We assumed that the 
open end is an antinode. Lobd Raylbigh showed that the 
antinode is situated at a short distance outside the tube. The 
magnitude of this end correction is 0-58r, where r is the radius 
of the tube. Actually there is no need to assume the value of 
this correction for the real wave-length and the end correction 
may be determined as follows ; — 

Water is allowed to escape from the tube until it responds again 
to the fork — say at C. Then if li and are the lengths AB and 
AC respectively, we have 

(*i + 0) = J and (I, + 6) = I? etc. 

where 0 is the correction in cm. Hence (!« — li) = These equa- 
tions enable both A and 0 to be obtained. The end correction, in 
terms of r, is then deduced. 
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If desired, one may dispense with the clip E, and when a position 
of resonanoe has been located approximately, the water-level in 
AG may be caused to change slowly by raising or lowering a boiling 
tube, T, placed in the reservoir R as shown. 

As an aid to locating the positions at which the tube responds 
to a given fork, i.e. the tube ‘ speaks,* the fork should be moved 
slowly in a horizontal plane across the mouth of the tube. When 
the length of the air column in the tube is appropriate, the response 
of the tube is very noticeable. 

Another form of apparatus often used in this connexion is shown 
in Pig. 3311 (6). 

Open Resonance Tubes and the Determination of A. — AB, 
Pig. 33*12 (a), is a glass 
tube open at both ends. 

Its length must be less 

than where A is the 

wave-length to be deter- 
mined. C is a cardboard 
tube sliding over AB. 

The given fork, while 
sounding, is held near one 
endof the tube—or better, 
moved slowly across, as 
above — and the amount 
by which C projects ad- 
justed until the tube 

‘ speaks.’ The length of the tube is 20 j say, where 

6 is the correction for each end of the tube. D is a second card- 
board tube — see Fig. 33*12 (b ) — ^and it is'adjusted until the tube again 
speaks. The total length of the tube is then (A — 20) = i*, say. 

The difference — It is 

Pig. 33*12 (c) shows the next position of the tubes E and P 
(they may have to be longer than C and D) when the tube speaks. 

The total length is = 1„ say, and I, — 1, = A. 

In experiments, such as the above, with tubes, it must be remem- 
bered that we assume that the velocity of sound in free air, where 
it is measured directly, is the same as in air confined in a tube. 
Strictly speaking, this can hardly be expected to be so, for true 
adiabatic conditions cannot possibly exist in the tube at points 
close to the wall. Moreover, it should be verified experimentally 
that the wa\e-length of a note of given frequency in free air is 





Fig. 33- 12. — Open Resonance Tubes. 
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equal to the distance between one node and the next-but-one node 
in air when stationary waves have been produced. 

Experiment , — ^Examine the effect on $ of covering the end of a 
closed resonance tube by sheets of copper in each of which a hole, 
of different diameter from the rest^ has been made. 

Experimental Study of the Effect of Temperature on the 
Velocity of Sound in Air. — ^The effect of change in temperature 
on the velocity of sound in air is an important phenomenon already 
treated theoretically on p. 693. The following apparatus, due to 
Bateman, allows us to investigate the problem experimentally. 
It consists of a metal tube (105 cm. x 3-5 cm.) AB, Fig. 33-13 (a), 
provided with a steam jacket, the steam entering and escaping 
from suitably placed side tubes. The length of the air column 
is varied by adjusting the position of a piston P. The tube is 
supported in a slightly inclined position on metal legs provided 



Pio. 33*13. — ^Effect of Temperature on the Velocity of Sound in Air. 

with rubber feet, the open end being lower than the rest of the 
tube so that convection currents may not be unduly harmful. 
The tuning fork used is provided with two metal discs — ^Fig. 33*13 (6) 
--each about the size of a shilling and screwed to the prong of 
the fork. This alters the frequency of the fork, but this quantity 
is not essential unless absolute values of the velocity of sound in 
air at different temperatures are required. 

The tube is first used at room temperature and the first and 
second positions of resonance obtained. The wave-length of the 
dis^rbanoe in the air is deduced in the usual way — ^let it be Xi. 
The piston is first adjusted approximately from the end B ot the 
tube when the rod attached to it is clamped by C to another rod 
HK which slides in supports attached to the steam chamber and 
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which is operated by the head K (made of heat*insulating material). 
The final adjustment is made from the open end of the tube, the 
sounding fork being held in position. 

The experiment is then repeated with steam passing through the 
jacket. Let Xg be the wave-length under these conditions. If Cj 
and Cg are the velocities of sound in air at temperatures and fg, 

^ _ Ag 
^ 1 * 



If, therefore, it is found that ^ the fact that 

V 273 + 

the velocity of sound in air is directly proportional to the square 
root of the absolute temperature will have been verified. 

Organ Pipes. — ^These are wooden or metal tubes having a 
square or circular cross-section. A 'stopped diapa- 
son,’ an organ pipe of wood and of rectangular 
section, is indicated in Pig. 33-14. The wind at a 
constant pressure of several inches of water passes 
into the mouthpiece, M, and escapes from the linear 
slit 0. It then impinges upon the edge E formed by 
bevelling the wall of the pipe. An adjustable piston 
S closes the pipe whose ' speaking length ’ is from S 
to a point somewhere in the neighbourhood of 0. The 
air blast, on striking E, gives rise to ' edge-tones.’ 

If the length of the tube is such that the tube responds 
readily to one of these tones, the tube 'speaks.’ 

The movement of the air is a maximum at the mouth 
so that this becomes an antinode. The other end be- 
comes an antinode or node according as the pipe is 
‘ open ’ or * stopped.’ The simple theory we devel- 
oped in connection with vibrating columns of gas 
does not apply in this instance owing to uncertainties 
regarding the end correction at the lip. The tuning 
must therefore be done experimentally. This is accom- 
plished in closed pipes by varying the position of a 
movable piston wUch serves to close the tube. With 
open pipes the tuning is done by raising or lowering a 
flap placed at the open end of the pipe so that the end 
correction is altered : this causes a change in the Fio. 33*14.^ 
pitch of the pipe. <^an Pipe. 

Open organ pipes normally emit both the even and odd 
harmonics of the fundamental, whereas closed pipes only sound 
the fundamental and its odd harmonics. Thus an open and a 
closed organ pipe emitting the same fundamental differ in quality 
owing to the different overtones which arise in each [cf . p. 623]. 
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The harmonics are produced in organ pipes by increasing the air 
blast, but organ builders have various devices for suppressing one 
or more of the harmonics. It is in this way that a definite quality 
is given to the note emitted by a pipe. 

Gallon *8 Whistle. — In its simplest form this resembles a stopped 
pipe. It is about 1 mm. in diameter and its length may be varied 
from zero to 6 cm. The whistle is blown and the frequency of the 
note adjusted by moving a piston wli^'ch closes the tube. Notes 
beyond the upper limit of audibility are easily produced. 

Manometrlc Flames. — To study the variations in pressure in 
an organ pipe a circular aperture is drilled at any desired point in 
the wall and then covered with a rubber diaphragm, A, Fig. 33*15. 
This membrane constitutes one side of a small chamber G into 
which gas is led. The gas escapes through a small orifice where 
it is burned. If the air pressure at A suffers a momentary change, 
a corresponding change takes place in the length of the jet since 



Fig. 33*16. — Manometer Flames. 


the membrane moves in consequence of the pressure variation. If 
the changes in pressure are periodic the length of the jet also varies 
periodically. In general, these are too rapid to be followed with 
the unaided eye, but they may be made apparent by using a rotating 
mirror, E, Fig. 33*15. Owing to the persistence of ^visual impressions 
a number of images appear simultaneously in the mirror when 
. it is rotated sufficiently rapidly. When the manometrio flame is 
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at an antinode an almost continuous band of light seen in the mirror 
shows that the pressure variations are scarcely detectable at this 
point, but when the flame is at a node the upper edge of the image 
possesses a deeply serrated edge showing that the flame is flickering 
rather violently. It must be noted that the membrane responds 
to variations in pressure and these are greatest at the nodes, 
where the actual displacement is a minimum. 

Rubens’ Tube. — Another method of demonstrating the presence 
of nodes and antinodes in a vibrating column of gas is due to Bubbns. 
BC, Fig. 33-16, is a brass tube several metres long and about 8 cm. 
in diameter. Holes about 2 mm. in diameter are drilled along the 
top of this tube at intervals of about 2*5 cm. One end, B, of this 
tube is closed while a second tube about 60 cm. long slides in the 



Fio, 33-16. — ^Rubena’ Tube. 


open end. A thin rubber membrane A closes the open end of the 
sliding tube. The side tube, C, is connected to a coal-gas supply 
and after a little while the gas may safely be lighted. A source 
of sound is placed near A and the position of the sliding tube adjusted 
until the gas in AB resonates : at the instant when this occurs the 
jets of gas vary in length as indicated in the diagram. 

Kundt’s Tube.— This piece of apparatus was designed for 
measuring the velocity of sound in solids and in gases. For this 



(c)(aPten Andrade) 

Fia. 33-17. — ^Kundt’s Interference (or Dust) Tube. 


purpose use is made of the fact that longitudinal vibrations ate 
set up in a long rod when tho latter is stroked with a resined cloth 
if the rod is made of metal ; with a wet cloth if it is made of glass. 
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The apparatus consists of the rod, PQ, Fig. 33-17 (a), supported 
in a rigid stand at its centre M, the method of clamping being 
indicated in Fig. 33-17 (6). A light aluminium or cardboard disc 
is fastened with the aid of a drawing-pin to the end of this rod 
inside the tube. If the rod is of metal the attachment may be 
made by means of a small brass disc and a No. 6 B.A. screw. It 
is very important that the contact between the rod and the disc 
should be as perfect as possible* so that any longitudinal vibration 
excited in the rod shall be transmitted to the disc. To ensure 
this the disc may be made of copper and soldered to a short length 
of brass tube which just slips over the end P of the rod. The 
attached disc has a diameter a little less than the tube AB which 
contains a little recently-dried cork dust. The tube, which must 
be very dry, is closed by a movable piston at A. To determine 
the velocity of sound in the rod the latter is stroked with a resined 
cloth, when longitudinal vibrations, similar to those of the air in 
a pipe, are set up in the rod. To excite the fundamental note 
it is better to confine the rubbing to the rod near Q, for if it is 
stroked near M the overtones are often excited. The piston at 
A is moved until the column of air in the tube is in resonance 
with the rod. When this happens the cork dust is agitated some- 
what violently and moved towards the nodes where it finally 
settles, for stationary waves have been produced in the tube. 
The positions of the nodes are located on a metre scale, S, at 
the side of the tube. The mean distance between two nodes 
corresponds to half a wave-length in air [cf. p. 11 for method 
of calculating the mean distance— if a sufficient number of nodes 
are formed]. Since the rod is sounding its fundamental its 
whole length corresponds to half a wave-length of sound travelling 
in it. Since the frequency, /, is the same for each motion we have, 
where Xi and At are the wave-lengths in the rod and air respectively, 


Velocity of sound in the rod _ ^ 

Velocity of sound in air "" /At "" A/ 

Hence the velocity of sound in the rod may be calculated. When 
this is known the value of Young’s modulus for the material of 
the rod may be deduced from the equation 


c « 



[of. p. 69]. 


It cannot be expected, however, that the value for Young’s 
modulus, determined in this way, say for brass, should be the same 
as that determined by stretching a wire of that material, for the 
vibrations in the method now under discussion take place under 
adiabatic conditions, whereas in the other experiment [cf. p. 140], 
the conditions are isothermal. 
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The Bide tubes attached to the experimental tube allow the 
latter to bo filled with different gases when the velocity of sound 
in them may be determined in an analogous manner. When this 
information has been obtained, y, the ratio of the two principal 
specific heats of the gas becomes known for 

c =. [of. Chap. XXXIJ. 

P 

Por monatomic gases such as argon, helium, and the vapours 
of mercury, sodium, and potassium, experiment shows that y = 1-66, 
a value in agreement with that deduced from the Einetio 
Theory of Gases. By surrounding the tube with an electric furnace 
the velocity of sound in gases at high temperatures may be measured. 
Such studies are helpful in connection with the dissociation of gases 
at high tempe^ures for the values of y for monatomic, diatomic, 
and triatomic gases are 1-66, 1-41, and 1-29 respectively. If y is 
not equal to one of these values it proves that the gas under examina- 
tion contains molecules having a number of atoms in them different 
from the number normally present. 

Kundt also used such a tube at 100° 0. and verified that tho 
velocity of sound in air at that temperature was in accord with 
theory [cf. p. 693]. 

The account given above of the behaviour of Kundt’s tube is 
by no means complete, for in addition to the tendency of the dust 
particles to collect at the nodes, striae appear. An explanation 
of the presence of these striations has been given by Koiaa, who 
found it necessary to consider the viscosity of the gas in the tube. 
More recently Andrade has shown that the air in the tube moves 
in a manner similar to that depicted in Fig. 33*17 (c). 

In addition, we have not yet discussed whether or not nodes 
exist at the ‘ ends of the gas column.’ Now the source of the 
energy supplied to the gas is the vibrating rod and in order to 
communicate this energy to the gas in the tube, the rod must be 
provided with a rigidly attached piston. Now there must be a 
node at the stoppered end of the wave-tube as the gas molecules 
must be at rest there. We should expect, from analogy with the 
vibrations in an open tube, that the piston was at an antinode. 
Actually it is much nearer a node. The reason for this is that 
the Tna Yi miim amplitude of the longitudinal vibrations in the gas 
will be much greater than the maximum amplitude of the vibra- 
tions at the end of the rod. At some point in between a node 
and antinode in tho gas the maximum amplitude will be equal to 
that at the end of the rod. When the end of the rod occupies 
such a position, resonance is possible, i.e. when the rod is stroked 
the response of the tube is very vigorous. Fig. 33*17 (d), where 



ACOUSTICS 


640 

the longitudinal vibrations of the gas molecules are shown above, 
and those of the particles at the end of the piston, below the piston, 
will help to make this argument more clear. 

Singing Flames. — piece of glass tubing about 40 cm. long 
is heated and drawn out until the jet formed on breaking it is 
about 1*6 mm. in diameter. It is connected to a gas-supply and 
the gas lighted. When this flame, which should be about 0*6 cm. 
long, is inserted in a wide glass tube about a metre long, and its 
position gradually changed, a loud and somewhat unpleasant note 
is heard for a certain position of the jet — ^the shorter the flame, 
the higher the pitch of the note. On examining the flame by a 
rotating mirror it is found to be flickering violently. A more 
advanced treatment of the subject than can be given here shows 
that these periodic changes in the length of the flame are due to 
periodic supplies of heat to the air column. InAonsequenco of 
these the air expands and contracts so that if the period of these 
is properly timed the column of air is thrown into violent and 
sustained vibrations. 

Analytical Treatment of Stationary (or Standing) Waves. — 
(i) Reflexion at a free end, l.e. reflexion without change of phase. — 
Suppose that 

f 1 » <1 cos {mt — rjx) 

gives the displacement at a point A at distance x along a cord of 
length I at time t. This point is at a distance (( — x) from the free 
end. Now the disturbance at x due to the reflected wave is the same 
as that at a point distance 2(1 — x) from A would be if the cord were 
unlimi ted. This point is at a distance 21 — x from the origin. Tho 
displacement due to the reflected wave is therefore 
™ d cos [mt — t/(21 — a?)]. 

The resultant displacement due to the incident and reflected waves 
is therefore 

f — lx + «• d cos (cel — Y^x) -i- d cos [cel — ry(2l — »)], 

2d cos (cel r]l) cos 7](l — x). 

The factor cos — x) depends, for a given cord, only on Xt the 
position of the point considered. When it is zero, the resultant dis- 
placement is zero. The necessary condition is that 

r,{l - *) - (2» + 1)|, 

or (I — *) — (2n + l)j , smoo ^ • 

* - 1 - i(2n + 1)A 

where n is a positive integer including zero. 

The nodes, i.e. the points where the amplitude is zero at all times, 
are therefore given by 

» — 1 — JA, when n — 0, 

a? ■» 1 — f A, when n ■» 1, 

flB ■■ 1 — |A, when n ■» 2, 


eto. 
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The amplitude of the resultant motion is 2d cos (cof — i]l) ; a quan- 
tity which is not constant- — it has a maximum value 2d. 

(ii) Reflexion at a flxed end, i.e. reflexion with change oj phase. 
To examine the effect of this change in phase we must increase the 

distance {21^ — x) used above by The resultant displacement is 
therefore given by 

f = d cos {oit — rjx) + d cos — x -h 

« 2d cos cos |^?y(Z — x) + 

The comlition for the cosine factor to vanish is 

^;[(I - *) +-^] = (2h + 1)^. [ft = 0, ], 2, . . .], 

i.e. a; = f ^ nX. 

When n = 0, X Z, i.e. the fixed end is a node. 

„ ft = l, 

„ n »= 2, X = Z — A, . . . 

Thus the positions of the nodes are again detormiiiod : tho anti nodes 
occupy positions half-way between tho nodes. 

The Main Features of Standing Waves. — (i) Each particle 
executes a simple harmonic motion, except that tho particles at the 
nodes remain fixed. 

(ii) The arrangement of the particles (we still think of a cord) at 
any instant is that of a sine curve but twice in each period this curve 
becomes a straight line, i.e. the amplitude is zero at all points. 

(iii) The wave-form does not advance : it only shrinks to a straight 
line all ordinates diminishing simultaneously. It then expands, all 
ordinates being reversed in sign and enlarging simultaneously. These 
processes continue. 


The Measurement of Fbbqubnoy ^ 

The Siren. — This mctJiod of finding the frequency of a fork is 
due to Caoniard db la Tour. Air under pressure is forced into 
a cylindrical wind chest, Fig. 33-18, from wliich it escapes through 
a circular row of equidistant holes drilled in its upper surface. 
Above this cylinder is a movable disc having the same arrange- 
ment of holes in it. In the more simple types of this apparatus 
the two sets of holes are inclined as shown at (6). The air 
escaping from the stationary holes sets the disc in rotation and 
each time the orifices come opposite each other jets of air 
^ of. also pp. 621. 
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(a) 



eacape and compressions are 
produced. Suppose that there is 
one hole in the fixed disc of the 
cylindrical air chamber and that 
the upper and movable disc has 
n equidistant apertures in it. 
Then n * puffs ’ of air escape for 
each revolution of the movable 
disc. Hence if this disc makes 
N revolutions per second the 
number of puffs per second will 
be Nn. In practice the fixed disc 
also has n equidistant apertures, 
but this only increases the mag- 
nitude of the disturbance in the 
air, i.e. the loudness of the sound. 
The frequency, /, of the note 
from the siren is given by / == Nn. 
The value of N is found from the 
speed-counter connected to the 
axle through a worm gear. To 
determine the frequency of a 
fork the air pressure is ^justed 
until the notes from the fork and 
siren are in unison. In deducing 
the speed of revolution, obser- 
vations of the reading on the 
counter should be made at inter- 
vals of 15 seconds and the mean 


speed calculated by subtractpg the first reading from 
the sixth (say), the second from the seventh, etc., as 
explained on p. 11. 

Determinations of frequency with the above siren 
are not very accurate since it is difficult to keep the 
wind pressure constant. In the more modem forms 
of this instrument the apertures are vertical and the 
disc is driven by a motor when its speed is indepen- 
dent of the air pressure in the cylinder. 

Stroboscopic Method. — Light metal plates are 
attached to the prongs of an electrically maintained 
tuning fork as in Fig. 33*19. Each plate has a narrow 
rectangular slit. When the fork is not vibrating the pio. 33-19.— 
two slits are opposite each other so that a beam of Tuning 
light can pass through them. When the fork is sound- 
ing it is only when the prongs are in their mean posi- taohed. 
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tion that the light passes through. This occurs twice during each 
complete vibration of the fork. A weU-illuminated white disc 
having a circular row of black dots is viewed through the slits. 
The disc is driven at a uniform speed determined by a counter 
attached to its axle. When both the prongs and disc are moving, 
the dots will, in general, appear to move. The speed of the disc 
is adjusted from zero until in the interval while the light is cut off 
one dot moves into the position just previously occupied by its 
predecessor. 

During each complete vibration of the fork an observer obtains 
two views through the slots. If f is the frequency of the fork he 
will therefore obtain 2/ views ])er second. If N is the number 
of revolutions made by the disc per second, and m the number 
of dots thereon, then Nm <lots i>ass across any line of sight per 
second. But in the interval of time between two views one dot 
movers into tlic position j ust previousl}^ occupied by its predecessor. 
Hence 

2/ = N7w., 

so that n may be calculated. 

Stationary patterns will also be obtained when the disc makes 
2N, 3N, . . . revolutions y)or second. 

Strictly speaking, the value of the frequency obtained by this 
method is not the absolute frequency of the fork, for the latter 
carries metal pieces. To determine the absolute frequency, two 
nearly identical forks arc necessary ; by counting the number of 
beats occurring per second when the second fork is sounded together 
with the fork under investigation, (a) when the latter is loaded 
and {b) when it is not loaded, its absolute frequency may be deduced. 

In this experiment one must be quite certain that when the 
dots appear stationary they are at the same distance apart as 
when the disc is at rest, since if the speed of the disc is only 
one-half the correct value, a stationary pattern with twice the 
number of dots appears — this is due to persistence of vision. More- 
over, as the disc increases in speed, a stationary pattern is formed 
when its speed is two, three, etc. times too fast. By observing, 
in turn, the speeds of the disc, when stationary patterns are pro- 
duced, a mean value for the frequency may be calculated. 

The Phonic Wheel. — This device for the accurate determination 
of frequency is due to Rayleioh. It consists of an iron wheel, 
about 3 inches in diameter, having equidistant studs or cogs on 
its periphery — see Fig. 33-20. It is capable of revolution about’ a 
horizontal axis. A second wheel attached to the same axis helps 
to increase the inertia of the system. Two electromagnets are 
placed as shown so that the cogs almost touch the cores of the 
magnets, N and M ; they are excited by the intermittent current 

I.P. ^ A. 
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from an electrically maintained fork. The phonic wheel is caused 
to rotate by hand. At a certain speed the wheel will continue to 



Fig. 33-20. — Rayleigh’s Plioiiic Wheel. 


run and by counting the revolutions made under these conditions 
the frequency of the fork may bo determined. Tlie reason for 

the continued motion is that 
when the frequency of excita- 
tion of the magnets is equal to 
the number of cogs passing per 
second, then as each cog is 
corning before the magnet it 
will be attracted and the 
motion persist. The motion 
of the wheel can be main- 
tained for one hour so that 
if the time is measured 
accurately to one second the 
error should not exceed one 
part in three thousand. 

Determination of the 
Pitch of a Tuning-Fork by 
the Falling Plate Method. — 
We shall suppose that an elec- 
trically maintained tuning-fork 
A, Fig. 33-21 (a) and (6), is 
available. This is mounted 
in a horizontal position as 
indicated in the diagram. 

Fig. 33-21* — P’olling Plate Apparatus -A. light style, B, consisting 
for Determining the Frequency of of a pig’s bristle, is attached 
a Tuning-Fork. prong of the fork 80 

that about 3 mm. of the bristle project beyond the edge of the fork. 
Such a style is light, and yet although it yields easily to a force 
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at right angles to its length it returns to its zero position 
when that force is removed. The attachment of the hair to the 
fork is made w ith a small amount of soft wax. The end of the 
bristle is in contact with the smoked surface of a glass plate G. 
This plate is supported by a piece of cotton attached to its sides [a 
suitable brass holder is provided for this purpose] and passing 
over two hooks, Hi, ; Fig. 33-21 (c), gives a front view of 
the plate and its supports. Si and Sg are two screws fixed in 
the stand carrying the apparatus. They are adjusted so that 
their ends are in contact with the back surface of G, and the 
end of Si is a very short distance in front of a vertical plane pass- 
ing through the end of S 2 and parallel to the plate. In this way, 
when the plate falls, its snv)ked surface is made to remain in con- 
tact with the extremity of the b istle. A duster placed on the 
base of the stand arn^sts the fall of the plate. 

The tuning-fork is excited and the cotton supporting the plate 
burnt. Aw^avy trace appears on the plate, and from this trace the 
frequency of the fork may bo deduced. An example of such a 
trace is given in^Fig. 33 21 (cZ). If the initial part of the curve 
is not very distinct it may be neglected by proceeding as follows. 
Imagine a straight lino drawm down the centre of the trace and 
let A, B, and C be three points at which the wavy line is inter- 
sected by the straight line, and such that the same number of 
complete vibrations has been made in the two intervals AB and 
BC. Let this number be n. If the velocity of the plate at A 
was t’o and the time required to make n complete waves Z, then 

Si^vJ. + 

where is the distance AB, and g is the intensity of gravity. 
Similarly, 

«» == Vit + IfiT/*, 

where s, is the distance BC, and is the velocity of the plate 
at B, viz. Vo + gt. 

Hence - Sj = gl% or t = 

The frequency of the fork, /, i.c. the number of complete vibrations 
it makes per second is n ~ t, 



It must be remembered that this experiment determines the 
frequency of the fork when it is loaded with the wax and stylo. 
The method of obtaining the correction on this account is explained 
in connexion with the stroboscopic disc. 
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Lissajous* Figures. — ^An optical method of examining the 
accuracy of tuning of some interval (unison, octave, etc.) between 
two forks requires the apparatus shown in Fig. 33*22 (a). The 
two forks A and B are arranged so that their prongs are mutually 
at right angles. Mj and M, are very small plane mirrors attached 
to the ends of the prongs of the forks nearest together. 0 is a 
small circular aperture illuminated by an electric lamp. C is a 
converging lens so arranged that the light from 0, after falling on 
Ml is reflected to M,, and finally forms an image on a screen, S. 
Suppose that axes parallel to the directions of the prongs are 
constructed on the screen — cf. Fig. 33*22 (6). Let Oa: be parallel 
to B and Oy parallel to A. Let the sjjot of light be brought to 
a focus at the origin of above axes when both forks are silent. 
If A alone vibrates the image wiU be drawn out into a straight 



line along yOy * ; if B vibrates by itself the image is a short lino 
xOx\ 

When the two forks vibrate together and they are in unison, a 
stationary pattern with its centre at 0, Fig. 33*22 (6), is formed 
if the ampUtudes of the forks remain constant. This figure will 
be an ellipse, circle, or straight line, depending on the phase differ- 
ence of the two motions. If the unison is not exact the pattern 
slowly changes from one of the above three types to the others 
and finally regains its original shape. Suppose that this occurs in 
t seconds. Then in this time one fork has made one more vibration 
than the other. Let the frequencies of the two forks bo fi and 
/„ where /i>/,. Then 

/i^ 
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When the interval between the forks is an octave, the pattern 
produced is not so simple, but a cycle of changes occurs and the 
ratio of the frequencies mcay be found as above. 

This metliod is applicable when the above ratio differs from 
unity by 1 part in 10*, but with such forks it is essential that no 
mirrors should be attached to them — the polished sides of the 
prongs may be used as reflectors. 

Supcrsonics or High-Frequency Sound Waves. — Supersonic 
waves are exceedingly short waves of soimd the frequency being so 
high that they are a long way beyond the upper limit of audibility. 
Such waves possess some remarkable properties. The method of pro- 
ducing Bupersoziics was originally developed by Lange vin in 1917. 
The work was undertaken with a view to detecting the presence of 
submarines by the echo of a narrow beam of high-frequency soimd 
waves from them. Before discussing some of the properties of such 
waves, let us see how they may bo produced. 

The Piezoelectric Effect. — Quartz crystals appear in the form of 
lioxagonal prisms with hexagonal pyramids at each end. Very often 
other faces are developed, but they do not con- 
cern us here. Although perfect crystals never 
occur, wo can always imagine that such a crystal 
has been cut or that its outline has been drawn 
on a natural crystal. Xt must also be pointed out 
that any direction in a crystal parallel to a 
direction or axis referred to below is equivalent 
to the axis itself. 

An ideal crystal of quartz is indicated in Fig. 

33-23 (a). The optic axis is a straight line passing 
through the summits of the pyramids — or any lino 
parallel to this. Let us imagine that a plate with 
its faces normal to the optic axis has been cut 
from the crystal. If straight lines E, Ej, and 
Eo, are drawn parallel to the faces of the prism, 
these are the electrical axes of the crystal. In 
Fig. 33-23 (6), there is shown a plate of quartz 
with its length, Z, normal to one of the electric 
axes and to the optic axis, its breadth, &, parallel 
to the optic axis, and its thickness, t, parallel 
to the above electric axis. Wlien such a plate 
is subjected to a pressure normal to its faces 
charges of positive and negative electricity are 
developed on the opposite faces. Thus there is a 
potential difference between the two faces of the 
plate. The signs of the charges are reversed 
when the pressure is replaceil by a pull, i.e. the 
crystal is under tension. This phenomenon is 
known as the piezoelectric effects 

If the faces of the quartz plate are in contact 
with metal sheets connected to a battery then the quartz expands or 
contracts by an amount depending on the strength of the field — the 
direction of the field determines whether or not there will be an 
expansion or contraction. This phenomenon is termed the inverse 



Fio. 33-23.— 

A Quartz Crystal. 
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piezoelectric effect. Only crystals which are asymmetrical exhibit 
these effects. 

If the applied potential difference is periodic, the quartz plate 
alternately contracts and expands and elastic vibrations are sot up. 
When the frequency of the applied potential difference is equal to the 
natural frequency of the crystals for longitudinal vibrations in it, the 
amplitude of the elastic vibrations becomes very large — another ex- 
ample of the phenomenon known as resonance. If c is the velocity 
of such waves, then t, the thickness of the plate will be equal to JA, 
where A is the wave-length of the fundamental mode of vibration for 
the plate. The frequency, /, is therefore given by 

c c 

” A “ 

The plate will also respond vigorously to applied potential differences 
whose frequencies are an integral multiple of /. 

If the applied potential difference is V (volts). A, the contraction 
or expansion for a plate of thickness U is given by 

d «yV, 

where y is a constant for the given crystal. It must be noted that t 
does not appear explicitly in this formula — it is because the electric 
field is V/i and Ajiis proportional directly to this field. For quartz, 
y « 2*3 X 10~^® cm. volt."^ 

Hence for a p.d. of 50,000 volt. 

d « 12 X 10^* cm. 

Such plates are of practical importance in that they are used to 
stabilize the frequency of the electrical oscillations from a wireless 
transmitter. 

High Frequency Sound Waves. — ^The following work was carried 
out by Wood and Loomis in 1927, in connexion with the production 
of supersonios. Their apparatus is indicated in Fig. 33*24. Q is the 

quartz plate cut in the manner 
previously indicated. A and 
B are metal plates attached to 
its faces and connected to an 
a.c. supply of 50,000 volts and 
frequency 300 kilo-cycle.sec.”^. 
The plate and the loads to it 
were immersed in oil. The 
frequency of the applied p.d. 
was adjusted until it was in 
resonance with the natural 
frequency of the plate for 
longitudinal waves. The oil 
above the plate was set vibra- 
ting. A glass plate P, 8 cm. in 
diameter, was then inserted in 
the liquid and for certain 
positions of this plate it ex- 
perienced a considerable thrust 
upwards — ^there was then an integral number of half-waves between A 
and P. When one of these positions had been located the plate P could 
be loaded with 150 gm. and remain in position without further support. 
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The thnist was a maximum whenever there were nodes at the lower sur- 
face of the plate for stationary waves in the oil between P and A were then 
formed, and the changes in pressure are greatest at the nodes [cf. p. 637]. 

When the plate P was removed from the oil this became heaped up 
to a height of 7 cm. above the rc^t of the oil : this protuberance was 
surmounted by a fountain of oil drops some of which were projected 
upwards to a height of 30 or 40 cm. above the oil level. 

Some Experiments with Supersonic Waves. — (i) A glass tube 
about one metre long and 3 cm. in diameter waa closed at its lower 
end and its inside coated with a layer of highly viscous oil. WTien 
the lower end of this tube was dip])ed into the vibrating oil above the 
plate A, rings of oil lined the tube along its whole length. 

(ii) If supersonic waves are passed across the boundary formed 
between water and oil or mercury and water, an emulsion is formed. 
By means of these waves chemical reactions are accelerated and 
crystallization caused to begin. 

(iii) A mercury thermometer was placed in the liquid above the 
quartz plate. It registered a temperature of 26® C. Yet the stem of 
the thermometer appeared to be so hot that it could no longer be 
held in the hand. The heat was caused by the friction between the 
vibrating stem and the skin of the lingtjrs. 

(iv) Supersonic waves are used for determining the depths of lakes, 
etc. This is derived from the time which elapses before an echo 
appears after a h^gh -frequency signal has been sent downwards, and 
the velocity of such waves in water. This is 1‘48 x 10* cm. sec.”^ 
and is independent of the frequency over a large range. 


EXAMPLES XXXm 

1. — A glass tube 160 cm. long is fixed in a vertical position and filled 
with water which runs out slowly at the other end while a tuning-fork 
of frequency 495 is maintained vibrating over the upper end of the 
tube. At what levels of the water surface will resonance occur (a) if 
the temperature is 0® C., (6) if the temperature is 17® C. T The velocity 
of sound in air at 0® C. may be taken as 330 metre. sec.~^. How may 
the ‘ end correction * for such a tube be found 7 

2. — Find an expression for the change in the frequency of the note 
heard by an observer when a source of sound is approaching him with 
uniform velocity. Show that the change is not quite the same if the 
observer moves with this same velocity towards the source when this 
is stationary. Account for the beats which may be heard by a sta- 
tionary observer when a vibrating tuning fork is moved towards a Wc^ll. 

3. — Calculate the density of the material of a sonometer wire 1 metre 
long and 0*70 mm. in diameter if, when stretched with a load of 20 
kilograms, the first overtone it gives when vibrating transversely has 
a frequency of 260 cycle, sec.-*. [Take g = 1000 cm. see.-*.] 

4. — A sonometer is arranged to emit a note of definite frequency. 
How must the tension be varied to increase the frequency of the note 
in the ratio 7 If the tension wore maintained constant in what 
other way could the same change in frequency be made 7 

6. — If 6 beats per second arc produced by the fundamental notes of 
two organ pipes sounded together when the temperature is — 10® C., 
calculate the number of beats when the same pipes are sounded to- 
gether and the temperature is 30® C. 
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6. — A brass rod is clamped at its xmddle point and stroked with a 
resined cloth. Describe the apparatus necessary to determine the 
velocity of sound in brass and show how you would deduce your result. 
Also describe how such an apparatus may be used to determine the 
ratio of the two principal specific heats of carbon-dioxide. 

7. — ^Describe a direct method of determining the frequency of a 
tuning-fork. If you were provided with a tuning-fork of known fre- 
quency and another whose frequency only differed slightly from it, 
describe how you would determine the frequency of the second fork. 

8. — ^An open organ pipe and a stopped organ pipe are constructed 
to give notes of the same pitch. Discuss the relative dimensions of 
the pipes, and account for the difference in quality of the two notes. 

9. — Describe a method of measuring directly the frequency of 
vibration of a tuning-fork. A fork of unknown frequency gives 4 
boats per second when sounded with another fork of frequency 
256 cycle, sec.”^. The fork is loaded with a piece of wax and it 
again gives 4 beats per second with the standard fork. How do you 
account for this result ? 

10. — A pipe 160 cm. long, closed at one end, resonates to a timing- 
fork of frequency 270 cycle.sec.”^, and another pipe 252 cm. long and 
closed at one end resonates to a fork of frequency 240 cycle.sec."*^. 
Find from these observations a value for the velocity of sound in air, 
at the temperature prevailing when these experimental results were 
obtained. 

11. — A closed brass pipe emits a note of frequency 486 cycle.sec.-^ 
at 20® C. If the coefficient of linear expansion of brass may be taken 
as 2*0 X 10~* deg.“' C., determine a value for the frequency of the 
note when the pipe is sounded at 0®C, [Neglect end-corrections.] 

12. — Alternating current of frequency 50 cycle-soc.*"^ flows through 
a stretched wire of length one metre and mass 9-8 1 gm. The mid- 
point of the wire lies between the polos of a horse -shoo magnet and 
the wire, resonates. What is the tension in the wire ? 

13. — A stiff wire is stretched by a force which increases its length 
by 0*1 per cent. Compare the frequencies of the fundamental notes 
omitted when it vibrates (o) longitudinally, (6) transversely. 

14. — ^Explain the method of comparing the frequencies of two tuning- 
forks by observations on Lissajous’ figures. 

If in an experiment of this kind one fork is of frequency 256 eycle.sec.”^ 
and a circular figure occurs every 6 sec., what deduction may be made 
about the frequency of the second fork ? 

15. — Describe how the vibrations of a tuning-fork may be electrically 
maintained and explain how their frequency may be measured by 
astroboscopic method. 

A stroboscopic disc is revolving at the rate of 10 rev.sec.”^ and 
the pattern on it consists of 30 white ‘ spots ’ arranged at regular 
intervals round its periphery. When examined through sliis attached 
to a vibrating tuning-fork the spots appear to recede at the rate of 
one spot every five seconds. What is the frequency of the fork ? 
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AUDITION AND THE MUSICAL SCALE 

The Anatomy of the Ear. — The structure of the organ of 
hearing is somewhat as follows : — It consists of an external or 
outer ear which is a plate of elastic cartilage covered with skin. 
This catches the sound waves from whence they are conducted 
via the external auditory canal to the tympanic or drum-like 
membrane. The vibrations of this membrane are communicated 
to a second membrane by means of a chain of ossicles or small 
bones. The oscillations of this membrane are communicated to 
a fluid contained in the canals of the temporal bone. This excites 
the sense-cells which in their turn aflect the auditory nerve 
which communicates with the brain. 

The factors enabling us to judge the direction whence a sound 
comes have not been definitely established, but it is fairly certain that 
an important factor is the difference in the intensity of the sound at 
each ear for, in general, the head will screen one ear from the 
oncoming waves. From such a difference previous experience alone 
enables us to fix the direction of the source. Some animals are 
capable of moving certain portions of their outer ears and the corre- 
sponding variations in intensity may enable them to fix this direction 
more precisely. Recent experiments have revealed the fact that 
difference in phase is another contributory factor, as the following 
experiment shows : — A long rubber tube is held in each ear and both 
are connected to a wider tube leading to another room where there 
is a source of sound. The rooms should be such that no direct 
sound reaches the observer. The apparent locality of the sound 
varies if the length of one of the rubber tubes is changed. This may 
be accomplished by including in one of the branches two brass 
tubes, one sliding easily in the other. 

The Limits of Audibility. — Helmholtz, working with long 
tuning forks and organ pipes, found that vibrations less in number 
than about 30 per second failed to stimulate the auditory nerve. 
This represents the lower limit of audibility. By using a Qalton’s 
whistle the upper limit may be shown to be about 30,000 vibrations 
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per second. This, however, varies for different persons and tends 
to become less with advancing years. 

The Analysis of a Complex Wave Motion. Fourier’s 
Theorem. — ^We have already sho^vn [cf. Chap. XXXI] that two 
S.H.Ms. may be compounded to produce another periodic motion 
having a more complex wave-form. In the same way, three or more 
S.H.Ms. may be compounded to produce a very complex although 
still periodic motion. Fourier, in 1819, proved that any periodic 
motion, however complex, could be analysed into a number of 
S.H.Ms. the frequencies of which bore a simple relation to that of 
the fundamental. Now although a proof of this theorem is far too 
difficult for discussion here, it would at least be interesting if we 
could discover whether or not vibrations corresponding to these 
components are actually present in a wave whose form is complex. 
If they are, Fourier’s theorem will represent physical facts and be 
more than a mere mathematical tool for 8 impiif 3 ing any necessary 
calculations. Helmholtz found that such frequencies were actually 
present whenever the wave-form of the sound was complex. For 
these experiments he designed a special form of resonator. 

Helmholtz’s Resonators, and Timbre.— Helmholtz found it 
necessary to construct this t 3 rpe of resonator instead of using 
columns of air in organ pipes, etc., because, although these latter do 
respond, the resonance is not sharply defined — a very necessary 
condition if the analysis of a smmd is to be at all correct. One of 

his resonators is shown in 
Fig. 34*1. It consists of a 
large spherical glass vessel 
having a cylindrical neck, 
A, small in comparison with 
the capacity of the spherical 
portion of the resonator. B 
is a narrow stem which could 
be placed near to the ear. 
Each resonator only responds 
to a definite note having the 
same frequency as its own 
fundamental, the response 
to any other being exceptionally weak. A series of resonators 
were made and many musical notes produced in a variety of ways 
analysed by determining the resonators which responded in any 
given instance. It was found, for example, that the first three 
overtones, i.e. the 2nd, 3rd, and 4th harmonics, were present in 
the note from a piano and that they were fairly strong. The next 
three were feeble, whilst the seventh was absent. The absence of 
this "particular overtone is necessary, for, otherwise, discord would 
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be present. The peculiar timbre of a violin is due to the fact that 
the first seven overtones are present. 

In other modifications of this resonator the spherical portion is 
replaced by a brass cylinder and instead of using the car to detect 
the response of a resonator the tube B is connected to a manometric 
flame which is examined by a rotating mirror. A series of such 
resonators are made and any fiickerings of the manometric ilames 
connected to each resonator indicate the presence of corresponding 
frequencies in the note examined. 

Theory of a Helmholtz Resonator. — It will bo assumed that 
the resonator consists of a globe, of volume S, to which is attached 




a fairiy wide neck of cross-sectional area A — cf. Fig. 34*2 (a). The 
air in the neck is considered to act as a piston : its mass is small 
but the kinetic energy of the system is mainly resident in this 
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mass since the mean velocity of the air in the neck is much greater 
than that of the air in the globe. Let m be the mass of air in the 
neck and suppose that when the ‘ piston ’ is displaced outwards 
a small distance x from its equilibrium position p and p^ are 
respectively the pressures inside and outside the resonator. The 
motion of the piston is given by 


wi; = (p - Pq)A. 

If it is further assumed that reversible adiabatic conditions prevail, 
p{S + Az)y = Pf^y, 

where y is the ratio of the two principal specific heats for air. 
This gives 




.Po> 


or p ^ Pqz=z — ypAx/S, since x is small. 


Hence the equation expressing the motion becomes 


To solve this equation it is written 

X + (o^x = 0. 

Multiplying throughout by 2x and integrating we get 
(i)* + co^x^ = (o^a^y 

since the constant of integration is because x is zero when 

a: = a, say. 

X = co{a^ — 


1 a; „ 

sin"^ - = cui + C. 
a 


[C is a constant.] 


If i = 0 when x = 0, C = 0, and we have 

X = a sin wL 


Hence the frequency is /, which is “ or ^ yp^^ If Z i 

ZiTt g/yj 

the length of the neck, m = ApZ, and since c = 

2.tV ZS’ 


we have 


i.e. 


/ OC S"i. 


Experiment with a Resonance Bottle. — suitable ' bottle ’ 
for investigating experimentally the relation / oc S“i consists of 
a cylindrical brass drum provided with a neck as shown in Fig. 
34*2 (6). This resonator is first filled with water to the base of 
the neck. A high-frequency fork is held about 5 cm. above the 
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neck and water is withdrawn until there is resonance between the 
fork and the bottle. The mass of water withdrawn (or its volume) 
is determined. This is repeated with several tuning forks of lower 
frequency. 

Let V be the volume of water withdrawn when the resonator 
responds to a note of frequency /. Let S = V + v, where v 
is a correction terra. Then according to the theory above, 

C3C (V + If therefore is plotted against V a straight 

line should be obtained — cf. Fig. 34*2 (c). Its intercept on the 
V-axis will be — v, but this term is usually so small that it camiot 
bo determined accurately. 

The mass of air in the neck may be altered by fixing a tight- 
fitting paper collar to it. Then the mass of air in the neck will 
be proportional to the length, Z, of the neck. The above theory 
shows that / oc This may be verified. [If this part of the 
experiment is not attempted an ordinary reagent bottle may be 
used ; this should be empty at first and water then added to it.] 

Speech. — The vibrations of two stretched membranes situated 
within the larynx^ and termed the vocal cords are responsible for 
speech. They form the edges of a narrow slit and their vibrations 
are caused when air from the lungs is forced past them. Their 
tension and distance apart may be controlled at will. The pitch 
of a note is determined by the tension in the vocal cords, but 
its timbre is produced by resonance in the cavities in the throat, 
mouth, and nose. 


The Musical Scale. Its Intervals and Notation. — Let us 
assume that a musical note is produced when the frequency of 
vibration is /i while another note has a frequency of /,. Then if 

f 

fi !>/ii ratio Y is termed the interval between these notes. 

ft 


Similarly the interval between/, and /„ (/,>/,), is the ratio 

.A 


ft 

ft 


Since the interval between fi and/, is*^ it follows that the * sum ' 

Jt 

of two intervals is equal to their product. Experience shows that 
the effect arising when two notes having an arbitrary interval are 
sounded together is not alwa 3 rs pleasant, i.e. they are not always 
concordant, but discordant. For notes having frequencies p, g, 
and r, the effect on sounding them together is pleasant when pi q. r 
= 4:6:6. 


When the interval between two notes is 2, i.e. the frequency 
of one is twice that of the other, that interval is termed an octave. 
Between a given note, say middle C, and its octave six other notes 
have been introduced forming a musical scale. These eight notes 
are indicated by the letters C, D, E, P, G, A, B, and c. The last 
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member of this octave is the first of the next one, viz. c, d, e, etc. 
For octaves higher and lower than these accents and suffixes are 
used. The ratios of the frequencies of the notes in the scale 
commonly used are shown below : — 


Ratios of frequency 


c 

1 

D 

9 

6 

E 

F 

0 

A 

B 

0 

R 

4 

5 

li 

71 

1 5 
b 

2 

1 V , ' ' ^ ' > , ^ . ' , ' , ^ 


Intervals 


V- 


1 n 
iS 




1 n 
IT 


The most rational explanation of the evolution of this particular 
scale has been given by Helmholtz. It is well known that any 
note produced by a musical instrument, including the human voice 
but not the tuning-fork, consists of a fundamental and some of its 
harmonics. When two notes are sounded together the effect will 
only be pleasing if there is concord not only between the funda- 
mentals but also between the overtones, which may be present. 
This happens 'when the beats produced lie outside that range of 
frequencies which annoy the ear. The above scale was chosen so 
that when a melody is played the effect shall always be pleasing. 
Of course the notes are not all sounded together in actual practice 
so that beats are absent, yet, unless there is concord when they are 
BO sounded, the transition from one note to another is too abrupt 
for the effect to be pleasing. 

An examination of the above table shows that the following 
numerical relations exist between the notes in an octave: — 

C:E:G = 4:6:6 
G:B:d = 4:5:6 
F : A : c = 4 : 5 : 6 

These particular sets are called the harmonic triads : they produce 
a pleasant effect when sounded simultaneously. These particular 
triads are respectively the tonic, dominant and subdominant 
triads. When the members of one of these triads are sounded with 
another note which is an octave above the lowest member, the whole 
constitutes a major chord. 

The intervals existing between notes in the above scale are either 
t> TX • The first two intervals, although not exactly equal, 

are caUed a tone, while the last is a semi-tone. The difference 
between the two tones which is the quotient obtained by dividing 
one by the other is equal to |^. This difference is called a comma. 

Musicians find that the number of notes in the above scale is not 
sufficient for their requirements so that extra notes, obtained by 
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raising or lowering the above notes by an interval equal to |4» have 
been introduced. Thus A becomes Ajf [A ‘ sharp *] when the 
pitch is raised by this amount, and B, on being lowered by this same 
amount, becomes Bj; [B * flat 

Musical Temperament. — The number of notes becomes too 
many when a scale in strict accord with the above principles is 
constructed, for it must be remembered that any note in the scale 
may serve as the keynote from which all others may be derived. 
To avoid this difficulty the scale has been slightly adjusted so that 
a certain amount of discord is introduced. Such a scale is said 
to have been tempered. Several such scales having a minimum 
amount of discord exist, but the one in general use is the scale of 
equal temperament. The octaves remain as before, but eleven 
notes are introduced between them, each interval being 2^'s i.e. 
1*0595. These twelve notes constitute the chromatic scale and 
the intervals associated with the harmonic triads in it are 1 : 1*2599 : 
1*4893, instead of 1 : 1*25 : 1*50. 

The Reproduction of Sound. — One of the most successful 
devices for the repr>oduction of sound is duo to Edison. Diagrams 
of a phonograph and gramophone are given in Fig. 34*3. In the 



phonograph [Fig. 34*3 (a)], the earlier of the two instruments, the 
sound waves are caught by a cone or horn C and impinge ui)on 
the membrane M. B is a light style attached to the centre of 
the diaphragm and in contact with a special wax which coats the 
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cylinder A. This cylinder may be rotated about a horizontal axis. 
When it rotates and no sound-waves are incident on the mem- 
brane a groove of uniform depth is cut in the wax. But when 
sound waves fall upon the membrane it vibrates so that the depth 
of the groove varies. During this process the wax is. soft, but 
after the impression has been taken it is aUowed to harden. 
When the ‘ record * thus obtained is rotated at the same con- 
stant speed, the needle being placed at the starting-point, the end 
of the needle follows the groove, thus causing the membrane to 
vibrate and reproduce the sound. To obtain a large volume of 
sound the membrane is fixed at the end of a horn and the per- 
fection of the reproduction depends upon the resonating qualities 
of this horn. 

The diaphragm in a gramophone is attached by means of a small 
quantity of wax to a style moving about an axis D normal to the 
plane of the paper [Fig. 34-3 (6)]. In consequence of this the 
excursions of the free end, E, of the style make side cuts in an 
otherwise spiral groove on a w'ax disc in contact with it and which 
rotates about a vertical axis. 



PART V 

MAGNETISM AND ELECTRICITY 
CHAPTER XXXV 
ELECTROSTATICS 

Introductory. — The name electricity is given to a certain 
invisible agent of which we are only cognizant through the effects 
produced by it. Although we have little idea of the true nature 
of electricity it is possible to give a rational explanation of these 
manifestations. The science of deotricity, like that of magnetism, 
dates from the times of the ancient Greeks. This people was 
acquainted with the magnetic properties of lodestone ; it aim knew 
that when amber is rubbed with another substance it acquires the 
power of attracting small bodies to itself. These two facta, although 
apparently so dissimilar, are really very closely cotmected. It is 
now known that magnetism in motion produces effects similar to 
those due to electricity at rest, while a constant direct current of 
electricity [i.e. electricity in motion] produces a stationary mag- 
netic effect. Electricity is neither matter nor energy ; yet it is 
usually associated vith matter, and work must be done in trans- 
ferring it from one place to another. Modem civilization owes a 
great debt to electricity and it is probable that this debt will increase 
rapidly in the future. Electricity has come to play such an im- 
portant role because when it has been * generated ' at one station 
it may be transferred to another and there used in the production 
of heat, light, and mechanical energy. Until tiie last two decades 
of the nineteenth century material conductors were thought to be 
necessary, but wider knowledge has made possible wireless telegraphy 
where the transmitting medium appears to be space. As we find 
this difficult to conceive we imagine a medium filling all. space— 
the (ether— and think of it as the transmitting agency. 

Electrical Attraction. — ^When a piece of ebonite, sealing-wax, or 
a glass rod is rubbed with dry flannel or silk, it acquires the property 
of attracting light objects, such as bits of paper, straw, etc. The 
Greeks discovered that amber, or, as they termed it, ijXeictpor, 
ur, 6S9 B B 
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behaved in this way. It was left to Dr. Gilbert (1600) to show that 
other bodies also acquired the same property after being similarly 
treated. Such bodies are said to have been electrified by 
friction. 

Instead of using small objects to determine whether or not a body 
is electrified the following more sensitive apparatus may be em- 
ployed. A small pith-ball is supported by a silk thread and the body 
under test brought near to it. If the baU is attracted, the body is 
electrified. This experiment is not a cerS^in proof that the body is 
electrified, for if a charged piece of wax, supported in a stirrup, is 
similarly suspended it will be attracted when a metal rod held in the 
hand is brought near to it, yet the metal rod is uncharged, for it is 
earthed. Hence, in our first experiment the pith-ball may have been 
charged. 

Electrical Repulsion. — If a glass rod, suspended by a silk 
thread, is rubbed with silk and then a second glass rod similarly 
treated brought near, the suspended rod wiU not be attracted but 
repelled, i.e. similarly electrified bodies repel one another. Since 
non-electrified bodies do not exhibit this property, repulsion is the 
only sure test that a body is electrified. This phenomenon of elec- 
trical repulsion explains the following facts which will have been 
noticed when a charged body is brought near to small objects. 
After such objects touch an electrified body they fall off, i.e. they 
are repelled. This fact was noticed by von Guebioke in the 
sevent^nth century. The reason for the above phenomenon is 
that after the bodies have touched the electrified body the charge 
on each is wholly like that residing on the charged body, so that 
electrical repulsion ensues. 

If two uncharged pith-balls are suspended side by side and an 
electrified rod brought near to them, both are attracted by the rod. 
If they touch the rod, each acquires a charge similar to that on the 
rod, so that repulsion takes place. This repulsion is greatest when 
the rod is present although it will still persist, but in diminished 
amount, when the rod is removed, for the two balls have acquired 
similar charges. The phenomenon of repulsion is well observed 
when some persons brush their hair on a dry day. The hairs 
become charged and so repel one another. 

The observations of Robert Syhmeb [1759] on the attractions 
and repulsions of charged bodies are at least amusing. Ho was in 
the habit of wearing two pairs of stockings simultaneously, a worsted 
pair for comfort and a silk pair for appearance. In pulling off his 
stockings he noticed that they gave a crackling noise, and some- 
times they even emitted sparks when taken off in the dark. On 
taking the two stockings off together from the foot and then drawing 
the one from inside the other, he found that both became inflated 
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BO as to reproduce the shape of the foot, and exhibited attractions 
and repulsions at a distance of as much as a foot and a holf.^ 

The Detection of Electricity. — ^If an ebonite rod is electrified by 
rubbing it with silk, it possesses the power of attracting small pith- 
balls. When these balls touch the rod they become electrified by 
contact and are then thrust off from the rod. When two pith-baUs 
are suspended by separate pieces of silk from the same point, and 
are electrified by contact with an ebonite rod, the two balls separate. 
If now a glass rod is similarly rubbed with silk, when it approaches 
the two balls they tend to fall together. We therefore conclude 
that the charge on the glass is opposite in sign to that on the pith- 
balls. Similar results can be obtained with a gold-leaf electro^ 
scope [cf. Fig. 36*8, p. 674]. This consists of a metallic box, C, 
which is preferably earthed in order to increase the sensitivity of 
the instrument [the reason for this will be given later — cf. p, 682] ; 
two sides of the box are made of sheet glass for purposes of ob- 
servation, Through an insulating boss, D, [made of sulphur] in 
the top of the box is inserted a metal rod which carries a metal 
disc at its top, whilst the portion inside the box is flattened out, 
and a piece of gold leaf attached to it. [Sometimes two leaves 
are used.] If a charged rod is brought near to the electroscope 
the leaves diverge and collapse again when the rod is removed ; 
when a charged rod touches the metal disc or cap the leaves 
diverge and remain diverged when the rod is removed. 

If the electroscope is charged initially, the divergence of the 
leaves increases when a body having a similar kind of charge is 
brought near : on the approach of a body with a different kind 
of charge the divergence decreases. [If this latter body is brought 
closer to the electroscope the divergence of the leaves may be 
reduced to zero and then increase.] 

The existence of two types of electricity was first established 
about 1733 by nu Fay, suporintondent of gardens to the King of 
France. He found that a piece of gold leaf, electrified by contact 
with a piece of excited glass, was attracted when brought close to 
a piece of resin which had been electrified. Since both the gold 
leaf and resin were electrified, du Fay expected to observe the 
repulsion of the two bodies. From further experiments it was 
concluded that there were two types of electricity — one similar to 
that found on glass when rubbed by silk, the other to that on 
ebonite rubbed with fur. These are now termed positive and 
negative electricity respectively. 

Insulators and Conductors. — ^For many years it was believed 
that only non-metallic bodies were susceptible to electrification, 

^C£. JwDSp MagneUttn and Ehctr%c4iy^ p. 11 (Cambridge University 
Press). 
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but this idea was corrected when Stephen Gray about 1730 dis- 
covered that bodies could be divided into two classes, namely those 
through which electricity will pass (conductors) and those which 
prevent its passage (insulators). If a metallic tube is attached 
to a glass rod, the glass rod attracts small pith-balls after the 
whole has been rubbed, the metal being in the hand [i.6. earthed]. 
The metal part does not display this phenomenon. When, however, 
the rubbing is repeated with the glass held in the hand, then the 
metal retains its static of electrification — it is the glass which prevents 
the charge from escaping. 

The above experiment shows that substances may be divided 
roughly into two classes — insulators, which retain their charge 
on being excited electrically, and conductors, which lose their 
charge if they are earthed. Good insulators are poor conductors 
of electricity and vice versa. Amber, bakelite, ebonite [when highly 
polished] and dry gases are examples of good insulators, while 
metals and aqueous solutions of salts and inorganic acids are good 
conductors. The charge on an electrified body may also be removed 
by passing the body through a fiame, or exposing it to X-rays or 
radium. The terms conductor and insulator are relative ones only, 
for pure water is an insulator for small voltages, and yet if an 
insulator is wet its charge of electricity is rapidly lost. It is, 
therefore, better to speak of good and bad conductors of electricity 
rather than to use the terms conductor and insulator, and to 
state the conditions under which the substance considered is to 
be used. 

The fact that dry gases are bad conductors of electricity has 
probably been a great blessing to the human race, for, had they been 
good conductors, the phenomenon of electricity might have re- 
mained undetected and unsuspected. 

The « Colour ’ Test for Electricity.— When a mixture of 
sulphur and red lead, PbtOi, is dried in a desiccator, and afterwards 
shaken, the sulphur becomes charged negatively, whilst the red lead 
acquires a positive charge. The mixture, as a whole, has a zero 
charge, a fact which can be demonstrated by placing it inside a metal 
cylinder which stands on a gold-leaf electroscope. If now a charged 
body has the powder sprinkled over it and the body is gently tapped, 
the sulphur [—] adheres to it, if it is positively charged, whilst the 
red lead [+] adheres to it, if it is negatively charged. 

Quantity of Electricity. — If a tin or metal cylinder is placed 
upon the disc of an electroscope and a charged body is placed 
inside the cylinder, the leaves diverge and the divergence is con- 
stant irrespective of the position of the charged body, providing 
that it is well within the tin. If the charged body is removed and 
replaced, the divergence is the same. This constancy is attributed 
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to the fact that there is a defioite quantity of electrioity associated 
with the charged body. 

The Torsion Balance. — The torsion balance was used by 
Coulomb for the purpose of measuring the force of repulsion between 
similarly electrified spheres 
by balancing the moment of 
this force about a definite 
point against the couple 
exerted by a wire when the 
latter is strained by twisting 
it from its position of rest. 

One form of this instrument 
is indicated in Fig. 36*1. It 
consists of a light lever sus- 
pended by a fine silver wire 
within a cylindrical glass case. 

One end of the lever carries 
a small spherical pith-ball, A, 
covered with gilt^ so that any 
charge given to it is distri- 
buted uniformly over its sur- j { 

face. IJe lever is sua^nded S61.-OaulomV. To»ion Briimc. 
BO that it rests m a horizontal 

position. The silver wire is about 2 feet long and its upper end is 
attached to a brass head which may be rotated about a vertical axis. 
A measure of this rotation is given by a pointer rigidly fixed to the 
brass head and moving over a circular scale graduate in degrees. 
An insulated second pith-ball, B, may be introduced through an 
aperture in the cover of the instrument : it is supported in the same 
horizontal plane as A. To keep the inside of the apparatus dry 
and thereby improve the insulation, a small vessel containing 
pumice soaked in sulphuric acid is placed in the bottom of the case. 

To measure the force of repulsion between two Uke' charges the 
following method is adopted : — ^The position of the torsion head is 
adjusted until the two balls A and B are in contact. The ball B is 
then removed and charged. When it is replaced the charge is 
shared by the two spheres, the charges on each then being identical 
since the two spheres are equal. In consequence of the like charges 
on the spheres they are repelled, but only A moves since the other 
is fixed. This produces a twist in the wire. The magnitude of the 
repelling force decreases as the distance between the charges 
increases, but the restoring couple due to the torsion in the wire 
increases under the same conditions. Ultimately a position of 
equilibrium is attained in which the moment of the repelling 
force about the axis of suspension is balanced by the couple aiismg 
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from the twist in the wire. Experiment shows that the oouple due 
to torsion is proportional to the angle through which one end of the 
suspension is turned relatively to the other. 

The Law of Force between Charged Particles. — ^The force 
between two charged bodies in air, whose dimensions ^ are small 
compared with their distance apart, is directly proportional to 
the product of their charges, and inversely proportional to the 
square of their distance apart, the force being one of repulsion 
(positive) or one of attraction (negative) according as the two 
charges are of the same or of opposite kinds. 

To Verify the Inverse Square Law by Coulomb's Method. — 
When the distance between the balls A and B is small it may be 
assumed that the distance between them is halved when the angle 
they subtend at 0 is reduced to half its original value. Let us 
suppose that when B was charged and placed in position that A was 
repelled through an angle of 34^ : this was also a measure of the twist 
in the wire which balanced the repelling force between the two 
spheres. To reduce the angular deflexion between the spheres to 
17^ it was necessary to rotate the torsion head through 119^ in the 
opposite direction so that the relative twist between the two ends 
of the torsion wire was (119® + 17®) = 136®. Since the distance 
between the spheres had been halved, the force of repulsion between 
them had been increased four times. These numbers verify the 
inverse square law. 

To Verify that the Force is Proportional to the Product of 
the Charges. — Let us assume that when the two baUs A and B had 
equal charges that their angular separation was 9. When the ball B 
was removed and allowed to share its charge with another ball equal 
in size to itself its charge was reduced to one-half its initial value. 
On replacing B in position it was found that the deflexion was less 
than before, and in order to increase the separation to 0 it was 
necessary to rotate the torsion head through an angle <f> in the 
same direction so that the relative twist between the ends of the 
suspension was (0 — ^). Experiment showed that (0 — • ^) equalled 
|0, so that the repelling force was halved when the charge on one 
of the spheres was halved. 

The Electrostatic Unit of Electric Quantity. — By means of 
a torsion balance, it has been shown that the force of repuMon 
between two like charges * and q^ at distance r apart and in air, 
is given by the equation 

r* 

^ Such a charge is often termed a * point charge.* 

* Strictly speaking, these should be point charges, i.e. the charges should 
reside on bo^es whose dimensions ore small oompared with their distance 
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where A is a constant. This equation may be simplified by a 
proper choice of units which will make A == 1. This is done by 
choosing our unit of electric quantity so that when and 

f 1 cm., F is equal to one dyne, for then the above equation 
becomes 

1 ,1X1 , . 

1 = A . — or A = 1. 


Definition. — The unit of electric charge is that point 
charge, of the type of electricity found on glass when this 
is rubbed with silk, which, when placed one centimetre away 
from an equal charge in air [or better, in a vacuum], repels 
it with a force of one dyne. 


More Exact Theory of the 
Torsion Balance. — Lot the charges 
on A and B bo g so that repulsion 
ensues and the wire is twisted and 
suppose that the torsion head is 
rotated through an angle p in the 
opposite direction to reduce the 
angular separation to a [see fig. 
35*2]. Then (a + /?) is the relative 
twist between the two ends of the 
wire and this is proportional to the 
repelling force F which exists when 
the balls occupy these particular 
positions, i.e. 

F.ON *= K(a + P) 



whore ON is the perpendicular from O on AB, and x is a constant. 

(X 

Sinco ON — 2 cos 5 , the above equation becomes 


If r = AB, then 
F.r^ 


F.Zcos| = #c(a + P). 
2 COS “ 2 cos ~ 


= 4/c2(a + jS) sin I tan 

To Verify the Inverse Square Law. — ^If F is proportional to r-® 
the product Fr® should be invariable when the distance r is varied 
provided that the charges on the spheres remain constant ; in other 

words (a + p) sin 5 tan 5 should remain invariable, since k and 2 are 

constants. The necessary observations are therefore corresponding 


apart. The charges we have used have been on spheres because it can be 
shown that the effects due to such are the same as those arising from similar 
charges placed at the centres of the spheres. 
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tt (X 

values tti, px, a,, ft* if (ot + /5) sin ^ tan ^ is found to be 

constant the law will have been verified. 


To Compare Charges by Means of the Torsion Balance. — 
Since, with the usual notation, F = ^ [g being the charge on each 
sphere], the equation established above may be written 

g* =s= 4kI{cl + p) sm ^ tan g. 

If qi and are the charges to bo compared, lot us assume that when 

g. 

qi is shared between A and B so that the charge on each is the 

A 

torsion head must be rotated through Pi to reduce the deflexion to a. 
Similarly when gj ^ shared between A and B, these having been 
discliargod after the first part of the experiment, let ft be the angle 
of rotation of the head to reduce the angular separation between the 
spheres again to a. Then 

(“) 4#<Z(« + Pi) sin I tan 5 

(^) 1 i 


i.e. 


9l ^ 

q% iy a + ft* 


Example. — ^Two small spheres each having a mass m gm. and 

charge g, are suspended from a point by 
insulating threads, each I cm. long but of 
negligible moss. If 0 is the angle each 
string makes with the vertical when 
equilibrium has been attained, show that 

4mgZ* sin *6 tan d = g*. 

Let O, Fig. 35*3, bo the point of suspen- 
sion, while A and B are the two charged 
spheres. Let AB == 2f. Consider the 
sphere A. It is acted upon by three forces, 
viz., T, the tension in the string, its weight 
mg acting vertically downwards, and a 
repelling force, F, acting in the direction 
BA, due to the charges on the spheres. 
9 * 



Its magnitude is 


(2r)* 


Draw ON perpen- 


dicular to AB and take moments of forces about O. Then F . ON 
mg . AN, 


i.e. 


g> 

. I cos 6 s mg . { sin 0. 


Hence * g* » 4mgf' sin*0 tan 0. 

If 0 is small, ai^ is usually the case, this may be written g* 4mgl^0^ ; 
d is them easily deduced. 



667 


ELECTROSTATIGS 


The Electric Field. — ^The properties of the space round a given 
body become modified when that body acquires an electric charge^ 
for if other charges are now introduced into that space they experi- 
ence forces, whereas such forces were absent when the body was 
uncharged. The space round a charged body in which these forces 
arise is termed an electric field. If the charged body is situated 
in an unlimited medium it is clear that the extent of the field 
increases as the sensitivity of the devices used for detecting the 
forces increases. 

Electric Field Strength or Electric Intensity. — The strength 
of an electric field at a given point in air is defined, numericaDy, 
as the force which would be exerted on a unit positive charge 
placed at that point, provided that the configuration of the 
field were not altered by the introduction of the unit charge. 
The direction and sense of the field strength are identical with 
those of the above force. Hence the electric intensity at a distance 

r from a x>oint charge q in air is given by E = 


More exactly, the electric field strength is defined by the equation 


E 


lim -iT" 


dq^ 


where <$F is the small force experienced by a small positive charge 
Sq introduced into the field at the point where the field strength is 
required. 

Thus, if q is the point charge to which the field is due. 


(5F 


^ _ g. 

r* ' dq r*’ 


q dF 

Since ^ is also the limiting value of it is the electric field strength 
required. 


Lines and Tubes of Force.— In consequence of the electric 

intensity existing at all points in an electric field, it follows that a 
small, free, positive charge will be urged in a definite direction if 
placed at any point in the field : in fact, it will begin to move along 
the direction in which the field strength at the point considered acts. 
If the small charge could move without acquiring an appreci- 
able velocity it would travel along a line of force, this being a 
curve such that the tangent at any point gives the direction of the 
electric intensity at that point. The direction in which the small 
positive charge tends to move is termed the positive direction of 
the line of force ; since repulsion takes place between like charges 
it follows that lines of force must have their origin on positive 
charges and terminate on n^ative ones. 

The lines of force from an isolated positive point charge are 
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straight Jines radiating outwards from that point : if the charge 
is negative the diagram is the same, but the positive direction of 
the lines is reversed. 

Pig. 36-4, (a), (6), and (c) depict the lines of force due to equal 
like charges, equal unlike charges, and two like charges q and 4q. 
In (a) there is a neutral point half-way between the charges : in 



(c) there is a neutral point the position of which may be determined 
as follows : — N is the neutral point, i.e. the resultant field 
strength is zero at N, we have 


g 

AN* 


4g 

BN* 


Hence BN = 2 . AN. 

Such diagrams as these are useful since they give us a picture 
of electric fields, but we have to remember that these diagrams 
are di'awn in one plane whereas the electric field exists in space. 
A more complete representation of the field due to two charges is 

obtained by imagining the above 
diagrams to be rotated about an axis 
passing through the charges. 

Another method of depicting an 
electric field is as follows ; — Let 
A, Fig. 35*6, be a positively charged 
body. Consider the lines of force 
which originate from all points on 
the contour of a portion S of the 
surface. The lines will form a tubular 
Fio. 36*6.—- A Tube of Force, surface, the whole being called a tube 

of force. If all the surface of A is 
divided in this manner and the corresponding tubes of force 
constructed they will fill the whole field and touch one another 
iateirally. If the surface of A is divided so that each element S 
contains unit charge, the tubes of force arising from them are 
known as Faraday unit tubes. Hence, if the total charge on 
A is 9 , the number of Faraday unit tubes is also q. 
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Electrification by Infiuence or Electrostatic Induction. — 
In the earlier part of this chapter it has been shown that bodies 
carrying electric charges attract or repel one another according to 
the signs of the charges. We also learned that attraction occurred 
when a charged body was brought near to one having no charge. 
Now it is a fundamental law in Nature that there can only be 
mutual action between two bodies if each is endowed with the same 
physical property. Thus inert matter attracts inert matter and 
electrically charged bodies attract or repel one another. The 
problem which at once presents itself therefore is to explain the 
electric attraction between a charged and an uncharged body. Let 
A, Fig. 35*6, be a positively charged sphere supported on an insulating 
stand, while BC is an uncharged insulated conductor. Small pith- 





balls are placed near to the ends of BC in the way indicated. InitiaUy 
these hang vertically downwards. When BC is brought near to A 
it will be noticed that the balls are repelled away from the surface 
of the conductor and that their displacements from the position 
of rest increase as the conductor BC is brought nearer to A. This 
experiment shows us that BC is charged, but it tells us nothing 
about the nature of the charges on it. On removing A, however, 
the pith-balls resume their original positions showing that BC is 
charged no longer. Moreover, if a pith-ball is placed about half- 
way between B and G, it remains undeflected during the course bf 
the above exx)eriment. These facts suggest that there, is positive 
electricity on one half of the conductor and an equal amount of 
negative electricity on the other and that there is no electricity 
at the centre, but they do not indicate how it is distributed. The 
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sign of the electricity may be aecertained by sprinkling the surface 
of BC with a mixture of red lead and sulphur [of. p. 662]. When 
the conductor is tapped, with a glass rod [say], the red lead adheres 
to the end B, while the sulphur adheres to the end C, i.e. B has 
acquired a negative charge, and C a positive one. If A had been 
charged negatively the signs of the electrification on BC would 
have been revers^. 

This action takes place over considerable distances and even if 
a sheet of cardboard, glass, or ebonite is placed between A and 
BC. When a body becomes charged in this way it is said to have 
acquired its charge by influence or electrostatic induction. 
The phenomenon of electrostatic induction was discovered by 
Stephen Gray in 1729. 

If the conductor BC consists of two parts which are together 
at first but separated whilst the inducing charge is near, the two 
induced charges cannot neutralize each other when the inducing 
charge is removed, but remain on the two portions. If the inducing 
charge is x> 08 itive, the nearer portion of this compound conductor 
will have a negative induced charge, while the other will have a 
positive one. 

If the complete conductor BC is earthed while under the influence 
of a positive charge on A, we shall really have a compound conductor 
consisting of the conductor, the person touching it, and the earth. 
The induced positive charge will pass to the earth, so that when 
the finger is removed a negative charge will be found on BC even 
when A is no longer present. 

The quantity of electricity induced on conductor increases 
with the charge on the inducing body and when the distance between 
the two bodies is diminished, ^e theoretical limit would be 
reached when the quantity of electricity on the near end of the 
conductor is equal in magnitude to the charge on the inducing 
body, but opposite in sign, and the quantity at the far end is equal 
in magnitude and sign to it. In practice, however, this condition 
is seldom reached for when A is brought very near to the end B 
of the conductor, the electric intensity in the field immediately 
between A and B becomes so great that a minute spark passes. 
This is not often seen although it may be heard. After such a 
spark has passed and A is removed BG is found to have a positive 
charge since it has lost some of its negative electricity during the 
passage of the sparks 

These experiments show that the attraction between a charged 
and ‘ an uncharged body ’ is really an attraction between the charge 
on the inducing body and the charge of opposite sign which it hM 
induced on the nearer portion of the body which was initially 
without charge. 



BLEGTB0STATIC8 671 

To Charge an Electroscope by Induction.— The four essential 
stages by which this is accomplished are shown in Fig. 35-7. A 
negatively charged ebonite rod, A, is brought near to an uncharged 
electroscope, the metallic case of which is earthed. Positive 
electricity is induced on the disc of the electroscope whilst negative 
electricity is found on the leaves. This is the reason why the 



leaves of an electroscope diverge even when the charging rod 
does not touch the instrument [cf. Fig. 35*7 (a)]. The disc of 
the electroscope is then earthed — ^touching it with a finger will be 
effective [Fig. 35*7 (&)]. The negative charge is removed to 
earth but the positive charge does not so escape, for the negative 
charge on the rod attracts it very considerably. The finger is 
then removed and no change in the electroscope is observed [Fig. 
35*7 (c)]. The rod is then removed and the positive charge on the 
disc spreads itself all over the surface of the disc and leaves, so 
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that the leaves diverge. The fact that the leaves have a positive 
charge can be demonstrated by bringing a positively charged rod 
near to the electroscope and observing the increased divergence of 
the leaves. 

Theories of Electrification. — ^In the eighteenth century at- 
tempts to account for electrical phenomena usually postulated 
the existence of one or two imponderable fluids. Franklin (1749), 
and others, proposed a one-fluid theor}' according to which all 
bodies in their ordinary neutral condition were assumed to possess 
a deflnite quantity of this fluid, whereas an excess or deficit of this 
fluid produced a positive or negative distribution respectively. 
Franklin further assumed that the fluid was self-repellent but 
attracted by ordinary matter. Hence the amount of fluid associated 
with a so-called neutral or uncharged body was such that the 
attraction between the body and the fluid in it was counterbalanced 
by the repulsion between the fluid in the body and the fluid external 
to it. 

In 1759 Symmer proposed a theory postulating the existence of 
two imponderable fluids. Coulomb developed this idea, maintain- 
ing that a positive state of electrification was not due to an excess 
of electric fluid and the negative state to a deficiency, but in the 
former instance the state of electrification was due to the possession 
of a larger portion of ‘ one of those active powers * : in the second 
instance to a larger portion of the other. Moreover, a body in its 
natural state was unelectiified because there was ‘ an equal ballance 
of those two powers in it,’ 

Modern theory suggests that there is an * atom of electricity ’ 
just as there are atoms of ordinary matter. The atom of electricity 
is termed an electron : each electron is a definite quantity of 
negative electricity and its mass is part of that of a hydro- 

gen atom. A negative charge is acquired when a body gains a 
number of electrons, wliilst a deficit in the number of electrons 
normally present gives rise to a positive electrification. When, 
for example, glass is rubbed with silk, electrons are transferred 
from the glass to the silk so that the glass becomes charged 
positively and the silk negatively. The equality of the two kinds 
of electricity produced by friction [cf. p. 675] is at once explained 
and we see that there is no such thing as a generation of electricity, 
but that electric phenomena are due to a mere redistribution of 
the amount of electricity normally present in a body. Conductors 
permit a free passage of electrons through them whereas non- 
conductors only allow the electrons to suffer a small displacement 
from their zero positions. 

The Distribution of Electricity on Bodies.— (a) Poorly 
Conducting Substances : When a charge is pven to one of 
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these substances it is confined to that region of its surface where 
it has been in contact with the charging body. If the substance 
were a perfect insulator and there were no loss of charge through 
the surrounding medium, its charge would remain on its surface. 
In practice it is found that the charge gradually distributes itself 
over the body and to a less extent into its interior. Thus a piece 
of sealing-wax rubbed at one end only exhibits electrification at 
that end. 

(6) Conductors : With conductors it is found that the charge 
resides wholly on their surfaces. This may be demonstrated by 
insulatii]^ a metal tin on a block of paraffin wax and charging the 
tin. The distribution of the electricity on it may be ascertaiaed 
by using a proof plane [cf. Fig. 35*6 (6)]. THs consists of a 
small metal disc attached to the end of a piece of sealing-wax. In 
use, it is brought into contact with any body under examination 
and then allowed to touch the cap of a gold-leaf electroscope having 
a charge of known sign. If the angular separation of the leaves 
increases, then the proof plane had a charge similar in sign to 
that on the electroscope. The reverse is true if the angular separa- 
tion decreases. If the amount of decrease is very small the proof 
plane may be uncharged. To test this the electroscope should be 
given a charge of opposite sign to that it carried initially. If, 
when the plane is brought into contact with it, there is again a 
small decrease in the angular separation of the leaves, the proof 
plane will have been uncharged, but if there is a small increase 
in the angular separation, then the proof plane will have been 
carrying a small charge equal in sign to that now present on the 
electroscope. To verify that there was no charge on the proof plane in 
a suspect^ instance, it may be placed in contact with an uncharged 
electroscope. If its leaves do not diverge the plane is uncharged. 

If the proof plane is allowed to touch the outside of the above 
tin it will always be found charged. On the other hand, if it is 
placed well within the tin and allowed to touch the interior, no 
charge will be detected on the plane when it is removed. 

Also, if an insulated charged conductor is introduced into an 
uncharged tin supported on an insulating stand and allowed to 
touch it, it will be found uncharged when it is withdrawn. On 
testing the tin with a proof plane, however, a charge will be detected 
on its outside only. 

Similarly, if a pair of gold leaves is supported inside a closed 
wire-gauze cage, the leaves do not diverge when the cage is charged. 

Fabaday, in order to examine this question still further, placed 
a charge on a butterfly net. This consisted of a conical linen gauze 
bag : it was supported on an insulated ring and had silk strings 
attached to its apex so that it could be drawn inside out. When 
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examined with the aid of a proof plane and eleotrosoope, Faraday 
found the charge only on the outside of the bag. When the bag 
was turned inside out, a charge was only detected on its outside — 
that portion which had previously been the interior. 

Faraday's Ice-Pall Experiments. — One of a most, striking 
series of experiments first earned out by Faraday was as follows : — 
A pewter ice-pail, or, as one would now use, a cylinder of perforated 
zinc sheet, B, Fig. 36*8, supported on an insulating stand [a block of 
paraffin wax] is connected by a wire to the cap of a gold-leaf electro- 
scope C. Let us assume that a positively charged conductor A is 
lowered into the cylinder. As soon as the ball gets near to B the 
leaves of the electroscope begin to diverge owing to the inductive 
action of the charge, i.e. negative electricity appears on the inside of 
the cylinder while positive electricity is found on its outside and on 
the cap of the electroscope which forms part of the conductor under 



the influence of A. The divergence increases until the body A is 
well inside B — after this the divergence remains independent of the 
position of A inside B. This shows that the potential [cf. p. 677] 
of B and the electroscope is constant and independent of the position 
Qf A, providing the latter is well within B. If A is withdrawn, the 
leaves collapse. If, however, A is allowed to touch the.inside of 
B before it is withdrawn, the divergence of the leaves is unaltered. 
Thus the potential of B is not changed when the positive charge 
on A is neutralized by the induced negative charge inside B. If 
now, A is removed, the divergence remains the same, i.e. there can 
be no charge on A after it has touched B— in other words, no 
charge resides on the inner surface of a hollow conductor. 

The above experiment may be varied by touching the can with 
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one’s fingers while the charged body A is inside it but before oontaot 
between A and B has oocuired. The positive induced charge 
disappears and the leaves collapse. On removing one’s fingers the 
leaves still remain together, a condition which is not chang^ when 
A is allowed to touch B. This is because the negative induced 
charge on B neutralizes the positive inducing charge. If A is 
withdrawn, however, after B is earthed, the leaves of the electro- 
scope diverge, due to the fact that the induced negative charge 
on B distributes itself over B and C. 

To Show that the Electric Field Strength inside a Charged 
Tin is Zero. — Let us suppose that the cylinder of the previous 
experiment has been charged. Let two proof planes with their 
metal discs touching be placed outside the cylinder so that one disc 
is a little farther from it than the other. If the two planes are 
separated while in this position and first one, and then the other, 
brought into contact with a charged electroscope, they will each 
be found charged with electricity of opposite sign. This is because 
they have been in an electric field and the charges induced upon 
them isolated by separating the component parts of the conductor 
while still in the 'field. On the other hand, however, if the two 
discs are placed right inside the charged cylinder, separated, with- 
drawn from it, and then examined, no charge wiU be detected on 
either. Hence they must have been separated in a field whose 
electric strength was zero. 

Positive and Negative Charges produced by Friction are 
always Equal in Amount. — A small metal disc insulated by a 
wax handle is covered with a piece of ebonite, whilst another similar 
disc is covered with fur. The ebonite and the fur are discharged 
by placing them in contact with an earthed metal plate [or better, 
by aUowing X-rays to fall on them]. The absence of electrification 
on them may be tested by introducing them in turn into a tin 
placed on top of a gold-leaf electroscope. An absence of divergence 
on the part of the leaves shows that they are not electrified. The 
two are then placed right inside the tin and rubbed together. The 
leaves do not diverge, showing that the total electrification on the 
two bodies is zero. But if either disc is withdrawn, the leaves 
diverge. Since both the fur and the ebonite may thus be shown 
to be charged while their total elecCrification is zero, we conclude 
that the positive and negative electricity are produced in equal 
amounts during this process. 

To Show that the Surface Density of Electricity is Greatest 
where a Conductor is most Sharply Curved. — If a pear-shaped 
conductor is charged and the distribution of the charge examined 
with the aid of a proof plane it will be found that the density of 
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the surface electricity is a maximani at those points where the 
curvature is greatest (i.e. the radius of curvature least). For this 
experiment lead discs, equal in area, are bent so that each fits a 
particular portion of the surface to be tested. They are then 
mounted on sticks of sealing-wax and applied, in turn, to those 
portions of the conductor for which they were designed. In this 
way the amounts of electricity on equal areas of a charged surface 
may be compared by observing the divergence of the leaves of a 
gold-leaf electroscope when the charged discs are placed, in turn, 
right inside a deep tin can placed on the disc of the electroscope. 
If this is uncharg^ before each disc is introduced, the divergence 
is directly proportional to the charge on the disc. 


EXAMPLES XXXV 

1. — Define the electrostatic unit of quantity of electricity. What 
do you understand by the statemmt that equal quantities of two kinds 
of electricity are produced when ebonite is rubbed by fur ! How would 
you test the accuracy of this statement T 

2. — The force of attraction between two charges is 103-4 dynes when 
the distance apart is 6-3 cm. If one charge is numerically equal to 6 
times the other, calculate the magnitude of the smallor charge. 

3. — Three charges, 3, 4, and 6 positive units respectively, are placed 
at the oomera of an equilateral triangle whose side is 10 cm. Calculate 
the force on the larger charge. 

4. — Two charges attract one another with a force of 8-3 dynes when 
their distance apart is 6-2 cm. Calculate the force when the distance is 
trebled. 

6.— Describe how you would charge an electroscope by induction. 

6. — Describe a gold leaf electroscope and explain bow you would 
use it to mvestigate (a) the distribution of charge over an insulated 
charged conductor, (6) which of the following are conductors of elec- 
tricity—paper, incha-rubber, chalk, a gas flame. 

7. — Describe how you would show that there is no charge inside a 
tall insulated and chided tin and that the electric field inside is also 
zero. 
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POTENTIAL AND CAPACITANCE 

Potential Difference. — ^When two charged conductors are con- 
nected by a wire, in general, there is a passage of electricity from 
one to the other : there is a redistribution of charge although the 
total quantity of electricity (reckoned algebraically) is constant. 
If, for example, the charges on the conductors are + 25 and — 8 
units respectively, the total charge before and after placing the 
conductors in communication is -f 17 units. We may examine 
the matter qualitatively as follows : 

Suppose that twb insulated metal spheres have been charged 
(by induction is a convenient method). If each, in turn, is placed 
right inside a hollow metal conductor resting on the disc of an 
electroscope, the leaves will diverge, the ratio of the angles through 
which the loaves are deflected in the two instances being a rough 
measure of the ratio of the charges. Now let both spheres be 
placed inside the above hollow conductor but without permitting 
them to touch. Note the deflexion of the loaves. If the spheres 
are then allowed to touch the divergence of the leaves is unaffected, 
i.e. the total charge is constant. If the spheres are tested individu- 
ally afterwards, it will be found that there has usually been a 
redistribution of charge. 

The question which arises at tliis stage is ‘ What are the con- 
ditions determining the direction in which the electricity shall 
flow ? ’ Before attempting to answer it, we must be provided 
with a means of obtaining definite multiples of a given amount of 
electricity. The following method is simple and sufficiently accurate 
for our present purpose. A well-insulated metal sphere is charged 
negatively and a small metal sphere*, also insulated, placed near 
to it. This latter is charged by induction and if touched momen- 
tarily with the finger the positive induced charge alone remains. 
If the small sphere is removed and placed inside a hollow conductor' 
the whole of its charge is given to that conductor. An equal charge 
may then be given to the small sphere by placing it in the same 
position with respect to the large one and repeating the process. 

Suppose that two identical gold-leaf electroscopes are available, 
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and that on their discs rest two deep metal cans A and B, Fig. 36.1 
(a). By charging the small insulated sphere already referred to, 
introducing it into A and allowing it to touch the sides of the 
can, its whole charge is given to A and the leaves of the electroscope 
diverge. The sphere itself is discharged and may be recharged to 
the same extent in the manner already indicated. Suppose that 
equal charges are given to A and to B. It will be found that the 
divergence of the leaves is different in the two instances if A and 
B are different in size. Now let a wire, insulated by supporting it 
on a stick of sealing wax, be allowed to touch both A and B simul- 
taneously, as in Fig. 36.1(6). The divergences of the leaves are 
equal, that of the leaves on the first electroscope having increased, 
while that of the leaves on the second have decreased. Since there 


A B A B 



Fia. 36*1. — Introductory Experiment on Potential. 

has been a change in the deflexion of the leaves it is concluded 
that there has been a transfer of electricity from one system to 
the other. Since equal quantities of electricity were given to them 
originally, it follows that quantity of electricity is not the factor 
determining the flow of electricity from one to the other. The 
factor which does determine it is termed electric potential differ^ 
ence and if two charged conductors are connected metallicaUy one 
with the other, electricity flows from the conductor at the higher 
potential to the other. Since only potential differences may be 
detected, it is convenient to have a standard of zero potential, so 
that one may then speak of the potential of a body. The surface 
of the earth, this being a conductor, is an equipotential surface 
[cf. p. 686] and is taken as the zero of reference. [Small variations 
of the potential of the ground due to earth currents, etc., are 
ignored.] 

Analogies from other Branches of Physics. 

(i) From hydrostatics. Suppose that A and B, Fig. 36*2, are 
two cans ooxmected together by a pipe, fitted with a stop-cook, G, 
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as shown. Let this pipe be very small compared with A or. B. 
Let equal quantities of water be placed in each can. The levels 
are indicated by the full lines. 

On opening G liquid passes from 
A to B until the levels are the 
same in each — shown by the 
dotted lines. The flow takes 
place in the direction from A to 
B since the pressure on the A-side 
of C is greater than that on the 
B-side. 

(ii) From Heat. Suppose a small iron ball is hdated until it is 
red hot and then placed in contact with a large iron ball at room 
temperature. The large ball may contain more thermal energy or 
heat than the smaller one, the total energy associated with the 
molecules of a body being regarded as its heat content, but heat 
flows from the hot body to the cooler one, i.e. it is the temperature 
of a body which determines whether or not it shall communicate 
heat to another body in contact with it. 


Fio. 36‘2. — Potential -Analogy 
from Hydrostatics. 


Electric Potential. — ^The potential of a body is its electrical 
condition determining whether or not electricity flows from it to 
earth, or vice versa, when there is metallic connexion between the 
body and earth. If the flow is from the body to earth, the potential 
of the body is said to be positive : it is negative when the flow is 
in the reverse direction. 

The above is only a general statement about potential : to develop 
the theory of electrostatics it is necessary to have a precise definition 
of potential. Let us see how this is obtained. 

Suppose that a small positive charge finds itself in an electric 
field — the presence of this charge will be assumed not to affect 
the original distribution of charges to which the field is due. Then 
owing to the existence of an electric intensity at the point where 
the charge is, it will experience a mechanical force. If the small 
test charge is not fixed it will move — ^in the direction of the electric 
intensity when the above charge is positive ; in the reverse direction 
if it is negative. If the small test charge is moved about in the 
field, we may either have to do work against the forces due to the 
field, or they may do the work for us. Wherever the charge is 
situated there will be associated with it a definite amount of potential 
energy, this being equal to the work done in bringing the test charge 
from a point where the potential energy associated with it is zero 
to the point in question. This energy will be considered positive 
when the work is sx)ent in overcoming the forces acting on the 
test charge. The potential energy will be zero when the electrical 
field strength is zero, i.e. at infinity. 
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If the electrio field is due to a positively oharged body, the 
electric intensity will be directed away £* 00(1 the body at all points 
in the field and work will be done in overcoming the force arising 
from the electric intensity at each point in the path of the test 
charge, when this is positive, as it moves from infinity towards the 
charged body. The potential energy of the test charge is every- 
where positive. If the field is due to a negative charge, the potential 
energy is negative. 

The above considerations enable us to define a difference of 
potential as follows . — The potential at a point A exceeds that 
at a point B by the numerical value of the work done against 
the field in taking a unit positive charge from B to A. 


More strictly, the potential at a point A exceeds that at a point B 
by the work done against the field per unit positive charge in taking 
a small positive charge from B to A. 

In mathematical language we may state that the potential difference 

6w dw 

between A and B is the limiting value of i.e. where dw is the 
work done against the field in transferring a charge dq from B to A. 


If B is at infinity the potential there is zero, so that the potential 
at a point in an electric field is equal to t he work done against 
the field per unit positive charge in bringing a small positive 
charge from infinity to the point in question. 

It cannot be emphasized too strongly that whereas work, or 
potential energy, is measured in ergs (say), electric potential is 
measured in ergs per unit charge. 

Definition of the c.g.s. electrostatic unit of potential 
difference. The potential at a point is one c.g.s. electro^ 
static unit of potential if one erg of work per unit charge 
is done against the field in bringing a small positive charge 
from infinity to that point. 

This unit has no other name but it is equivalent to 300 volts, the 
volt being the practical unit for potential [cf. Chap. XLV]. 

The Earth’s Gravitational Field. — ^The gravitational intensity 
or force per unit mass, near to the earth’s surface is constant — it 
is equal to g absolute units of force per unit mass, since the force 
acting on a mass m is mg. Consequently, there must be a definite 
gravitational potential at points in the earth’s gravitational field. 
It is because the gravitational intensity is constant at points near 
to the earth’s surface that we are able to calculate the gravitational 
potential at points in that region. For if a mass m is raised through 
a vertical distance h the work done against the earth’s field is mgh. 
Since this is the potential energy of the body of mass m at a height, A, 
the potential at that point is gh. 

From the above it will be realized that it is only because the 
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gravitational intensity is constant over the region considered that 
the gravitational potential at a point in that region can be calculated 
by very simple methods. In electrical fields the electric intensity 
is not, in general, constant, so that it is only in rather simple 
instances that the potential at a point in an electric field may be 
computed. In these calculations the zero of potential is selected 
to be at infinity : in practical problems involving the measurement 
of difierences of potential, the earth is considered to be at zero 
potential. 

The Principle of the Action of a Gold-Leaf Electroscope. — 
Suppose that a positive charge is given to an insulated metal body 
and this is allowed to touch the disc of a gold-leaf electroscope 
whose case is earthed, and therefore at zero potential, as in Fig. 
36-3 (a). Electricity flows from the charged body to the disc and 
leaves, the charge on the leaves acting inductively on the case, 
where only a negative charge appears since the case is earthed. 
It will be found that the leaves diverge : there is a potential 
difference between them and the case. 

If the charge on the body allowed to touch the electroscope is 



Fio. 36-3. — ^Priuoiple of the Action of a Gold-Leaf Electroscope. 


negative, the state of affairs is shown in Fig. 36-3 (b) when again 
the leaves diverge and there is a potential difference between them 
and the case. 

Now let the electroscope be supported on an insulating stand 
and its disc earthed. When a positive charge is given to the case 
of the instrument a negative induced charge appears on the leaves 
which diverge : there is a difference of potential between the leaves 
and the cose — cf. Fig. 36-3 (c). 

When, however, the electroscope still being insulated, there is 
metallic connexion between the case and the disc, cf. Fig. 36-3 (d), 
no divergence of the leaves occurs when the case is charged : there 
is no difference of potential between the leaves and the case. 

The above experiments show that the leaves of an electroscope 
will only diverge when there is a difference of potential between 
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them and the ease of the instrument. If, as usual, the ease is 
earthed, the divergence of the leaves measures the potential of the 
leaves and any body attached to them. [If the capacitance of the 
body (cf. p. 689) is large compared with that of the electroscope 
and charges are always communicated to the same body, then the 
deflexion of the leaves is a measure of the charge received by the 
body.] 

Free and Induced Potentials. — Since work must be performed, 
either by the field or against it, when a charged body is brought 
from in^ty to any point in the field of a charged body, it follows 
that a charged body must possess potential energy due to its own 
charge, for we may imagine that its charge has been obtained by 
bringing up in succession small charges from infinity, each process 
involving a certain amount of work on account of that fraction 
of the total charge already present on the body. The potential 
of a body due to its own charge is termed its free potential. 

Now let it be supposed that an uncharged gold-leaf electroscope 
is brought into the field of a positively charged body for example. 
The electroscope finds itself in a field where the potential is every- 
where positive : its leaves are deflected and therefore it must be 
at a definite positive potential itself. There is no charge on the 
electroscope as a whole, although from our study of electrostatic 
induction we know that negative electricity has been induced on 
the cap and positive on the leaves. The potential of the electroscope 
is termed an induced potential. 

On Testing the Nature of a Charge by means of an Electro- 
scope. — Suppose that an electroscope has been given a positive 
charge so that its free potential is positive. Let a positively charged 
body be brought gradually nearer to the electroscope. This will 
acquire, in addition to its own firee positive potential an induced 
positive potential : since the instrument is a detector of potential 
differences the leaves will diverge further. The divergence increases 
as the distance between the body and the electroscope diminishes. 
This is a sure test for a positively charged body. 

Now let a negatively charged body be brought near to a positively 
charged electroscope. This acquires a negative induced potential ; 
its resultant potential is therefore reduced and the leaves collapse. 
As the body approaches more closely the divergence of the leaves 
decreases since the induced potential is becoming numerically 
greater. Ultimately, the leaves fall together and then begin to 
diverge again since the negative induced potential is numerically 
larger than the positive free potential of the instrument. The 
resultant potential is negative : this increases as the body is moved 
still nearer. 

It must be borne in mind that an initial decrease in the diver- 
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genco of the loaves of a positively charged electroscope when 
a body is brought near, does not necessarily imply that the body 
is negatively charged for a similar effect is observed when the body 
is uncharged. 

To test whether a body carries no charge at all an attempt is 
made to charge an electroscope by induction : if there is no induced 
charge the body under test is uncharged. 

The Electrical Potential due to a Point Charge in Air. — ^Let 
g be a point charge siiuate<l at O, Fig. 36-4, and let P be the point 
at which the potential is required. Join OP and produce this line 

£ ■ P Pz ^ 

^ n n h> 

Fra. 86-4. 


to infinity. Let P„ P„ P„ . . . P„_i, P, . . . P , be points on 
this line at distances f„ . . . r„_i, r,, . . . r* from O. Then 

Vp. the electric pptential at P, is the work done against the field 
per unit charge in bringing up charge from infinity to P. Since 
the electric intensity, or force against which the work is done, is 
not constant between P and oo, we have to proceed to calculate 
the work done as follows : — 


The electric intensity at P is at Pi it is j—. Now if rand 

do not differ by more than a small amount, the arithmetical mean 
of these two quantities wiU be equal to their geometrical mean, viz. 

Hence the work done against the field in bringing the small 

charge dq from Pj to P will be 


Similarly the work done in moving the charge 8q from Pg to Pj 
is dq. Iii general, the work done between two neigh- 

L*"! ’■*J ^ 

bonring points P„_i and P„ is g 1. dg. Consequently the 

L»'n-i •'nj 

total work, W, done in bringing the charge dq from oo to P is 
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The work done against the field per unit charge is Vp. Thus 

dq^ r 

The above result may be obtained with the aid of the caloulus as 
follows. At a point X, ^stance x from O where there is a point charge 


q 

the electric intensity is ^ and is directed along OX. Let OX be the 

iB-axis and suppose a small positive charge is brought from infinity 
to X along this axis. If this charge movuii from a point whose abscissa 
is a; + da; to X, the work done per unit charge against the field by 


q 

the external agent is — The minus sign occurs since the distance 

moved is — dx. The work done per unit charge in bringing the charge 
from infinity to P, {x = r), is 


J^»* L»J« r 

If there are several point changes, g,, qt . . . q„, the potential 

n — n 

at a point P is ^ ^ for the contribution from each charge to the 

n “ 1 * 

total potential is unaffected by the presence of the other charges. 

If P and Q are two points in an electrostatic field having potentials 
Vp and Vq respectively [Vp> Vq (say)], then W, the work done 
by an external agent in moving unit-positive charge from Q to P, 
is numerically equal to Vp — Vq. Since this value is independent 
of the potentials at points intermediate between P and Q it follows 
that the work done is independent of the actual path along which 
the unit charge is transported. If this were not so, energy could 
be obtained by taking a charge along one path and allowing it to 
return along another where less work was done when the charge 
was taken along it. This would violate the principle of the con- 
servation of energy. 

Also, since work = force X distance, the average electric 
field strength between P and Q, is ^ 


to Q if Vp > Vq. 


PQ 


, and is directed from P 


If P and Q are neighbouring points at potentials V and V + dV 
respectively and at distances r and r + from an origin O in QP 
produced, then, if E is the electric intensity at P in the direction of 
r increasing, 

— E . ^ = work done per unit positive charge by an external 
agent in taking a small positive charge from P to Q. llie minus sign 
occurs since the work is done by the field. But the work done by the 
external agent is equal to the increase in potential in passing from 
P to Q, viz. SV. 

- E . = 3V, 

dV 

i.o. proceeding to the limit, E « — -gjf. 
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The expression measures the potential gradient at P in the 
direction of r increasing. 

Definition. — A surface in an electric field such that at every 
point on it the potential has the same value, is termed an 
equipotential surface. 

Since no work is done when a charge is moved along an equi- 
potential surface, it follows that the lines of force must be perpen- 
dicular to equipotential surfaces. To prove this, let E be the 
electric field strength at a point on an equipotential surface. Let 

V be the potential and let E make an angle 0 with the tangent to 
the surface at the point considered. If ds is the small displacement 
of a unit positive charge from the above point to another on the 
same surface, the work done is 

E cos 0. ds = 0 

7t 

since SV = 0. If E is not zero, cos fi = 0, i.e. d = 

It 

Equipotentlals^ due to Point Charges. — Since the potential 

at a point r cm. away from a point charge g is it follows 

that the equipotentials will be spheres having g at their common 
centre. A picture of these equipotentials is obtained by giving 
q some fixed value, and calculating the 
values of r corresponding to different 
potentials. Thus, for a point charge 
q== 50 e.s.u., the equipotential 

V = 20 is represented by a circle of 
radius = 2-6 cm. Fig. 36-6 indicates 
some of the equipotentials due to such 
a charge. It will be noticed that equi- 
potentials differing by the same amount 
are nearer together the more closely 
they approach the charge. Since 
[average] electric intensity = potential 

difference -r distance, it foUows that 36 6 .— Equipotontiato da. 

the intensity is greatest where such to a Point Charge, 
equipotentials are nearest together. 

The equipotentials due to point charges gi and g^ are obtained 
by drawing the series of equipotential surfaces due to each charge 
alone and drawing lines through those points which have the same 
resultant potential. 

Exercise. — Construct the equipotentials and lines of force due to 
charges + 30 and — 10 e.s.u. at a distance apart of 6 cm. 
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The lines of force may be oonatruoted by drawing curves cutting 
the equipotentials at right angles since the lines of force and equi- 
potentials out orthogonally, i.e. at right angles. 

The lines of force and the equipotentials for an insulated sphere 
under the influence of a charge on a small body are shpwn in Fig. 
36-6. It will be noticed that the lines of force meet the sphere 
at right angles, and that the equipotentials and lines of force 
intersect at right angles, i.e. they cut orthogonally. 

[Although the lines of force and equipotentials have been drawn 
for a special instance, the nature of the curves is similar even when 
the shape of the conductor is more complicated.] 



Fio. 36'6. — Lines of Force and Equipotentials for an Insulated Sphere under 
the Influence of a Small Charge. 

Since the surface of the conductor is an equipotential with 
negative electricity on the side nearer the inducing charge and 
positive on the remote side, it follows that one of the equipotential 
surfaces must include the surface of the conductor itself. When 
only one kind of electricity is on a conductor, the equipotentials 
surround that conductor and one, of course, coincides with its 
surface. 

The Potential due to a Uniform Distribution of Electricity 
on a Sphere. — ^Let P, Fig. 86-7 (a), be the point at which the 
potential due to a charge of surface density o on a sphere of radius 
a is required. Let OP » r. If A and B are two points on the 
surfaoesuoh that the angles AOP and BOP are 0 and 0 + 60 respect* 
ively, the area of the ring traced out by AB when the figure 
is rotated about OP is 2na sin 0 a 60. The charge on this is 
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27ca^ sin 0 and since each point on this ring is at the same 
distance x from P, the potential at P due to this chafge is 
27ta^a sin fl 39 -7- a:, where a;* = a* + r * — 2ar cos 0, 

Hence x.dx = ar sin 6.30. 


V = 


27caa 


dx. 


where Xi and x, are the values of x when 0 is 0 and n respectively. 
For a point outside the sphere Xj = (r — a), «, = (r + o). 


. 27iaa 4jra*(j 
. . Vg = . 2a = 


or if g is 


the total charge on the sphere, Vg = 


g 

r 



Charged Metal Disc. 


For a point inside the sphere Xj *= a — r, x, = a + r, 


„ 2jiaa a j g 

= . 2r = 4jtaa = 


i.e. the potential inside a charged sphere is everywhere constant 
and equal to that of the sphere itself. This last result is very 
important for it is true for all closed conductors [of. p. 713]. 

Since Vg = the electric intenrity outside is — or i.e., 

like the potential, it is the same as if the charge were concentrated 
at the centre of the sphere. Inside the sphere the intensity is zero, 
since the potential at points inside the sphere is constant and equal to 
that of the sphere itself. The result is true for all closed conductors. 


The Potential at a Point on the Axis of a Disc having a 
Uniform Surface Charge of Density a . — The charge on a ring 
whose inner and outer radii are r and r + dr, Fig. 36*7 (6), is 2n(Tr. dr. 

The potential at P due to this is 8“®® points on the 
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riiig are equidistant from P. If a is the radius of the disc, we have, 




+ *»)* 


= 2jror.[(a-* + o*)*-a:]. 


Since the diagram is symmetrical about the x - axis, the resultant 
electric intensity must be directed along that axis. Hence 

® ~ ^]- 


When the disc becomes very large, i.e, a = oo, E == 27ro', i.e. the 
electric intensity is constant. 

In this problem we have assumed that the electricity is confined 
to one side of the disc. We know that it is on both sides so that 
the total electric intensity due to a uniform distribution on a 
metal disc is 4^, 


The Action of a Condenser. — Let A be an insulated metal 
plate which has acquired a positive charge and a corresponding 


B 



positive potential. A second 
insulated plate B is then 
brought near to A so that B 
becomes charged by induc- 
tion, the distribution of elec- 
tricity being as in Fig. 36*8 
(a). It is now necessary for 
US to consider the effect of 
B’s charges on the potential 
of A. The negative charge 
on B will tend to diminish 
the potential of A, whilst the 
y positive charge on B tends to 
increase it. Although the 
two induced charges on B are 
equal in amount the negative 


Fio. 36*8.— The Action of a Condenser, charge on B will have a 


greater effect on A than the 
positive charge will have, owing to the fact that it is nearer to A. 
Thus the sum total of the effect of B on A is to lower the poten- 
tial of the latter. If A is connected to some constant source 


of potential, such as a battery of electric cells, then more 
eleotrioity will flow from the battery to A in order to raise its 
potential to its original value V. 

When the plate B is connected to earth, Fig. 36*8 (6), there 
remains only the negative charge on it — ^in magnitude it is some- 
what greater than before, since the nearby positive charge which 
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tended to diminish it has been removed.^ The effect of thisincreaaed 
n^ative charge on A is to lower its potential again so that still 
more electricity flows from the battery to A. In other words 
the capacity of A for electricity has been increased. 

Such an arrangement as this, in which an earthed plate is used 
to enable a second^ but insulated, plate to acquire a greater charge, 
is called a plate condenser. 

The capacity, or capacitance, (C) of a condenser is a constant 
for that condenser and is defined as the quantity of electricity 
on the positive plate per unit potential difference between 
its plates. Tims, if Q is the quantity of electricity on tho positive 
plate and V the difference of potential across the condenser, then 



Definition. — When one e.s.u. of charge raises the potential 
of a system by one e.s.u. of potential, the capacitance is said 
to be one e.SAi. of capacitance. 

To Investigate the Factors influencing the Capacitance of 
a Condenser. — It will be assumed that tho condenser consists of 



Fia. 36*9. — Factors Influencing tho Capacitance of a Condenser. 

two metal plates, one earthed and the other insulated and con- 
nected to the cap of an electroscope. Suppose that the insulat^ 
plate is charged positively — the portion of the charge on the electro- 

^ An analogy from the theory of magnetism may be useful here. It is 
difficult to obtain a strongly magnetized short needle because the two poles 
tend to neutralize one another. 
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scope is small and is not indicated quantitatively in the diagram. 
There will also be an induced charge on the earthed plate, but when 
we speak of the charge on a condenser we imply the charge on 
the insulated plate : numerically, the charges are, of course, equal. 
Such a system is shown in Fig. 36-9 (a). If the distance between 
the plates increases as in Fig. 36-9 (6), the angular separation of 
the leaves increases, i.e. the potential dilSerence across the condenser 
has increased. Since the charge on the condenser has remained 
constant it follows that its capacity has diminished. If the plates 
are brought closer together the leaves tend to collapse, showing 
that the potential difference is less and the capacitance greater. 

Suppose now that we have two condensers, the distance between 
the plates being constant but their areas different, the electroscopes 
to which they are connected being identical. Let equal charges 



Fia. 36*10. — Action of a Diolectrio (Insulator) on the Capacitance 
of a Condenser. 


[cf. p. 677] be given to each system. The electroscopes will indicate 
that the potential of the (c) system is the greater, i.e. the capacity 
of (d) is greater than that of (c). 

It now remains to examine how the capacitance of a condenser 
depends on the nature of the medium separating the plates. The 
insulating medium separating the plates of a condenser- is referred 
to as a dielectric — ^in the above the dielectric has been air. In 
Fig. 36*10 (a) the potential of a condenser is demonstrated by the 
divergence of the leaves of an electroscope. In 36-10 (6) a slab of 
insulating material, parafBn wax, ebonite, or glass, has Imn intro- 
duced between the plates. The leaves suffer a diminished diver- 
gence, showing that the potential of A has fallen. If A were 
connected to a source of constant potential then more electricity 
would flow to A, i.e. the introduction of the dielectric has increased 
the capacitance of the eyBbem. 
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The Electrostatic Capacitance of a Sphere in Air.— We have 
seen that tho potential at a point in air (strictly in a vacuum) 
outside a charged sphere is equal to tho charge on the sphere divided 
by the distance of the point from the centre of the sphere. The 
potential at a point on its surface due to the charge on the surface 

is therefore whore a is the radius. There is also a charge — q 

at infinity, but its contribution to the potential of the sphere is zero. 

The total potential is therefore The capacitance of the sphere 


is therefore — = a, i.e. the capacitance of a sphere expressed in c.g.s. 

electrostatic units of capacitance is numerically equal to its radius 
in centimetres. 


Experiment, — A, Fig. is a glass tube to which is attached a short 

me(-al tube B. C is a Woulf’s bottle containing a small quantity of 



Fio. 36*11. — To show that tho Capacitanco of a Sphere increases 
with its Kadius. 


phosphorus poiitoxido so that its interior shall bo dry — to diminish 
thu natural leak of tho apparatus. I) is a tube loading to a bicycle 
pump. B is joined to the disc of a gold-loaf eloctroscopo E. A small 
soap bubble is blown at the end of B, and B is charged with electricity. 
TJie leaves of the electroscope diverge. When the bubble — shown 
dotted — is enlarged by forcing air into the apparatus the divergence 
of tho knaves of the eloctroscopo diminishes showing that tho potential 
of the system has decreased — because its capacity has increased. If 
tho air in C is allowed to escape, tlio bubble contracts and the 
divergence of the leaves iiicreosos. 

The Capacitance of a Concentric Spherical Air Condenser. 
— Let A be a metal sphere and B a concentric spherical conducting 
shell connected to earth. I^et a be the radius of A, and b the 
radius of the interior surface of B, for it is upon this surface that 
there will be an induced charge. Let Q be the charge on tho inner 
sphere : suppose that is the charge induced on the inner surface 
of the outer conductor. The potential of B due to the charge on 

I.P. 


00 
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Q 

A is since, at external points, the charge on a spherical conductor 

acts as if it were concentrated at its centre ; its potential due to 

Q Q Q, 

its own charge is so that its total potential ^ ^ ^his 

is zero since the shell is earthed. Hence = — Q. Now the 

Q 

potential of A due to its own charge is But the potential at all 
points inside B, duo to the induced charge on its interior, is — 


Hence the actual potential of A is 


IS Q . 

a 6J 


Since the outer 


sphere is earthed this expression gives the potential difference 
between the two spheres. The capacitance is therefore 


The Capacitance of a Parallel Plate Air Condenser.— When 
the radii of the above spheres arc nearly equal, i.e. h -- a ^ I, where t 

is small compared with a or 6, the capacitance becomes ™ ^ 

t t 


= --- approximately, 
c 


The capacitance per unit area of the condenser 


is therefore 



a result independent of the radii 


of the spheres providing they are large compared with t. 

When the radii of the spheres become very large and we 
consider unit area of the condenser, we may regard this as a con- 
denser formed of two parallel plates each of unit area. Hence, 
if we have a pai'allel plate condenser formed by two very large 
plates each unit area of this condenser wUl have a capacitance equal 


to ^ where t is the distance between the plates. If A is the area of 
each plate the capacitance of the whole will be ^ . This result is 


only true if ( is small compared with the linear dimensions of the 
plates for it is only then that the Imes of force are normal to each 
plate — in the spherical condenser considered above the lines of force 
are radial and therefore normal to the surface of each sphere. If 
i is increased the lines of force bulge outwards near the edges, an 
effect which increases with t, and the simple theory developed 
above is not applicable. 


Condensers in Parallel and in Series. — ^To connect condensers 
in parallel their positive plates are joined together ; likewise their 
negative plates. If we represent a condenser in the conventional 
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way by two equal straight linos, then Fig. 36*12 (a) shows three 
condensers in parallel. If Cj, Cg, and Cg arc the capacitances of the 
condensers, and and q^ the charges on them when they are 

in parallel, while v is the common potential difference between 
the coatings of each condenser, then 


V _ ^ +-^2 + <73 

Cl C, Cg^Ci + Cg+CV 

But since qi + q^ (/a total charge on the compound 

condenser it follows that the capacitance of the latter is given by 

C = Cl h Ca 1- Cg. 






m 




Fia. 36- 12.- 


(a) (b) 

-Condoiifiors (a) iti Parallel and (6) in Series (or Cascade). 


By referring to Fig. 36-12 (6) we see how three condensers are 
arranged when they are in series. In this instance q is the 
numerical value of the charge on each plate. Let Vj, Vg, and Vg be 
the potential diflercnces bcjtween the plates of tlie condensers. Then 

V 4- V 4- V 

q =. C,v, = = C 3 V 3 = ’’ ^ - p + ;?• 

0 ,^-C3 + C, 

But Vi -f Y 2 H- Vg is the total potential difference, V, between the 
extreme plates of the compound condenser. Hence 

g = C(V,4-V3 + V3). 

where C is its capacitance, so that ~ f j- . 

Dielectric Constant.— When an insulator (or dielectric) is 
inserted between the plates of a condenser it has been shown that 
the capacitance is increased. If the dielectric eomj)letcly fills the 
space between the plates of the condenser, then it is found that 
tlie rjitio 


Capacitance of condenser with a dielectric , , , , 

— j , — = constant (k). 

Capacitance of same condenser m air 4 * 

This constant is known as the specific inductive capacity, 
the dielectric constant, or the permittivity of the insulator with 
reference to air, whoso dielectric constant is unity for all practical 
purposes. 
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The Leyden Jar. — ^The Leyden jar, so named after the city 
where it was invented, is a common form of condenser. In its 
usual form it consists of a glass jar lined inside and out to perhaps 
three-quarters of its height with tinfoil. A brass knob, Fig. 
36*13 (a), is attached to one end of a brass rod passing through 
a wooden lid fitting the mouth of the jar. This wood is well covered 
with shellac varnish to improve its insulating properties. Electrical 
communication between the knob and the inner coating of the 
jar is made by a short length of brass chain hanging from the 
lower end of the rod. 

The outer coating of the jar is earthed. Hence, when the knob is 
connected to a source of positive electricity a positive charge 
is acquired by it and the inner coating of the jar. This charge 
acts inductively on the outer coating, and since this is con- 
nected to earth, a negative charge is retained by it. Such a 
jar may be regarded as a plate condenser with glass as the 
dielectric. 

Let A be the height of the tinfoil, r the radius of the base, and 
t the thickness of the glass. Then the condenser consists of two 
condensers in parallel [ef. p. 692] — 

(i) the cylindrical condenser of area 27irh, thickness t, 

(ii) a parallel plate condenser of area thickness t, the dielectric 

constant of the medium between the plates being k in each instance. 

The total capacitance of the jar is therefore 



if end effects are neglected. 

The advantage of a Leyden jar is not that its capacitance is large, 
it is not, but that it will withstand large potential differences with- 
out breaking down, i.e. its dielectric is not punctured easily. 
Moreover, its capacitance does not fluctuate. In order to render 
the dielectric less susceptible to the formation of a puncture when 
there is a high potential difference across it, the glass must bo of 
a good quality — air bubbles in the glass must be avoided since 
they diminish the mean dielectric strength of the glass (see later). 
Moreover, the outside of the jar should be coated with shellac 
varnish to reduce the leakage of electricity over the surface by 
retarding the deposition of moistme and permitting dust to be 
removed easily. Both dust and moisture increase the rate at 
whigh electricity leaks across a surface. 

Glass is not punctured easily by an electric spark passing through 
it when placed in a strong electric field, because it possesses great 
dielectric strength^ the latter being defined as the volts per cm. 
of thickness necessary to cause a breakdown ip the material by 
sparking through it. [1 volt e.s.u. of potential difference.] 
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Tabus of Dibleotbio Stbbnovhb 


Material. Dieleotrio strength in volt. 

Ebonite * 600,000 

OlasB 300,000 

Mica 600,000 

Paraffin oil 80,000 

Air (S.T.P.) 40,000 


Since the dielectric strength of a material is not a constant, but 
decreases with increasing thickness, the above table is not complete 
without the statement that the thickness of the substance when 
the above tests were made was 1 mm. 

[Strictly speaking, the above definition of dielectric strength is 
not exact, since it is found that the facility with which a break- 
down occurs depends on the curvature of the terminals between 
which the electric field is produced.] 

From the above we see that although the capacity of a Leyden 
jar may be increased by decreasing the thickness of the glass, in 
practice, this thickness is seldom less than 2 mm. owing to the fact 
that thin layers are more readily penetrated by an electric spark, 
and, of course, a thin- walled jar is more easily broken by accidental 
mechanical shocks. 


Other Types of Condenser. — ^For condensers of the order of 
magnitude 1 //F, i.e. 1 microfarad [cf. Chap. XL VI], mica is the best 
material to bo used as the dielectric. It may be split into very 
thin sheets since the material has a natural cleavage plane, and 
it has good mechanical properties. The sheets are assembled with 
pieces of tinfoil interposed between adjacent mica sheets. The 
alternate sets of tinfoil are soldered to copper leads connected to 
well -insulated terminals, and the whole covered with hot melted 
paraffin wax free from moisture. As soon as possible the condenser 
is sealed in an air-tight case : otherwise the paraffin absorbs water 
and the insulation resistance of the condenser is impaired. 

If there are (N + 1) metal sheets in a condenser of this type, 
then the number of slabs of dielectric in a state of electrical strain 
is N : thus the capacitance of the condenser will be N times that 


of a ‘ single component *, i.e. 

C = 


kAN 

4jct 


e.s.u., 


where the symbols have their usual significance. 

Example . — If N = 21, A = (18 x 10) cm.®, t =~ 0-2 mm. and/c — 6-28, 
then 


C 


6-28 X 180 X 20 ^ 

4 X 3 14 X 0 02 - ® 


e.s.u. 
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In the practical unit of capaoitanco [cf. Chap. XVLI], this is 


9 X 10* _ 

5 X 10' 


The variable condensers which are employed for wireless purposes 
consist of two sets of brass or aluminium plates. The fixed set 
are semicircular in shape ; the moving plates are shaped like a cam 
[i.e. half a heart] and operated by the kjob A. The fixed plates 



^>1 


(a) (b) 

A Leyden Jar. A Continuously Variable Condenser 

with Vernier Adjustment. 

Fio. 3G-13. 

are all connected to one terminal, C, of the condenser, and the 
set of moving plates to the other terminal, D, air being the 
dielectric [cf. Fig. 36*13 (6)]. V is a ‘vernier,* i.e. a small 
condenser in parallel with the condenser and operated by turning 
the knob B. 

Boxes of Standard Condensers. — ^Various devices are used in 
practice for connecting condensers, either in parallel or in cascade 
(series), when the condensers are mounted in box-form. In the 
first arrangement, Fig. 36*14 (a), A, B, C, D, E, and F are brass 
bars outside the box and connected to the condensers as shown. 
X and Y are two brass bars placed at right-angles to the others. 
Plugs inserted in tapering holes a — / and — /i enable X or Y 
to be put into connexion with any of the other bars. Such an 
arrangement enables the component condensers to be connected 
in parallel or in cascade. Tj and T, are terminals. 

Let us suppose that plugs, represented by the black dots, have 
been inserted as shown. Then the condensers between A and B, 
and E and F arc out of action, while the condenser between B and 
C, is in parallel with a condenser consisting of the condensers between 
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C and D, and between D and E, arranged in cascade. The combined 
condenser therefore has a capacitance 

01 + Tr^—rx = o*243/iP. 

(oTa + aTH) 

The key Ki enables the condensers to be charged from the 
battery, K, being open, and when Ki is open and K, closed the 
condensers are discharged through the ballistic galavanometer Q. 




If the six plugs belonging to this box are arranged so that A is 
connected to X, B to Y, C to X, etc., they are said to be staggered 
and the combined capacity is 1*9 jxF. 

Precautions should be taken never to arrange two plugs so that 
any bar, such as D for example, is connected both to X and Y at 
the same instant when Ki is closed. 

Another method of mounting condensers in box-form is indicated 
in Fig. 36*14 (6). In this method the individual condensers may 
only be arranged in parallel. The internal connexions are shown 
in the diagram. When a plug is inserted in the hole y, the con- 
denser B is short circuited since both sets of plates are connected 
to X : when plugs are placed in the holes ai, fi, y, di, and eu the 
condensers P, S, and T are in parallel, the total capacitance being 
P + S + T = 16 if the individual condensers have the capaci- 
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tances indicated. When this box is in use, all the plugs should be 
inserted in one or other of the holes so that even the condensers 
which are not in the circuit shall be definitely short circuited. 
This prevents any indefinite inductive action between the charges 
on the condensers in use and the other condensers. T^ and Tg 
are the terminals, and the condenser is charged and discharged 
as in the previous arrangement. 

A Guard-Ring Condenser. — ^A precision type of guard-ring 
condenser of the parallel plate type is shown in Fig. 36*15. AB 
is one plate of the condenser, DE the other, and this is surrounded 
by the guard-ring GG. The ring forms part of a cylindrical box 
and the plate DE is insulated from the rest of the box by the 
quartz insulators QQ. The annular space between DE and G is 
very small. AB is earthed, while DE and G are connected to 



7 ^ ’ Earth 


Fio. 36*15. — A Guard-ring Condenser. 

the same source of potential, the connexions to each then being 
broken. If 2r is the diameter of DE and 2ri that of the aperture 
in G, i the distance between tho plates, the capacity, C, of DE 
and the portion of the plate AB directly in front of it is given by 
the relation 

0 =s (mean area of plate DE and the aperture in G) 

1 + _ r* + fi* 

The advantages of this type of guard-ring condenser are— (i) that 
the whole of the charge on DE resides on its outer face, and its 
inner face is screened from outside charges, (ii) the portion of the 
field between DE and the other plate of the condenser is uniform. 
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The Potential Energy of a Charged Condenser. — Let us 
suppose that a condenser has a charge Q and that V is the potential 
difference between its plates. The potential energy of such a charged 
condenser is equal to the work 
done in bringing up the charge 
Q from infinity so that the final 
potential is V, This must not be 
confused with the potential at a 
point, which is numorically equal 
to the work done in bringing up 
unit-positive charge to the point 
in question. Suppose that the 
condenser is charged by briiiging 
up small charges in succession. 

Then since the potential of a 
conductor is proportional to the 
charge on ifc provided it is at a 
great distanoo from all other bodies, the co-ordinates of any point 
on the straight line OV, Fig. 36*16, represent the charge and cor- 
responding potential of this conductor at a particular instant. Let 
L be such a point. In bringing up a small charge so that the 
charge is increased from OA to OB, the work done is LA . AB 
which, when AB is small, is equal to the area of the trapezium 
LMBA. Similarly the area of the trapezium MNCB gives the 
work done in bringing up the next small charge. The total work 
done in bringing up the charge Q is therefore given by the area 
of the zlOQV. Hence the potential energy, W, of the charged 
conductor is JQV. Since Q CV this equation may be written 

W = or W = ^CV*. [Cf. Chap. XLVT, for note on units.] 

Alternative Proof . — Lot ua suppose that at some instant there is a 
charge q on the conductor and that its potential is v. If a charge 
($fy is then added, the work done against the field is v.Sq, for tho 
potential may bo regarded as constant. Htmeo, W, tho total work 
done against tho field in bringing up tho charge Q, is given by 

" D'*’ ~ * 6 - 

Q 

If V -- ^ is the final valuo of tho potential of tho charged conductor, 
we have 

w - - iQV = JCV». 

This work measures the potential energy of the charge on the con- 
ductor and appears as some other form of energy when the condenser 
is earthed. 
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The Loss of Energy on Connecting Two Charged Con- 
densers In Parallel. — two condensers of capacity Ci and Cj 
respectively and having charges Qi and Q, are connect^ in parallel 
there is no loss of charge and the potential difference between the 
plates of each condenser has the same final value. The following 
analysis shows, however, that there is a loss of potential energy. 
This appears as the energy of the spark in the form of light and 
sound energy, which is finally converted into heat energy. Before 
connecting the condensers in parallel the total energy is 


After connecting them it is 






A . 

(Qi + Q*)* 

+ C 2 


Hence the loss in energy is 


1 W . V __ (Qi + Q 2 )n ^ “ Q2C1)-* 

c; C, Cl + C2 J “ ^ C A(Ci + c,) * 

There will therefore be no loss in potential energy if — Q 2 C 1 = 0 


Q Q 

or i.e. if the two condensers are at the same potential 

before they are connected in parallel. 


Example. — A Leyden jar has a diameter 10*4 cm., while the glass 
is 0*26 cm. thick. If the height of the cylindrical coating is 20*6 cm. 
and the dielectric constant of glass is 0 calculate its capacity. 

This jar may be regarded as a plate condenser the area A of which 
ia equal to the sum of the areas of the base and sides. Hence 

A = [jr X (6*2)*] -f [2 X ?* X 6*2 X 20*6] cm.* — n X 240*2 cm.*. 
Hence 

fcA 6 X 240*2 

C « = 1,440 e.s.u. = l*6xl0“* microfarad [of. Chap. 

4nt 4 X 0*26 ^ 

XLVI]. 

Example. — Two condensers of capacitance 30 and 23 o.s.u. respec- 
tively have charges + 8 and ~ 6 o.s.u. Determine the loss in 
potential energy when they are connected in parallel. 

Total energy before connecting = J -f I . = 1*86 ergs. After 

connecting the total charge is + 2, while the total capacity is 63 cm. 
The energy is then ^ = 0*04 erg. The loss in potential energy 

is therefore 1*81 erg. 

The Seat of Electrical Energy. — Pbanklin discovered by 
means of the following experiment that when, for example, a 
Leyden jar is charged the electrical energy is stored in the glass. 
The type of jar he used had detachable coatings as illustrated in 
Fig. 36*17. The jar is assembled and then charged. If the inner 
coating is removed with the aid of insulated tongs and the glass 
carefully lifted out no charge will be found on either of the coatings. 
Yet when the parts are reassembled a vigorous spark is obtained 
when the iimer and outer coatings are joined together. This indi- 
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oates that the energy is stored in the diclectrio [glass] between the 
metal coatings. The glass is said to be strained (electrically). If 
the glass wall of a Leyden jar is thin and the charge high the strain 
in the glass may become so great that the glass fractures. 

\j\Jt] 

Outer Glass Inner 

Coating (dielectric) Coating 

Fiq. 35' 17. — Leyden Jar with Detachable Coatings. 

The following experiment shows that the electricity does not 
reside on the surface of the glass : while the jar is dismantled 
X-rays arc allowed to fall on the glass — X-rays are able to remove 
surface charges. Yet when the jar is re-assembled a spark is 
obtained when the inner and outer coatings are joined together. 

The Residual Charge. — The fact that the dielectric of a con- 
denser is strained accounts for the following phenomenon. If a 
Leyden jar is allowed to rest after being discharged and its coatings 
then brought into conducting communication by means of dis- 
charging tongs, a spark will often pass. This is because the glass 
does not recover itself at once after being strained. 

The Action of Points. — In an earlier chapter, cf. p. 675, it 
was shown that the surface density of eloctricit»y on a conductor 
is greatest where the radius of curvature of the surface is least. 
When the radius becomes very small there is a ‘ point ’ on the 
conducting surface and it is here that the surface density of tlie 
electricity is greatest and may reach a higli value. Experimentally 
it is found that an insulated conductor with a point on its surface 
rapidly loses its charge, a fact first noted by Franklin. The 
reason for the above loss is that those air particles which come into 
contact with the point acquire a similar charge — it is taken from 
the point — and are then repelled. Of course this electrification 
by ‘ direct bombardment ’ takes place at all portions of the surface, 
but more air particles are likely to acquire a charge at tliose portions 
of the surface where the density of the charge is greatest. If the 
conductor is connected to a Wimshurst machine [cf. p. 736] the air 
molecules are repelled so violently that a wind is produced. This - 
wind may bo sufficient to extinguish a lighted candle. 

Franklin also demonstrated the action of points by connecting 
a small ‘ wind-mill ’ to an electrostatic machine. This mill con- 
sisted of several wires attached radially to a metal axle, the whole 
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being placed on a pivot. The ends of the wires were all bent to 
point in a clockwise-direction, say ; it was found that the mill 
rotated in an anticlockwise direction when it was charged con- 
tinuously. This apparatus is a simple reaction turbine whose 
motion is produced by the repulsion of charged molecules of the 
constituents of air away from the several points. 

Points also enable electric charges to be removed from charged 
conductors without any actual contact between the point and 
conductor taking place. Suppose A, Pig. 36-18 (a) is a charged 
conductor. When an uncharged conductor B, with a point on it, 
is placed as indicated near to A induced charges appear on B and 
are distributed as shown in Fig. 36-18 (6). The negative charges 
at the point are acquired by the air molecules as they come into 
contact with this part of the conductor and then, being negatively 



A A A 

(a) (h) (c) 


Fig. 30- 18. 

charged bodies, are attracted to A so that part of the charge on A 
is neutralized. This continues until A and B are at the same 
potential when it is found that A has lost its charge almost com- 
pletely and there is a large excess positive charge on A — cf. 
Fig. 36-18 (c). 

In addition it must be remembered that in the vicinity of a 
point the strength of the electric field is high so that the gas becomes 
ionized, i.e. there are created in the gas positively and negatively 
charged systems known as gaseous ions. These consist of atoms 
which have gained or lost an electron. The positively charged 
ions are attracted to the point and neutralize some of the negative 
charge on it : the negative ions move towards A so that it, too, 
loses some of its charge. Thus at least two processes may be at 
work whereby the charge is transferred from the body A to another 
conductor with a prominent point or ‘ spike * on it. 

The action of a lightning conductor is due to the discharging 
action of the points at its top. When a cloud, generally with a 
positive charge on its lower surface, appears over any particular 
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region of the earth’s surface a negative charge will be induced on the 
earth. A large potential difference will be established between 
earth and cloud. When this p.d. is sufficiently large the insulation 
of the air breaks down and a discharge — the so-called lightning 
flash- -occurs. If, however, there is present in the region below 
the charged cloud a building provided with a lightning conductor, 
the density of the negative electricity will be greatest at the tip of 
the conductor. This negative charge is removed by the air mole- 
cules which, when charged, move towards the cloud and neutralize 
a portion of the charge on it. In this way the cloud is discharged 
continuously and the potential difference between cloud and earth 
is kept low so that no visible discharge occurs. 


EXAMPLES XXXVI 

1. — A spherical conductor has a charge of 843 o.s.u. when its 
potential is 250. What is the radius of the sphere ? Assuming the 
charge to be distributed uniformly over the surface, calculate the 
charge per unit area. 

2. — ^Two spheres of radii 3 and 6 cm. respectively are each given a 
charge of 30 positive units. If the spheres are then connected by a 
wire, calculate their common potential in e.s.u. and in volts. 

3. — condenser of oapacitonco 84 units has a potential of 2000 o.s.u. 
When its charge is shared with a spherical conductor the potential is 
1600 o.s.u. \^^at is the radius of the sphere 7 

4. — A soap bubble has a charge of 64 e.s.u., its radius being 8*5 cm. 
What is the change in potential when the radius is increased by 1 cm. 7 

6. — Define electric potential and explain how it is measured. How 
would you show experimentally that it is possible for parts of the same 
conductor to be oppositely electrified and yet at the same potential 7 

6. — What is implied by the statement * the dielectric constant 
(specific inductive capacity) of glass is 6 and that of ebonite is 2 ’ 7 
Describe how you would compare the dielectric constants of glass and 
ebonite if these substances wore available in the form of shoots each 
2 cm. thick. 

7. — Explain why a * Leyden jar * is described as a condenser. Two 
insulated metal plates 20 cm. in diameter, having opposite charges of 
6 electrostatic units each, face each other across a layer of air 2 mm. 
thick. Calculate tlie potential difference between them and the 
electrical energy of the system. 

8. — Describe how you would investigate whether the electrical 
capacitance of an insulated conductor depends upon other bodies in 
its neighbourhood. 

9. — Calculate the capacitance of a parallel plate condenser, the medium 
between the plates being uniform and having a dielectric constant k. 
If such a condenser has a charge 50 e.s.u. calculate the energy dis-. 
sipated when its plates are connected together, if each plate has an 
area 20 cm.* and that the interval between them is 1 mm. Assume 
K to be 2*6. 

10. — What is meant by electrostatic potential 7 Define the unit in 
which it is measured. Show that the capacitance of a parallel plate 
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condenser is given approximately by the expression where A is 

the area of each plate, d their distance apart, and k the specific inductive 
capacity of the medium between the plates. Why is the expression 
approximate only T 

11. — Define the electrostatic units of quantity, potential difference, 
and capacitance. Obtain expressions for the capacitance of (a) an 
isolated sphere, (6) a parallel plate condenser. 

12. — ^An insulated metal sphere is placed between, and near to, two 
similar spheres, one of which is positively charged and the other earthed. 
Draw a diagram illustrating the distribution of the lines of force, and 
discuss the potential of the different parts of the system. 

13. — Define eltctric potential and explain what is meant by an equi- 
potential surface, A charged sphere is placed near to an insulated 
uncharged sphere of the same size. Draw a diagram illustrating the 
positions of equipotential surfaces. 

14. — What is meant by the electrical capacitance of a system ? How 
would you investigate the effect on the capacitance of a parallel plate air 
condenser of (a) increasing the distance apart of the plates, (6) filling 
the space between the plates with paraffin wax instead of air T What 
results would you expect to obtcun f 

15. — Describe a Leyden jar and derive an approximate expression 
for its capaciUmcc. If you were provided with two such jars, a source 
of constant potential, and a gold leaf electroscope, how would you 
determine which jar had the greater capacitance T 

16. — A condenser of capacitance 10 microfarads is charged so that the 
potential difference between its terminals is 50 volts. The terminals 
of an uncharged condenser of capacity 2*5 microfarads are then con> 
nectod to those of the charged condenser. Calculate : (a) the energy 
in the larger condenser before it is connected to the smaller ; (&) the 
potential difference between the terminals of the combination ; (c) the 
sum of the energies in the two condensers after they are connected to 
one another. (N.II.S.C. 29.) 

17. — Find expressions for the electrical capacity of a sphere of radius 
f, and of a condenser the plates of which are concentric spheres of radii 
f and {r — t). Hence find the capacitance per unit area of a plate con- 
denser of thickness t, the dielectric being air in each case. (L. *24.) 

18. — ^A Spherical air condenser consists of an insulated metal sphere 
of radius 3 cm., surrounded by a concentric hollow metal sphere of 
internal radius 4 cm. and external radius 5 cm. If a charge of 100 
e.s.u. is given to the imier s]>here calculate the potentials of each 
sphere when the outer one is (a) insulated, (5) connected to earth. 
(L. ’30.> 
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The Experimental Basis for the Theory. — Let us suppose that 
wo have two condensers geometrically alike, but that one is QlJed with 
an insulating material such as sulphtur. If both are charged by being 
connected to the same high potential battery, as suggested in Fig. 37 T, 
and then discharged in turn 
through a ballistic galvanomeU^r, 
the throws of the galvanometer 
are not equal, but their ratio is 
constant however the potential 
difference common to each con- 
dorisor is varied. The ratio of 
these throws is numerically equal 
to the dielectric constant or 
dielectric coefficient or permit 
tivity of the insulator. It is also 
equal to the ratio of the capacity 
of the condenser with the dielec- 
tric to that of the condenser with 
air (strictly a vacuum). [We 
assume that the condensers are 
long and narrow in order to 
render the end effects negligible.] 

If d is the distance apart of the plates in each instance, Vj and V| 
the potentials of the plates of the condensor,s, then 

V, ~ V, 


4 il-o 


m 

Dieketnic 

37*1 . — Geometrical ly Tdont ical 


Fia. 
Condensers 
Dioloctrio. 


with and without a 


is the same for each. 



-qr 

Fia. 37*2. — Potential at a 
Point* in Air due to an 
Electric Dipole. 


For the air condenser this expression measures 
.-p the electric intensity in the electric field 
■ between the plates. What does it mea^iuro 
when the space between the plates is filled 
with an insulator ? Before this can be 
answered the following digression is 
necessary. 

Electric Doublets or Electric Di- 
poles. — If two electric charges, equal in 
magnitude but opposite in sign, coincide 
at any point, the electric intensity due to 
those charges in the space round them 
must vanish. If, however, the charges 
suffer a small relative displacement any 
other charge introduced in the region round 
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thezn experiences a mechanical force, i.e. there is an electric held of 
sensible magnitude in the neighbourhood of the two charges. Such a 
combination of electric charges is termed an electric doublet or dipole. 

We shall see later that the molecules of substances such as ammonia, 
NH„ water, HjO. and chloroform, CHClj. are permanent dipoles ; 
other molecules such as those of methane, CH 4 , argon. A, oxygen, O^, 
etc. are not permanent dipoles : they are said to bo non-polar. 

The Electric Field in Free Space due to a Dipole. — Let OQ, 
Fig. 37*2, be an electric dipole. Let OQ = 21. Consider the poten- 
tial, Vp, at a point P in free space distance fj from Q and r, from O. 
Then, 

A 1» small.] 

cos 0 J ’ ^ 

[if I is small compared with r.] 

// cos 0 

if /i = 9 .OQ, the so-called electric moment of the dipole. 

The electric intensity in the direction of r increasing is 

9Vp 2/icos0 
~ dr 

The field at right angles to this and in the direction of 0 increasing is 

1 9Vp /i sin 0 
r do “ r* * 

Electric Polarization. — According to modern oloctrical theory an 
atom in its normal state is a configuration of electrons (negative charges) 


1 1 

T — I cos 0 f -h I 
q.2lcoi>0 g.OQ cos 0 




Fio. 37*3.---Eloctric Moments of Atoms. 


surrounding a relatively massive nucleus carrying a positive charge 
numerically equal to the total charge of the electrons. Hence, as a 
whole, the atom is uncharged. For the present we shall adox)t the 
‘ static * atom, i.e. we shall consider the electrons to bo stationary 
relative to the nucleus. Since the total charge of a normal atom is 
zero, we may pair off each electron with an equal positive charge on 
the nucleus and regard each normal atom os an assem 1 ;>lage of electric 
doublets. On the whole the total electric moment is zero. It is known 
that a carbon atom has six extra-nuclear electrons and a corresponding 
positive charge on the nucleus. If we imagine the electrons to bo 
coplanar, then the electric doublets formed in the manner described 
above are as indicated in Fig. 37*3 (a). When the above configuration 
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of charges is subjected to an electric field, the negative charges are 
displaced, relative to the nucleus, as in Fig. 37*3 (6). Now an electric 
moment is a vector represented by the straight line joining the charges. 
Hence, like any other vector quantity, it may be rdfeolved into com- 
ponents. The resolved components in the present instance in the 
direction of the field and perpendicular to it are indicated by the 
dotted lines. These show that as a whole the atom has acquired an 
electric moment in the direction of the field. When the above occurs 
with each of the constituent atoms of a dielectric, the medium of the 
dielectric is said to be polarized. 

If wo take a microscopic view of a dielectric and imagine a being 
sufficiently small to wander in and out among the atoms and to be 
provided with s\iitablo measuring instruments, then such a being would 
bo able to detect variations in the electric field in the space between 
the different electric oharffes. Actual instruments are only able to 
detect the combined effect of an exceedingly large number of atoms 
and their charges, and cannot reveal the changes which do occur 
locally in the medium. Such instruments only indicate mean values. 
In an unpolarizcd medium, if we assume a chaotic arrangement of 
atoms, the resultant electric moment per unit volume must be zero. 
WFuai a dielectric is subjected to an electric field there is a tendency for 
each atom to ac(piiro a resultant electric moment in the direction of the 
field, i.e. them will bo a finite electric moment per unit volume. This is 
tcTinod the polarization of the mfxliurn and is denoted by the letter P. 

So far, reference has only been made to atoms or molecules which 
become polarized when acted upon by an external electric field. There 
are suhstoncea, however, whoso molecules are permanently polarized 
— the case is analogous to tliat of paramagnetism — and the effect of 
an electric field is to cause the molecules of such substances to align 
themselves with their axes parallel to the direction of the field, in 
addition to a change in the electric moment of each atom due to tho 
<li3y)la cement of its electrons relative to its 
nucleus. Later on, wo shall see how ox- 
peri I non t is able to discover the typo of 
nioU'cxilr* proper t. 

Now let ua consider a small element of 
a polarized modiiiixi ; lot dl be the length 
and dfi tho cross-sectional area of this 
element, see Fig, 37*4. Although this 
element is small it must still be sufficiently 'polarization 

large to contain a large number of atoms 

tliat tho resultant electric moment of all the atoms in this element 
is parallel to tho length of the element which is supposed to bo in 
tho direction of tho applied electric field. The electric momoiit. of 
this clement is by defijiition P,(5j?.dL Now this moment may bo con- 
sidered to arise from charges numerically equal to Sq on the ends of 
the oloment. Its momonb is then dqM, Equating these two ex- 
pressions for the electric moment of the element, we have 



or 


P 





dg 

da” 


Hence P, the polarization of the medium, is equal to the surface 
density of the electrification arising on the ends of an element 
such as that we have considered. 
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Electric Displacement or Electric Induction. — Let us consider 
unit cross-seotional area of a parallel plate condenser, (i) when the 
medium is air, (ii) when the medium has a dielectric constant k. If 
V is the difference in potential between the plates, and C| the surface 
density of the electrification, then 

4nai c= E « V/d . . . • (i) 

in the first ceuse. 

Now insert the medium of dielectric constant k between the con- 
denser plat^, the p.d. across the condenser being maintained equal 
to V. Then in theory and in practice (even with gases) an extremely 
narrow gap is left between the surface of the plates of the condenser 
and the boundaries of the medium. Owing to the polarization of the 
medium we get charges of surface density :i: P at its boundaries, the 
charge due to polarization at the boundary near the positive plate 
of the condenser being negative, and vice versa (Fig. 37*6). The charge 
P induces an opposite charge -f P on the positive plate of the 


Unit area Unit area 



Fjo. 37-6. — Kleotrio Digplacement. 

condenser, so that the surface density of the electricity on the positive 
plate is now given by 

« <^1 + P 

But experimentally c, ko^. Hence 

KOi « cTj + P . . . . (ii) 

From (i) we have 

V V 

** 4jid ^ 

or K « 1 4- 

[ Pclaiization *1 
Applied fieldJ 

1 + 47ric ...... (iii) 

where k = P/E, the electric susceptibility of the medium. 

We also have, by multi[)lying (iii) throughout by E, 

icE » E 4~ 47 eP. 

The quantity E + 4nF is termed dielectric displacement or electric 
induction in the medium, and is denoted by D. Hence 

D -> kE » £ + 4jiP • . . , (iv) 
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To see how D may be measured numerically, consider a needle-shaped 
cavity AB, Fig. 37-6 {a), in an insulator, the axis being drawn in the 
direction of the applied field. We assume the medium to be uniformly 
polarized, i.e. P is constant. If a is the cross-sectional area of this 
cavity, the charges developed at its ends are numerically equal to 
Pa. The electric intensity at O, a point near the centre of this cavity 
is due to the applied field of intensity E and the field due to the charges 
on the ends of the cavity. Since, numerically, a is small compared 
with the length of the cavity, the contribution to the electric intensity 
at O arising fi*om the charges at the ends of the cavity must l>e zero. 
Hence the resultant electric intensity in such a cavity is E, the same as 

it would be if the insulator were replaced by a vacuum, i.e. E «= ^ — K 

When a cavity having the shape of a pill box is considered — cf. 
Fig. 37-6 (6) — the contribution to the electric intensity at a point 
near the centre of the cavity due 
to the charges on the ends of the 
cavity is no longer negligible. 

The point O may bo regarded as 
one inside a parallel plate con- 
denser the surface density of the 
electrification on the plates being 
numerically equal to P. The 
electric intensity due to such a 
distribution is 4:iP, so that the 
total electric intensity at O is 
E -}- 4 .tP — D. Ilonoo D is 
niiinorically equal to the elt'ctric 
intensity in a cavity of the spocial 
type as defined above. 

The Law of Force for Di- 
electrics. — It has beon shown 
that for condensers having tho 
rame size, but tho space between 
tho plates of one being filled with 
an insulator, the electric intensity 
is the same in each instance if 
the potential difference across the 
plates of each condenser is tho 
same. But the charges on the plates of tho condenser with a dielectric 
are #c times those on the corresponding plates of tho other cohdenser. 
It therefore follows that the electric intensity in a dielectric would 
be 1 /ic-th that in a vacuum for equal charges. Hence, in general, 

E - 

Kf* 

where q is a point charge in a medium whose dielectric coefficient is 
K. The law of force between two point charges at distance r apart 
in a medium whose dielectric constant is k is therefore 

#cr* * 

Dielectric Constants of Gases : Variation with Temperature. — 
Let us suppose that each molecule of a gaseous dielectric has, on the 
average, an electric moment and that 

m a£, 



Fio. 37-6. — Elect ric Intensity and 
Electric Displacement. 
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where E is the applied field and a a quantity whose nature is to be 
discovered. If there are n molecules per unit volume, then 
nm « P = naE. 

But D = E + 4 jiP 

D P 

#c = = 1 + 1 + innot. 

Hence, when k is known, a may be determined. Quite naturally, 
therefore, we ask ourselves what does this quantity represent 7 Fara- 
day imagined that a was a measure of the electric response of a molecule 
to an electric field — he imagined that the field caused a displacement 
of the two differently charged portions of a molecule so that a dipole 
was formed. The dipole ceased to exist when the field was removed. 

Debyb (1927) conceived the idea that a molecule may possess a 
definite electric moment even before the electric field is applied, i.e. 
the distribution of charge in such a molecule is asymmetrical. Debye 
termed them polar molecules, and the action of an electric field on 
them is twofold : 

(i) it tends to align the molecules so that their electric axes are in 
the direction of the field ; 

(ii ) it will cause a displacement of the electrons in each atom relative 
to the nucleus in that atom. 

Debye therefore wrote 

a « aj + a„ 

where aj is the contribution caused by the application of an external 
field, and is the contribution due to the permanent electric moments 



Fia. .37‘7. 

(a) Dielectric Constants of Gases and their Variation with Temperature. 
(6) An NHj-Moleculo (polar). 

of the molecules when a random orientation of their axes no longer 
exists. He argued that a, will depend on the temperature of the 
dielectric ; as the teraporatiu'e rises the molecules will be less liable 
to become orientated with their axes along the field. He showed that 
the dielectric constant of a gas whose molecules ore permanent dipoles 
could be expressed by the formula 

h 

« - a + 

where T is the absolute temperature and a and b are constants. For 
non-polar compounds k is constant. If therefore k is plotted against 
1 /T, a straight line having a definite slope is obtained for gases whose 
molecules have a permanent electric moment ; for non-polar compounds 
the straight line is parallel to the 1/T axis — o.f. Fig. 37*7 (a). 
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Ammonia, NH,, and methane, OH 4 , are examples of polar and non- 
polar molecules respectively. In the case of ammonia Debye has 
shown that the hyc^ogen atoms (really ions) are arranged at the base 
of a regular tetraliedron, the nitrogen ion occupying the apex — cf. 
Fig. 37*7 (b). The angle HNH is 110®. 

It has just been shown that the electric intensity due to a point 
charge 9 at a point in a medium of dielectric constant k and at distance 
r from the charge is given by 



The electric induction or electric displacement at the same point is 
kE or g/r*. 

Gauss's Theorem. — Let us imagine that a closed surface is drawn 
in an electrostatic hold. At each point on this surface the electric 
displacement has a value appropriate to that position. Since D is a 
vector it may bo resolved into components along given directions. 
Let Dn denote the component of the displacement along the outward 
drawn normal at any point on the surface. Suppose that dS is a small 



area across which the component Dn of the electric displacement may 
be considered constant. Then Dn.^S is called the flux of electric in^ 
duction or the normal induction cross the element ($S. 

Gauss’s theorem for electrostatics states that the total flux of electric 
induction across any closed surface is 47i times the sum of the charges 
enclosed by that surface^ Thus 

j*Dn.dS = 4nq 

where q is the charge enclosed. 

Proof. — Let q be the point charge at A inside a closed surface. 
Consider the flux of electric induction across a small element BC of 
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the closed 8urfaoe~-cf. Tig. 37*8 (a). It is equal to Dn.<$S. Lot a 
be the angle between the vector D and the outward drawn normal, 
and dS the area of the element. Then 

Dn.^S = D.^S cos « ^ (area BM), 

where MB is a section through B of the slender cone formed by joining 
all points on the periphery of dS to g, the section being at right angitis 
to the axis of the cone — cf. Fig. 37-8 (6). But the area BM/r* is the 
measure of the solid angle at A — call it dco, Ilion the flux of induction 
across BC is q . <$a>. Hence the flux of electric induction across the 
closed surface is 

Jqr . do) ” 9 J ^ 

When the point charge lies outside the closed surface, every slender 
cone cutting the siirface must do so at two places — cf. Fig. 37-8 (c). 
Let <3S] and dS, be the areas of the closed surface intercepted by this 
elementary cone. Then the contribution from these two areas to the 
flux of electric induction is 

Dnt . 4- D^j . AS j cos oLg . cos . rSSj 

« 5 A Qj — j^cos(;i — a|)<^S, 

« q . <5w — q . d(o 
* « O 

If the closed surface has a shape similar to that in Fig, 37*8 (d) 
and the point charge is within this surface, then a slender cone having 
its apex at the charge must intersect the surface an odd number of 
times. Let us assiune that this number is throe. Then tbo contribu- 
tion to the flux of electric induction from the throe elements of surface is 

Dn,.<5S, + Dn..aS|+Dn..(5S, 

q q q 

« — ^ cos aj . 6Sj H j cos a, . <5S, 4 cos a, . <58, 

«= q . 6(0 — q . <5g> 4- q . 6to 
= q , 6(0* 

Hence for the whole siuface, the normal induction is given by 

. d(o = 4i7iq, 

Although the theorem has becu ostablished for a point charge, it 
applies to any distribution of charge, for this may bo considered as 
a collection of point charges. Hence if Q = 27 (g), is the total cliarge 
enclosed in a surface. Gauss’s theorem states that 

|D„rfS = 4wQ. 

Lines and Tubes of Electric Force and of Electric Induction. — 
We have seen that it is possible to draw continuous lines in an electric 
field in free space such that the tangent at any point to one of them 
indicates the direction of the eleotrio intensity at that point. It 
is also possible to draw lines of force, for such is the name given to the 
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above lines, in a dieleotrio placed in an electrostatic field. The tangent 
to such a line in a dielectric then indicates the direction of the electric 
intensity in a small needle-shaped cavity having its centre at the point 
in question. It is also possible to draw other continuous curves in a 
dielectric — if those are such that the tangent at any point indicates 
the direction of the electric induction at that point, i.e. the force per 
unit charge on a small positive charge placed in a cavity having the 
shape of a pill box. Such linos are termed lines of induction. 

If any area is considered in an electric field and lines of force or 
lines of induction are drawn through every point on the contour of 
the above area, a tube of force or a tube of induction is obtained. 
In our study of dielectrics we shall find tubes of induction very helpful. 

Tubes of Induction. — ^Let A, Fig. 37*9, be a point in an electric 
field, the electric induc- 
tion or electric displace- 
ment at A, being D|. 

Consider a small area 
<SSj drawn round A so 
that it is normal to the 
direction of Dj. Con- 
struct the tube of in- 
duction having a cross- 
section <5S j at A . ^ Let 
f5Sg be the cross-section 
of the above tube at 
B, a point in the field 
where the electric dis- 
placement is Dj. Let us apply Gauss’s theorem to this portion of the 
tubo. The contribution to the flux of induction by the ends of the tubes 
is Dj . 6 S 2 *- D| . since D| and Dj are normal to the areas ^S^and 
6^2 respectively. The contribution from the curved sides of the tube 
is zero, since fjie normal component of the displacement is zero at 
all points on the ourved portions of the tube. If there is no charge 
enclosed in the portion of the tube considered, then 
D,.<5Sj -Bi.dSi - 0. 

Thus the electric displacement at any point is inversely proportional 
to the area of cross -aecl ion of the tubo at that point. 

The Electric Field inside a Hollow Charged Conductor. — 
Suppose that therc^ is no electric charge inside a closed metal siu-face 

A, Fig. 37-10. Inside this surface con- 
struct any closed surface. Then the 
charge inside this surface is zero. By 
Gauss’s theorem, the total flux of induc- 
tion across this surface, being 4;r times 
the charge enclosed, is zero, i.e. 




Du . dS *= O, 


Fio. 37*10. — Electric Field 
inside a Closed Hollow 
Conductor. 


where Dn is the normal component of 
the electric displacement at a point on 
the surface. Since the above integral is 
zero for every closed surface which may 
be drawn inside A, it follows that and therefore D, must bo zero 
at all points inside A. The electric intensity is also zero. 



MAGNETISM AND ELECTRICITY 


Coulomb's Theorem. — Let AB, Fig. 37-11 (a), be a small element 
of the surface of a charged conductor. Lot a be the density of the 

elcictricity on this area. 

C . p A M Since the surface of a 

\ [ conductor is an equi- 

A 1 potential surface, the 

1 ^ electric induction must 

I Jy-^Th be at right angles to 

Q/S^ i surface. Consider 

< ^ Qf induction 

I whose cross-section at 

{a) the surface is the ele- 

Fio. 37*11. — Coulomb's Theorem in Electrostatics, ment AB. LotMNbe 

the cross-section of the 

tube a short distance away from the surface. Imagine that the tube is 
produced backwards and truncated by a plane PQ parallel to MN 
[PQ must lie inside the material of the conductor.] A section parallel 
to the axis of this cylinder is shown in Fig. 37*11 (&). The total normal 
induction over the surface of the cylinder thus obtained is due solely 
to the contribution from the end MN, since inside the conductor the 
electric intensity and therefore the electric induction is zero, and the 
normal component of the induction over the curved portions of the 
cylinder in the dielectric is zero at ail points. The charge inside the 
C 7 /linder is a . 6S. If D is the displacement at any point on MN, it is 
also the displacement at any point on AB when MN is sufficiently close 
to AB. The area of MN is then also <58. Hence by Gauss's theorem 

D . (5S = 4:i . or(5S 

or D =a 4:na 

The electric intensity near to the surface of a charged conductor is 
therefore given by ^ 

E--- — 

#C IC ’ 

Electric Intensity and Electric Displacement due to a Uniformly 

Charged Sphere. 

(i) At points outside the sphere. 

Let A, Fig. 37*12, be a point ^ \ 

situated outside a sphere of radius / 

a and carrying a charge q. Since ! / ^ 

the charge on the sphere is uni- 1 I / ' 

formly distributed, the electric dis- * I \ 0 ' ] ' 

placement will be radial and equal ' \ / j j 

at all points equidistant from O ^ / / 

the centre of the sphere. Through \ ^ 

A draw a sphere of radius OA, 
the centre being O. The electric 

displacement at all points on this Yiq, 37*12.— Eloctrio Induction due 
sphere is D and is everywhere to a Charged Sphere, 

normal to the surface at the point 

considered. Hence the flux of induction across the sphere is 
D X (area of surface of sphere of radius r). 

*s 4;rr* . D. 

But by Gauss’s theorem this is Hence 

D 


Fig. 37*12. — Eloctrio Induction due 
to a Charged Sphere. 
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The oloctric intensity is therefore At points outsirlo the sphere 

the electrio displacement and intensity are respectively the same as 
if the charge were concentrated at the centre of the sphere. 

(ii ) At points inside the sphere. If B is such a point and a sphere, 
with centre O and radius OB, is oonstriiotod, the electric displacement 
must again be radial at all points on the sphere. The flux of induction 
across this sphere is zero, for by Gauss’s theorem it is 47i times the 
charge inside the sphere, and the charge inside the sphere is zero. 
Hence, inside the sphere, D, and therefore E, are zero. 

Uniformly Electrified Infinite Flat Plate.— Let a be the density 
of the electricity on each side of the plate. By symmetry, the electrio 
displacement must over 3 rwhere be normal to the plate and have a 
constant value at all points in a plane parallel to it. Under those 
conditions the aroa of cross-scction of any tube of induction remains 
constant. Consider the portion of such a tube shown in Fig, 37*13. 
Let D| and be the values of the elec trio displacement at the lower 
and upper ends of this cylinder. Let the areas of these ends be s. 
It is not necessary for these areas to be small since, by symmetry, 
Dj and Dj are constant at all points in the respective planes parallel 
to the given plate. The flux of in- 
duction across the surface of this 
cylinder is 

— DiS, 

the contribution from the curved 
surfaces being zero. The above is 
zero, by Gauss’s theorem. Hence 
D, = D,, 

or the oloctric displacement is con- 
stant. 

To rlotermine the value of the dis- 
placement consider the portion of a 
tube of induction indicated on the 
right of the diagram. This tube originates on a charge as. Let the 
above cylinder be produced backwards so that it may be truncated 
inside the conductor. There can be no tubes of induction inside the 
charged plate, but that does not prevent us from drawing a portion 
of a closed surface inside the conductor. The only contribution to 
the flux of induction arises from the end of the tube in the dielectric, 

and amounts to D . s. 
By Gauss’s theorem 
this is inas, so that 
D = ijia. In using 
this formula it must 
be remembered that 
or is the surface den- 
sity of the electricity 
on one side of the 
plane only. 

Uniformly Elec- 
trified Infinite 
Cylinder. — Let P, 
Fia. 37*14. — ^Electrio Intensity due to an Electrified pig. 37*14, be a 
Infinite Cylinder. point at a distance r 







ia 




n 


+ f H 


f + + + f* 


Fio. 37*13. — Eleotriclnduction due 
to a Charged Infinite Plate. 
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from the axis of an infinite cylinder, the charge of electricity per unit 
length being A. By symmetry D will be ra&al and have the same 
value at all points equidistant from the axis of the cylinder. Through P 
describe a cylinder coaxial with the charged one, and construct two 
planes at distance Z 'apart and normal to the axis of the cylinder to 
form a closed surface. The charge enclosed by this surface is AZ. The 
plane ends contribute nothing to .the flux of induction across the 
closed surface considered. The flux across the curved surface of the 
cylinder is D . 2Tarl, By Gauss’s theorem this is 4:rrAZ. Hence 


D 




and 


E - — , 


n 

Kf^ 


where k is the dielectric coefficient for the medium surrounding the 
charged cylinder. 

Inside the cylinder the electric displacement is zero. 

The Mechanical Stress at the Surface of a Char||ed Conductor. 
— Let A and B, Fig. 37*15, be two points close to the surface of a charged 
conductor, one outside and the other inside. 
Let K be the specific inductive capacity of 
the medium. The problem before us is to 
investigate the force on the charge residing 
on unit area of the surface of the conductor. 
Tliis is determined by E, the electric intensity 
at A, which may bo regarded as the resultant 
intensity duo to the electricity on the surface 
of the conductor in its immediate neighbour- 
hood and to the rest of the distribution. Let 
tlieso contributions be and Ej respectively. 
Then 

E - El + Ej. 

At B the electric intensity is zero. The 
contribution to this is — Ei- from tlio elec- 
tricity on the surface, and Ej from the remainder of the distribution. 
Hence, — Ei -f Ej = O, or Ej — Eg = E/2. 

Consider a small area 5S of the surface of tho conductor. Then 
the charge on it is <7.<5S'. Now tho force acting oa tho chargo c.^S 
is caused by tho electric intensity at the point considered due to tho 
rest of the electricity on the conductor, i.e. tho force is a.5S.E2. 
e= ^CJ.dS.E. 

The force per unit area is therefore ^orE. But D = so that 
tho expression for the above force per unit area, or surface stress, 
becomes 

DE ^ 2na‘. 

8n 871 ^ K 



Fio. 37*15. — Mechanical 
Stress at the surface of 
a Charged Conductor. 


The sign of this stress is independent of that of tho charge and it 
is always directed outwards. 

Experiment . — ^The existence of the above stress may be shown by 
producing a soap bubble at the end of an insulated metal tube. When 
the tube and therefore tho soap bubble is connected to a source of 
high potential the bubble expands until the reduction in pressure 
inside the bubble compensates for tho surface stress arising from the 
charge on the bubble. 
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Energy in an Electrostatic Field. — Consider an element dS of 
the surface of a charged conductor — 

Fig. 37*10. Lot a bo the surface density 
of the electricity. Then the force acting 
on the portion of the surface considered 
. DE 

IS -g- .<5S. Suppose that the surface is 

moved backwards a distance 6x. Tlioii 
the work done by the external agency 
DE 

causing the motion is But 

on 


cr- dS 


tfx 

IP. 


Fio. 37*10. — Energy in on 
Electros tat io Field. 


the field has been incroasiMl in volume 
by an ainoimt f5S.<5a;. The work done in creating sC field is stored 
as energy in the medium. The energy associated with unit volume 
of the field is therefore 

DE 

Sti 

Stresses in an Electrostatic Field. — The mechanical force acting 

DE 2n(j^ 

on unit area of an electrified conductor is tt * or . This stress 

Sn K 

may be regarded as the effect of a tension along the tubes of induction 
in the field. Wo assume that the tension per unit cross-sectional area 
of a tube at any poirtt in the field is given by the above expression, 



Fig. 37-17.— Stresses in an Electrostatic Field. 


subject to the condition that D and E ore the values appropriate to 
that point. Let us see whether or not it is possible for a tube of 
induction to be in equilibrium under the action of those forces alone. 

As a special case consider a tube of induction in the region between 
two concentric spheres — Fig. 37*17 (o). Suppose that the cross-section 
of tho tube at right angles to its axis at any point is a square, and 
that opposite sides of the tube are inclined^ to each other at an angle 
Let q be the charge on the inner sphere. Consider that portion of 
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the above tube bounded by the surfaces of spheres of radii r and 
(r 4- 6r). This element of the tube is shown enlarged in Fig. 37'17 (b). 
Let /j and /j be the forces acting on the opposite curved ends of this 
element due to the tension along the tube. The tension across the 
DE 

face of radius r is per unit area. Hence 

. (r»C - . E- . (r . «)• - . r* . «• - S’ 

since D *= #cE g/r*. Similarly 


Hence 


. (r56)* = .E*.(f .60)* = 

cE ■= g/r*. Similarly 

q*dO* 

“ SnK(r 4- dry 

> “ Stik Lr* 

_ g*dO^ 2 . « 
“ Stik * f 


(r 4- Sryj 
r 

[neglecting 


Thus there is a resultant force directed inwards and the tube cannot 
therefore be in equilibrium under the action of the above tensions. 
Suppose, however^ that P is a pressure (i.e. a force per unit area) 
acting on each of the four flat sides of the element. Then the force 
on each side is Pr<50 .' Sr. The component of this force along the 

SB 

axis of the tube is Pr60 . Sr . -y . The resultant force arising from 
the pressure acting on the flat sides of the element is therefore 


4 


Pr(50* . Sr 
2 


« 2Pr0r . SB* 


along the axis of the tube and away from the centre of the spheres. 
For equilibrium this must equal /| —/a* 

p -- 7* _ jL i g _ 

’ r* ’ #cr* Hn 
• DE 
** Bn ’ 

Hence for a tube of induction to bo in equilibrium there must be 

DE , DE 

a tensile stress along the tube and a compressive stress — 

normal to the sides of the tube. 

The existence of this pressure is shown by the following experiment 

due to Qujnokb ; — Two large 
metal plates are insulated from 
each other by pieces of glass and 
the whole immersed in paraffin 
oil — Fig. 37*18. By blowing 
tlirough a tube containing cal- 
cium chloride a bubble is pro- 
duced at B. One of the plates 
is connected to a Wimshurst 
machine [of. p. 736] and 
charged. To determine the 
lateral pressure between the 
tubes of induction in the liquid 
Fio. 37*18.— Quincke’s Experiment. and in the air bubble let us 
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consider the condensers formed by unit aroas of the metal plates 
and the intervening dielectric, (a) in the bubble and (6) in the liquid. 
If d is the distance apart of the plates, the capacities of the two unit 

1 K 

condensers are and respectively. If V is the difference in 

potential between the plates, the charges on the plates of the unit 
V kV 

condensers are and which are denoted by a® and a, respectively. 
Hence, in the liquid the compressive stress is 

— — = r— r„ Since D = ifE and E == -r. 

Bn Snd* d 


111 the biiliblo itself the compressive stress between adjacent tubes of 

V* 

induction is The repulsion of the tubes of induction is, therefore^ 

greater in the oil than in air so that the bubble contracts and the gauge 
C indicates an increase in pressure. 


The Capacitance of a Concentric Spherical Condenser. — Let O 
— Fig. 37*19 (a) — be the centre of two concentric spheres of radii a and 6 
respectively. Let q be the charge on the inner sphere ; then — q ia 
the induced charge on the outer sphere when this is earthed. Lot k 
bo the pomiitt.ivity of the medium between the spheres. Let E be 
the electric intensity at P, a point in tho dielectric at distance r from 
O. Then 


E 


JL 

KT^ 


Lei V bo tho potential of tho inner sphere, that of the outer one 
being zero. Then 

V -- tht3 work done against the liold pcjr unit positive cliargo in 
bringing a small positive charge from the outer sphere to tho inner 

spliero ^ ~ J P* rcasoji why the negative 

sign occiirs.] 


q /l/l 1\ Kob 

The capucitanco is therefore y — ” 6/ “*6 — a’ 


An interesting problem is presented when tho inner sphere is earthed 
and the outer spherical shell of tho previous system is insulated and 
charged — Fig. 37*19 (6). Let c bo tho radius of tho outer surface of 
tho spherical shell. If q is the cliarge on the inner surface of the shell, 
— g is the induced charge on tho sphere when this is earthed ; let 
Q bo the charge on the outer surface of the shell. Tho electric intensity 
in tho dielectric is duo solely to the charge — q on tho inner sphere : 


The potential V of the shell is constant throughout and is given by 
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O — V = work done per unit cliarge in taking a small positive 
charge from the surface r = 6 to the surface r = a. 

f“ i 


k\ bJ 

= H- - 

K\a 6/ 


(-dr) 


c{b-a) 

® Kob ® 


+ u 

== c + 


But the potential of the outer shell is also given by 

9 9 

c ^ c c c' 

since charges on spherical conducting surfaces act at external points 
and points on their own surfaces as if they were concentrated at the 
centre of the sphere. ^ 

- J) - ^ - V. 

K\a 0 / c 

The total charge on the shell is therefore Q -f so that the capaci- 
tance of the system is given by 

c(6 — a) rc(6--a) , _“1 

p Q + ^ Koh ^ KOb 

V = ^^ + 6 -a 

^ Kob 

Tliis result can bo written down at once if wo regard the condenser 
as consisting ]of two parts, of capacitances iwicl c, arranged in 

parallel. 

Alternative Method, — When air is the dielectric let the charges on 
the surfaces bo qa, qb and q^ respectively. Then, remembering that the 
potential inside a conductor due to its own charge is the sajne as that 
of the conductor itself, we have, as the potential of the inner sphere 

— “ ■!" TT d* “ = • • • • (1) 

a o c 

since it is earthed. Moreover, the potential of the inner surface of 
the shell must be the same as that of its outer surface. Hence, 

9a 9ft , 9c 9c , 96 9a ... . 

0 0 C C 0 0 


Froin(i). = 

The potential of the shell is, from (ii)> 


qa = ^= 5(8ay) 


This is equal to the total charge on the shell, divided by the 
capacitance of the condenser. 


Capacitance = = c( 1 4-~l» 

9« \ 9e' 


(from iv) 
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The Capacitance per Unit Length of a Long Coaxial Cylindrical 
Condenser. — Let Fig. 37*19 (a) represent the cross-section of a long 
coaxial cylindrical condenser, the outer shell being earthed while the 



Fio. 37*19. — Capacitunce of a Concentric Spherical Condenser. 


inner cylinder is insulated and carries a charge A per unit length. The 
intensity at P is 2A/icr. Hence 

Vi = - = ^[loge b — loge o]. 

/. Capacitance per unit length = 


K 



A Variable Cylindrical Air Condenser. — To the ends of a wooden 
baso there are attached two ebonite uprights carrying a long ebonite 

rod AB, Fig. 37*20 (a). This rod supports a brass tube M, the outer 
radius of which is a. N is a coaxial brass cylinder carried on two metal 
supports to one of which is fixed a spring S making contact with an 



X (a> (b) 

Fig. 37*20. — A Variable Cylindrical Air Condenser. 


earthed metal rail R. The tube M may be raised to any desired 
potential difference by connecting the source of potential to the ter- 
minal T| which is in metallic connexion with M. The inside radius 
of the tube N is 6. A cross-section of the apparatus at N is shown in 
Fig. 37*20 (6). 

The absolute capacitance of such a condenser is unknown but by 
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moving N a distance I to the right or left the capacitance may be 
respectively increased or decreased by an amount 

— r. [o.s.u. capacitance.] 

2 log, - 

Cavendish’s Experimental Verification of the Inverse Square 
Law in Electrostatics. — A metal globe was suspended from an 
insulating support. An insulated spherical shell, concentric with the 
globe, was formed by fastening two motal hemispheres by gloss rods 
to two wooden frames hinged to an axis so that tho hemispheres could 
be placed in tho desired position. 

The globe could be put into metallic communication with the hemi- 
spheres by moons of a short wire insulated by a silk thread, so that it 
was capable of being removed without discharging the apparatus. 
Metallic connexion between the globe and hemispheres having been 
made, both were connected to a Leyden ja^ whose potential hod been 
measured by an electrometer. The wire was withdrawn, the hemi- 
spheres removed and discharged, and the electrical condition of the 
globe tested by means of a pith ball oloctromoter, which at that time 
(1773) was regarded as tlie most delicate electroscope. No indication 
of any charge on tho globe was detected. 

Cavendish thou communicated to the globe a known fraction of tho 
charge originally given to the spherical condenser and tested the elec- 
trical state of the globe. In tliis way he found that the charge on 
tho globe in the first experiment was loss than that supplied to 
the condenser, for greater charges than this were detected by the 
electromotor. 

He then calculated the fraction of the charge which would have 
remained on the globe if tho law of repulsion between like charges 
differed by a small quantity from that of tho inverse square. If tliis 
difference were the fractional charge on the globe would have 
amounted to of that on tho condenser. Such a charge would have 
been detected with his apparatus. 

Maxwell’s Experimental Verification of the Inverse Square 
Law in Electrostatics. — ^The metal hemispheres were supported on 
an insulating stand, the irmer sphere being held in position by means 
of an ebonite ring A, Fig. 37-21. In this way tho insulating support 
for the inner sphere was never exposed to tho action of any electric 
field, and therefore never received any charge which might have been 
a disturbing factor. Listead of removing tho hemispheres before 
testing tho globe for electricity, they were allowed to remain in position. 
In this way the inner sphere was protected from all oxtemal electric 
fields, an advantage far outweighing the disadvantage due to the fact 
that tho effect of a given charge on tho inner sphere was not so great 
as if the hemispheres had been removed, i.o. tho capacity of the 
eloctromotcr and its connexions was increased. 

The short wire, B, making metallic coromimication between the 
inner and outer spheres was attcushed to a small metal disc covering 
tho aperture in tho shell. V^Hien the lid and wire were raised by means 
of a silk thread, the electrode attached to the electrometer (Kelvin’s) 
could be brought into contact with the inner sphere. The case of 
the electrometer, one pair of quadrants, and the exploring electrode, 
T, Fig. 37*21 (c), were all connected to earth until tho shell had been 
discharged. 
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To estimate the original charge of the shell, a small brass sphere 
was placed on an insulating stand at a considerable distance from the 
rest of the apparatus. 



Fio. 37*21. — ^Maxwell's Investigation of the Validity of the Inverse Square 
Law in Electrostatios. 

The following operations were carried out : 

(i) The shell was charged by communication with a Leyden jar, 0, 
Fig. 37*21 (a), the wire B meiking connexion between the inner and 
outer spheres. 

(ii) small brass ball, D, was earthed so that it received a charge 
by induction. It was then insulated-~-cf. Fig. 37*21 (6). 

(iii) The oommunioating wire was withdrawn. 

LF. 


DD 
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(iv) The outer shell was earthed. 

(v) The testing electrode, T, was brought into oontacii with the 
inner sphere — Fig. 37*21 (c). 

*Not the slightest effect on the eleotromoter could be observed/ 
writes Maxwell. 

To test the sensitivity of the apparatus the shell was disconnected 
from earth, and since it had been under the influence of a negative 
charge on the small sphere it had acquired a positive charge. The 
small ball was then discharged and, the testing electrode attached to 
the electrometer being in contact with the outer sphere, there was a 
deflection ^ — Fig. 37*21 (d). 

The negative charge on the ball was about of the original charge 
on the shell, and the positive charge induced on the shell was about 
J of that on the ball. Hence the potential of Uie shell, as indicated 
by the electrometer, was about . of its original potential. 

Maxwell then calculated that if the repulsion had followed the law 
the potential of the inner sphere would have been — 0*1478j?V 
where V is the potential of the shell. Suppose that ± a ia the smallest 
deflexion of the electrometer needle which could bo detected. Then 

0*1478)5V < ± ka [k =* conversion factor] 
and » k^, 

np <±^. 

Now <l» was certainly 300 times greater than or, 

^ ^ 21600' 


It was in order to estimate the potential of the inner sphere if the 
value of p were not zero that both Cavendish and Maxwell used spherical 
condensers, but in any closed conductor the electric intensity is zero. 

Parallel Plate Condenser. — ^Let us suppose that A and B, Fig. 
37*22, are the plates of such a condenser, the distance between the 
plates being small compared with the linear dimensions of the plates, 
so that we may be justified in regarding the » _ 

lines of induction as normal to the plates over ^ 

their central regions. Let V, and Vj bo the + 

potentials of the plates, the densities of the ^ " 

charges on the plates being a and — c re- ^ 

spectively. Let KL be a small element of ^ -f „ dls - 

area Sa parallel to the surface of either " 

plate. Construct the closed surface having ^ ^ 

5s for one base and straight lines through ^ - 

each point on the periphery of this base AT + K ^ 

forming its curved surface. Let this element + 

be truncated by a plane, MN, porailel to + 

KL and inside the plate A. Then the charge + 

enclosed by this Gaussian surface is -h*o5s. A U'*' '’JR 

Let D be the electric displacement at any ^ ^ 

point on the base KL. Then the direction 

of this displacement is normal to KL. The 4 0 ^ 

contribution to the flux of induction is zero Fio. 37*22.— A Parallel 

across the curved surface of the eleinent Plate Condenser. 
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and also across MN, since this is a surface inside the conductor. 
Hence, by Gauss’s theorem, 

D , = 4jr . ads 

D = 4tna. 

If K is the dielectric cooflicient of tho medium between the plates 
of the condenser, tho electric intensity is given by 

E=^. 

K 

If t is the distance between tho two plates. 

■ * K 

Since a is the charge per unit area of the positive plate of tho con- 
denser, the above expression shows that tho capacitance per imit area 

of tho above condenser is — . 

4jr/ 

If tho dielectric has a constant width d, where d < L then 
V, - V, « E.(< - d) + E,d, 

where Ej and E, are respectively the electric intensities in the air and 
in tho <lielcctric. 

If a is the surffxco density on tho positive plate under those conditions, 
Ej ~ 4;Kr and Ej =• Hence 

47ia , 


V, 




■ d) "f" " d 
#c 


4?nT[^< — d + “J* 


The oapHcitaiico per unit area is therefore 

1 


4 ,- <.-!)]• 


EXAMPLES XXXVU 

1. — State Gauss’s Theorem in electrostatics. Apply it, (a) to show 
that tho product field-strength X cross-section, along a tube of force in 
air and containing no charge is constant ; (6) to obtain an expression 
for the strength of an electric field just outside a charged conductor 
at a place where tho surface density of the charge is a, 

2. — A potential difference of 2000 volts exists between two large 
parallel plates in air, at a distance apart of 1 cm. Calculate tho pull 
on unit area of each plate. What would be the effect on this pull 
if tho space between tlie plates were filled with an oil of dielectric 
constant 3*5 7 

3. — ^The electrostatic potential at a point in air near tho earth’s 
surface increases with height at a rate of 100 volt. metre. Cal(n>lato 
tho charge per square metro on the earth. Calculate also the resulting 
mechanical stress at the earth’s siurface in the same locality. 

4. — Derive an expression for tho capacitance per unit area of a large 
parallel plate condenser wliich has half the distance between its plates 
occupied by a slab of material of dielectric constant k, and the remaining 
half by air. 
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5. — ^Assuming that the foroes in an eleotrostatio field can be asoribed 
to a system of stresses in the dieleotrio medium^ obtain an expression 
for the tensions along the lines of force. What other stress is necessary 
for equilibrium 7 How has its existence been demonstrated and its 
value verified 7 

Calculate the pull per unit area on the surface of a charged conductor 
at a place where the surface density of the charge is 10- * coulomb 
cm.*"*, and the surrounding dielectric has a constant equal to three 
times that of empty space. 

6. — Ccdculate a value for the radius of a water drop which, carrying 
a negative charge equal to that of an electron { — 4*77 x lO-** o.s.u.) 
floats in the earth's electric field when the vertical intensity is 160 
volt, metre.-^ Is the general direction of the field upwards or down- 
wards in tnis case 7 



CHAPTER XXXVIII 
ELECTROSTATIC INSTRTOIENTS 

Eleotbostatio Measuring Instruments 

The Bifilar Electrometer. — section 
of this instrument is indicated in Fig. 38T. 

AA is a loop of thin platinum wire 
stretched between a metal rod C [insu- 
lated by amber from the case of the in- 
strument] and a circular piece of quartz 
D. BB are wi^es fixed to the walls which 
are earthed. When C is connected to a 
source of potential, electrical attraction 
causes the wire loop A to expand side- 
ways. The displacement is measured 
with the aid of a microscope and is a 


A and the earth. Potential differences 
from 30 to 300 volts may bo measured 
in this way. [N.B, — The volt is not 
the electrostatic unit of potential difiTerence. Unit potential differ- 
ence on the e.g.s. electrostatic system of units is equivalent to a 
potential difference of 300 volts.] 

The Attracted Disc Electrometer. — ^This electrometer consists 
essentially of a guard-ring condenser and a balance, the underlying 
principle being that the mechanical pull on the movable plate of 
a condenser is balanced against the gravitational pull on a known 
mass. A, Fig. 38-2, is the lower plate of the condenser. It is 
supported by an insulated screw and may bo raised to any desired 
potential. The upper plate of the condenser consists of a central 
circular section B, surrounded by a wide concentric ring C. This 
is the so-called guard-ring. B is supported from one arm 6f a 
balance as shown. The clearance between B and C is sufficient 
for B to move freely and yet not sufficient to disturb the homo- 
geneity of the field in the central region of the condenser. 0, and 
the support for the beam of the balance, are earthed, i.e. B is per- 
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Fio. 38*1. — BifUor Elootro- 
meter. 
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manently earthed also. The balance is first adjusted so that B 
lies flush in the plane containing C. The beam is then just in con- 
tact with the stop K. This adjustment may be effected by adding 
sand to the balance pan D. 

Let V be the potential of the lower plate at a distance t from 
the upper one and m be the additional mass required in D to restore 



Fig. 38*2. — ^Attracted Diso Electrometer. 

equilibrium, i.e. to make B and C coplanar again. Let a be the 
numerical value of the density of the charges on the central portions 
of the condenser plates. If S is the area of the plate B (strictly 
the mean area of the aperture in C and the plate B), the total pull, 
P, on it is But 

V 

~ = electric intensity = 4jMr, 



Since all the quantities on the right-hand side of the above 
equation are known, or measurable, V may be calculated. 

In actual practice it is found difficult to measure t accurately, 
BO that the following modified procedure is adopted. Let A he 
connected to a constant source of potential, V, the plates being 
at a distance t apart. Then 

V = 24 

V S 

Now let the potential to be measured, say v, be connected in 
series with V, the total potential being V + v* A be moved, 
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by means of the screw H, through a vertical distance h until the 
balance is again equilibrated. 


V + v = 2(« + 



From these we have 


i> = 2fc /^. 

V S 

The Quadrant Electrometer. — This instrument enables us to 
compare potential differences more accurately than can be done 
with gold-leaf electroscopes. Lord Kelvin made the first reliable 
quadrant electrometer, but the form chiefiy used to-day is due to 
Dolezaler [cf. Fig. 38*3 (a)]. It consists essentially of a cylindrical 
box divided into quadrants, one of which is shown in Fig. 38-3 (6). 
Diagonally opposite quadrants are connected by thin wires and an 
aluminium needle is suspended symmetrically in a horizontal plane 



(а) Dolezalok Quadrant Electrometer. 

(б) A quadrant. 

(c) Diagrammatic representation of a quadrant electrometer and its connexions. 

between them. The needle is suspended by a fine phosphor bronze 
wire which is raised to about 100 volts by being connected to one 
terminal of a battery, the other terminal being earthed — cf. Fig. 
38*3 (c). Each quadrant is supported on a quartz pillar which 
should never be touched by the hand if the insulation is to remain 
unimpaired. Communication to the quadrants is made by means 
of metal rods and springs passing through the brass case surrounding 
the instrument but insulated from it. 



730 


MAGNETISM AND BLEOTRIOITY 


In some of these instruments the suspension consists of a quartz 
fibre which is chosen on account of its constant elastic properties. 
The needle is then charged by touching it with a charged rod. The 
insulation resistance of the quartz is so high that the needle does not 
lose its charge for a considerable time. The base of the instrument 
is fitted with screws so that it may be levelled and it is advisable 
to surround the entire instrument with an earthed piece of gauze 
to protect the quadrants and needle from stray electric fields. A 
mirror is rigidly attached to the needle so that small angular dis- 
placements of the needle may be measured. 

The principle underlying this instrument is that when there is a 
difference of potential between the two pairs of quadrants, the needle, 
having a positive charge, moves away from the quadrants with the 
higher potential. The energy of the needle is spent in doing work 
in twisting the fibre. For small potential differences the deflexion 
of the needle is proportional to the potential difference. 

If the instrument is not exceptionally sensitive — say it gives a 
deflexion of 10 cm. on a scale 1 metre away for a p.d. of one volt — 
then it may be used to compare the e.m.fs. of two cells by first 
earthing the quadrants and determining the zero of the instrument. 
One pole of one of the cells is then earthed and the other connected 
to one pair of quadrants [disconnected from earth] and the deflexion 
observed. The second cell is then examined in the same way. The 
ratio of the E.M.F.*s of the ceUs is the ratio of the deflexions of the 
needle. 

To Determine the Capacitance of an Electrometer and its 
Connexions. — Let B, Fig. 384, be the electrometer whose needle 
is maintained at a high potential (100 V.) by means of a battery A. 
It will be supposed that a fixed air condenser, C', is permanently 
connected in parallel with the electrometer. Let Cq be the 
capacitance of this system : its value can only be found experi- 
mentally. The key Kq enables the second and insulated pair of 
quadrants to be earthed when necessary. This key consists of an 
insulated piece of wire bridging two holes drilled in blocks of paraffin 
wax and containing a small quantity of calcium chloride — Fig. 
384 (6). After a short exposure to the atmosphere the chloride 
becomes moist and conducting. The insulated quadrants may be 
connected by closing the key to one pole of a battery B, the 
other pole being earthed. C is a standard parallel plate air con- 
denser : one plate is earthed while the other may be connected 
to the insulated quadrants of the electrometer by closing the 
key Kg. Let Kj be open and Ki closed, the deflexion of the electro- 
meter needle being If Q is the charge on the insulated quadrants 

and the connexions to them, their capacity, is given by 
Q = OoV = aOoPi. 
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where V is the potential differenoe applied and a a constant. When 
is opened the deflexion is unaltered if the electrometer is in 
working order, but on closing the key E, the deflexion is reduced 
to the charge Q being shared between the capacities and C. 
Then 

Q = a(Go + C)0,. 

(Co + C)fl, = Co(/„ 



To Determine the Capacitance of a Small Condenser, a 
Standard Air Condenser being Available. — Suppose that the 
capacitance of the electrometer has been determined as above — • 
wo shall find it desirable to make this as small as possible and 
hence the plates of C' should not be close together. Let Cj, 
Fig. 38*5, be one condenser of known capacitance and Cg a second 



Fig. 38*4. — Capacitance of a Quadrant Electrometer and its Connexions. 

condenser arranged so that it may be connected in parallel with 
C^. Keys Kq, Kj, and Kg arranged as shown. 

Let Kq and be closed so that Cj, C and the insulated quadrants 
are raised to a potential V, viz. that of the cell B, and let 0 ^ be the 
electrometer needle deflexion. Then, with the x^revious notation, 

Q = a(Ci + Gq)0^. 

Now let Ki be opened and Kg closed so that the above charge is 
shared with Cg. Then 

Q = a(C2 + Cj + Co)02. 

Since both and (Jq are known, Cg may be determined : in fact 

c, = (Ci + 

If Cq is small compared with Cj, 
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The Permittivity of Ebonite or Glass. — and Cg are 


two condensers exactly alike so that their capacitances are the same 
when air is the dielectric, the permittivity /c of a solid may be found 
by selecting the size of the solid so that it just completely fills the 
space between the plates of the condenser C2. The two condensers 


may be compared as above when the ratio 


C, 

C, 


gives the permittivity 


or dielectric constant of the solid, since C2 = kCj^ 


If the above adjustment cannot be made, or if Cq cannot be 
neglected, the following method may be used. 


Boltzman’s Method for Determining the Dielectric Constants 
of Solids. — ^This method resembles an earlier one due to Faraday. A 
parallel plate condenser is used and the substance under test is in the 
form of a parallel slab. Lot Ci, Fig. 38-5 (a), bo a fixed air condenser. 
Its lower plate is earthed while its upper plate is comiected to the 
insulated quadrants of the electromotor E. By means of a key 
this part of the system may be earthed when necessary : when Kd 
is open and Kj closed the system is charged by moans of the cell B, 
aiTangod as shown. Cj is the experimental condenser arranged as 



( 6 ) 


Fio. 38*6. — Boltzman’s Method of Determining the Pormittivity 
of a solid. 


shown : initially it is uncharged. It may be connected in parallel 
with Cl and the electrometer by closing the key Kj. Lot 0i be the 
steady deflexion of tlio electromotor needle, the charging wire having 
been removed. By closing Kj the charge on Ci and the electrometer 
is shared with Cj — let the sto^y deflexion of the electrometer needle 
be $2 imder those conditions. Let Q bo the value of the charge on 
the condenser Cj and the insulated plates of the electrometer. If V 
is the potential differonco across the cell, then 

Q = (Co)V = aCo^i, 

where Cq is the capacitance of the electrometer and its connexions. 
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Wlien the charge is shared with Cg, we have 
Q = a(O0 H- 02 ) 02 * 

The slab of material under test is then placed in Cg, as indicated 
in Fig. 38-6 (6). The distance apart of the condenser plates is then 
altered to until the deflexion of the electromotor needle is again Og 
when the charge on and the electrometer is shared with the com- 
pound condenser. Its capacity must then bo C 2 . The following 
analysis shows that the dielectric constant of the material of the slalE) 
may bo calculated without any knowledge of the values of Cq or Og. 

Lot be the distance apart of the plates of the condenser Cg when 
the dielectric is air : lot /g this distance when a slab of uniform 
thickness d is introduced and the capacitance of this compound con- 
denser restored to its initial value. In this latter instance let K be 

the chjctric intensity in the air ; then — is the electric intensity in 

tlie flielectrio. Hence V, the potential dilferenco across the condenser, 
is given >)y 

V = E(<. - d) + = E[t, - d(l --J]. 

Now E = 4jta, where a is the surface density of the charge pn the 
positive plate of the condenser. The capacitance per unit area of 
the compound cojjdonser is therefore 

If A is the area of each plate of the condenser, its capacitance is, 
so far as end-effects may be neglected, 


4«[i, -d(l 


But this is equal to Cg, viz. if end effects are neglected. 




d - (I. - <2) 


The Measurement of a Small Electric Current. — ^If two 
plates of an air condenser are maintained with a potential difference 
across them and the air between them is exposed to the action of 
X-rays or other ionizing agent a small current flows between the 
plates. This current is too small to be detected by a galvanometer. 
One method of measuring such a current is as foUows : — very 
high resistance R, Fig. 38*6, is joined in series with a battei^ 
of from 30 to 300 volts or more and a condenser C. When the 
air between the plates of the condenser is exposed to X-rays a 
current flows in this circuit, thereby creating a potential differ- 
ence between the ends of R. These are connected to the opposite 
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pairs of quadrants of an electrometer and the- steady deflexion 
of the needle is recorded. Let this be fli. The electrometer is 
calibrated by placing a Daniell coll [LOS volts] across its diagonally 


I 



Fig. 38*0. — Measurement of an Ionization Current. 


opposite quadrants. Let the deflexion be 0^. Then the P.D. 
corresponding to 0j is 1*08 x current in the circuit is 

1*08 0 

therefore X ^ amperes if B is measured in ohms. For the 
experiment to be successful B must be of the order 10^^ ohms. 


The Electrophorus. — This simple piece of apparatus, originally 
devised by Volta, enables an almost infinite number of charges to 
be obtained from a single initial charge. It consists of a brass plate 
attached to the under surface of a disc of ebonite. This plate is 
termed the sole. A second brass plate, to which there is attached 
an insulating handle, rests upon the upper surface of the ebonite ; 
usually this plate is smaller than the ebonite. A negative charge 
is given to the ebonite by rubbing it with fur when the lines of 
force are somewhat as shown in Fig. 38*7 (a). [In the ebonite 
they are lines of electric displacement, cf. p. 712]. The metal 
disc is then brought near to the charged ebonite surface : actually 
it is allowed to touch the siurface, but owing to the irregular nature 
of the surfaces, contact is made between them only at a few points. 
The negative charge on the ebonite charges the metal disc by 
induction : the field is shown in Fig. 38*7 (6) when, for convenience, 
the distance between the insulated brass disc and the upper surface 
of the ebonite is greatly exaggerated. The upper disc is then 
earthed, so that the induced negative charge escapes to earth — 
cf. Fig. 38*7 (c). When the plate is raised as in Fig. 38*7 (d) it 
retains itd positive charge, which can be transferred to a suitably 
arranged condenser. The process is then repeated. It is some- 
times necessary to renew the charge on the ebonite, since the 
initial charge is slowly dissipated especially if the humidity of the 
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air is high. The labour of touching the second brass plate with 
the finger at each repetition of the above process may be avoided 
by having a brass pin passing from the sole to the upper surface 
of the ebonite so that it touches the plate each time it is placed in 
position on the ebonite. This permits the negative charge (the 
electrons) to escape to earth and the state of affairs is as shown 
in Kg. 38*8 (c). 

Since the original charge on the ebonite is not diminished by the 
above process it is of interest to inquire the source of energy. It 
is found that more work is required to lift the plate when it is 
charged, for it is then necessary to overcome the force of attraction 
between the charge on the ebonite and that on the plate which is 



(c) (d) 

Fio. 38-7. — ^The EleotrophoniB. 


raised. Hence the source of energy is the extra mechanical work 
done when the plate is charged. 

The part played by the metal sole is somewhat as follows. The 
negative charge on the ebonite induces positive and negative elec- 
tricity on the sole, but the latter escapes to earth if the instrument 
lies on a table. The positive electricity on the sole causes the 
negative electricity on the ebonite to penetrate slightly into the 
interior of the ebonite and thus diminish the rate of loss of the 
charge on the ebonite. 

The Wimshurst machine described below is an agency whereby 
the turning of a handle causes the various stages of the process 
just described to be repeated cyclioally. 




736 MAGNtlTISM AND ELEOTRlClTy 

The Wimshurst Machine. — ^The type of influence machine 
most frequently used consists of two glass plates which have 
been varnished with shellao. TinfoU strips are placed radially 
on the outer sides of these two plates ; these plates are capable 
of being rotated in opposite directions about a horizontal axis. 
The manner in which such a machine is used is best explained 
by means of Fig. 38*8, in which the plates are replaced by 
cylinders. Supjiose that the rotation of the cylinders is in the 

direction of the arrows ; 
further, let us suppose that 
the tinfoil carrier A has 
acquired a small positive 
charge. When A is opposite 
B, which is connected to D by 
means of copper wire brushes 
supported at the ends of a 
brass rod, then a negative 
charge is induced on B whilst 
D acquires a positive charge, 
since B and D really form one 
conductor. These charges are 
separated when the contact 
between the brushes and the 
discs on which the charges 
have been developed is broken. 
The negative charge on B, moving towards the left, induces a 
positive charge on C, and a negative one on E. Thus all the strips 
on the upper half of the outer cylinder acquire positive charges, as 
do also the strips on the lower half of the inner cylinder. These 
positive charges pass the collecting combs on the right-hand side of 
the diagram. These combs are sharp metallic points connected to a 
knob F, the potential of which is raised as the charge which the 
combs collect increases. Similarly the smaller knob of the machine 
acquires a negative charge, so that when the potential difference 
between the two knobs is sufficiently great a spark passes between 
them. 

The amount of charge collected in the process is small, although 
the difference in potential between the knobs may rise to 200 e.s.u. 
or 60,000 V. To increase the charge, the capacitance of the system 
•must be increased. For this purpose two Leyden jars have their 
inner coatings connected to the discharge knobs while their outer 
coatings are ec^rthed. These condensers are represented by Cj and 
Ca in Fig. 38-8. 

The Condensing Electroscope. — ^The ordinary gold-leaf electro- 
scope is only suitable for the detection of high voltages. If its disc is 



Fiq. 38-S. — The Principle o£ a 
Wimshuret Machine. 
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connected to the one electrode of a battery, the other being earthed, 
then no deflection of the leaves is observed — the applied potential 
difference is too small. The so-called ‘ condenser effect,’ viz. the 
raising of the potential difference between the plates of a charged 
condenser when the distance between them is made greater, may 
be used to increase the sensitivity of the electroscope. In this 
instance, the condenser consists of two metal plates A and B, 
Fig. 38*0 (a), each about 20 cm. in diameter and insulated from 
one another by a sheet of recently dried paper D. A is connected 
to earth while B is in metallic connexion with the disc E of a gold 
leaf electroscope, whose outer case is earthed as usual. X is a 



Fig. 38*9. — An Experiment with a Condensing Electroscope to show that 
there is a Potential Diiierence between the Terminals of a Voltaic Coll. 

battery, one of whose terminals is connected to earth, the other 
being joined to a wire, Y, to which is attached a stick of sealing 
wax H ; this serves as an insulating handle. When Y touches E 
the difference of potential between the plates of the condenser is 
equal to that between the poles of the cell, but the leaves of the 
electroscope do not diverge. The contact between Y and E is 
then broken and the plate B raised by means of an insulating 
handle attached to it — cf. Fig. 38*9 (b). The loaves of the electro- 
scope diverge through a considerable angle showing that there is 
now a large difference in potential between them and the case of 
the instrument ; this is because the capacitance of the condenser 
has been diminished some hundredfold while the charge on each 
of its plates remains (except for induction effects) constant. 
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A blank experiment should alwa 3 rs be performed to test whether 
or not the condenser is charged initially. If it is, it may be dis- 
charged by allowing a bunsen flame to pass rapidly over the paper, 
or by exposing it to X-rays. 


EXAMPLES XXXVni 

1. — Desoribo a qaadrant electrometer. For what measurement is it 
specially suited T 

2. — ^How may the dielectric constant of ebonite be determined 7 

3. — small current flows through a resistance of 10^* ohm., the 
ends of which are connected to opposite quadrants of an electrometer. 
The deflexion is 120 scale divisions. When a Daniell cell [o.m.f. LOS 
volt.] is connected across these quadrants, the deflexion is 80 scale 
divisions. What is the magnitude of the current ? 

4. — Describe and give the theory of a * trap-door ’ electrometer. 
Calculate a value for the measured pull on an attracted disc of radius 
5 cm., when the insulated plate is 2 mm. away from it and at a potential 
of 600 volts. 

5. — What is meant by electrostatic induction 7 Describe the 
electrophorus and explain how it acts. What is the source of the 
electrical energy which may be given to a Leyden jar by means of this 
instrument 7 
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THE PROPERTIES OP A MAGNET 

In many parts of the world there is found a certain oxide of iron, 
called magnetite or lodestone ['ijXiOog MayvrlTig]^ which has the 
property of attracting iron filings. The ore is said to possess 
magnetism. The name is familiar to all, and yet nobody knows 
what magnetism really is — the term, like so many others, being 
really a confession of our ignorance with regard to things which 
are fundamental. A piece of lodestone, Pes 04 , is a natural 
magnet ; the piece of iron which it attracts becomes a magnet 
too and is called an artificial magnet, since it now also possesses 
this remarkable property called magnetism. In these days lode- 
stone is never used for experimental purposes, since artificial magnets 
can be made which are very much more powerful ; but the two types 
of magnets have identical properties, although the degree to which 
this property of magnetism is possessed is very different. 

Some Preliminary Definitions,— When an artificial bar 
magnet is dipped into iron filings and withdrawn, it is found that the 
filings adhere most strongly near the ends of the bar ; these regions 
in which the effects of magnetism are greatest are called the poles 
of the magnet. The longer the bar in comparison with its thickness, 
the more nearly do the poles approach the ends of the magnet. 
When a ball-ended magnet, consisting of a steel rod on the ends 
of which steel balls have been screwed, is magnetized, it acts 
like a simple magnet with poles at the centre of the balls. 

If a steel knitting-needle after being magnetized by stroking it, 
always in the same direction, with the pole of a bar magnet, 
is suspended at its centre by a silk thread, then, when a bar magnet 
is brought near to the needle, the latter moves. If the end of the 
bar magnet which was used in the process is brought near to the 
end of the needle which it finally left, the two are attracted together ; 
placed at the other end of the needle the two are repelled. Evi- 
dently the poles of a magnet possess dissimilar properties, i.e, there 
are two types of magnetism ; it is found by experiment that similar 
poles repel one another, while dissimilar poles attract one 
another* Since, however, a magnet will attract a piece of 
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‘ unmagnetized ’ iron, it follows that repulsion is the only sure 
test for magnetism. The reason for this is given later [of. 
p. 741]. 

When the suspended needle is displaced from its position of rest 
it continues to execute oscillations for some time, but when these 
have died down the needle points in its original direction. It is 
natural to assume that there are some external forces attracting 
the ends of the magnetized needle. These forces are due to the 
earth’s magnetism, for the earth itself behaves as if it were a large 
magnet. It is an experimental fact that a suspended magnet 
points in a direction which is not far removed from that of the 
geographical north and south. This fact was appreciated . by 
Dr. Gilbert, a physician to Queen Elizabeth. The end of the 
needle which points towards the north is called the north-seeking 
pole or north-pole of the magnet, the opposite end is the south- 
seeking pole ; the kind of magnetism which ts present at one pole 
of a magnet is referred to as the north-seeking magnetism [or 
positive magnetism], while the other is tho south-seeking [or 
negative] magnetism. 

Tho position has now been reached when the results of the above 
experiment can be stated more explicitly. If the north pole of a 
magnet is caused to pass along a needle, the end of the nee^e which 
is last in contact with the magnet acquires south-seeking magnetism ; 
the other end is magnetized positively. 

If a piece of clock-spring is magnetized by means of another 
magnet it too becomes a magnet, and has two poles near to its 
extremities. Suppose now that such a piece of spring is stroked 
with the positive pole of a magnet starting from the middle and 
going, in turn, to each extremity. Botli the ends are magnetized 
negatively, whilst there is a positive pole near to the centre of the 
spring. Such an arrangement may be regarded as a double magnet 
with the positive pole of one in contact with that of the other — 
two adjacent like poles in a magnet constitute what is generally 
termed a consequent pole. 

If a magnet is brought near to a small pivoted magnet — usually 
termed a compass needle — the small needle is deflected from its 
position of rest. This must bo duo to external forces, and it is 
natural to suppose that the large magnet is responsible for them. 
The region in which tho influence of a magnet can be detected 
is called a magnetic field; obviously, the more sensitive the 
detecting instrument the larger the field which can bo observed. 
Hence, mathematically, it is correct to regard the field of a magnet 
as infinitely large ; practically, it is confined to a small region near 
the magnet, for its influence canirot be detected beyond these 
confines. 
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Induced Magnetism. — Let NS, Fig. 39*1, be a bar magnet sup- 
ported vertically in a clamp. If a small piece of steel is placed near 
to S it is attracted by the magnet and if 
allowed to come sufficiently near remains 
clinging to the magnet when its support is 
withdrawn. A second piece may also be 
supported in a similar way if placed below 
thc^ first small piece providing the magnet is 
strong enough. On detaching the first small 
piece of steel carefully the second will remain 
in contact with it. If the experiment is 
repeated without allowing the steel to come 
into contact with the magnet the steel will 
again become magnetized, only to a less 
extent. 

The piece of steel magnetized in the above 
manner is said to have been magnetized by 
induction and the magnetism in it is refeired 
to as induced^ magnetism, although there 
is no fundamental difference between it and 
that x^ossesHed by the larger magnet. £x- 
I)erimont shows that the nearer ends of the exciting and the excited 
magnet are opposite in polarity. This fact is readily verified by 
using the test of magnetic repulsion. 

Permanent and Temporary Magnetism. — If the exx>enmcnt 
described alK)ve is rejjeated with pieces of soft iron instead of steel, 
the pieces will siOl be attracted by the magnet, but when they are 
removed from the influence of the exciting magnet they will no 
longer remain together. The reason for this is that soft iron loses 
the greater part of its induced magnetism when removed from the 
presence of the inducing magnet. The magnetism it had whilst 
in contact with the magnet is termed temporary, while the 
magnetism it retained when withdrawn from the magnet is called 
permanent. In steel the temxwrary magnetism is practically 
equal to its pernmnent magnetism, but with iron the two are 
widely different. 

The Demagnetizing Effect of Magnetic Poles. — ^The pheno- 
menon of induced magnetism explains the demagnetizing effect of a 
magnet on itself. When tlie magnet is in the form of a bar the 
magnetic force in the bar tends to magnetize, by induction,* the 
material at the centre of the bar. The polarity of tliis magnetism 
will be such that south-seeking magnetism is towards the north pole 
of the magnet and north-seeking towards the south x>ole, so that the 
distribution of the induced magnetism is exactly opposite to that 
of the magnet itself. This self-demagnetizing effect is greatly mini- 



Fia. 39-1. — Induced 
Magiiotism. 
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mized by the use of soft iron * keepers ’ placed across the ends of 



pairs of magnets as in Fig. 
39*2. With magnets bent 
to form an almost closed 
ring the demagnetizing effect 
is automatically reduced 
since the opposite poles are 
so close together that the 


Fiq. 3Q'2. — Bar Magnets with Keepers, field due to them at the 


centre of the magnets is 

comparatively small ; consequently its inducing action is small. 


The Making of Magnets. — ^The inducing action of a magnet on 
a piece of steel is utilized in constructing small magnets. The three 
usual methods are known as those of single touch, double touch, 
and divided touch. A description of them will be found in more 


elementary books than this. These methods are not suitable for 



Fia. 39*3 — An Eleotromagnet. 


the construction of powerful magnets. To produce these, use is 
made of the fact that when an electric current is passed through 
a coil of wire wound round an iron core the iron becomes a very 
strong magnet, the combination being termed an electromagnet. 
A modern form of electromagnet is shown in Fig. 39*3. The core, E, 
of the magnet consists of special soft magnet steel 2*5 in. in diameter. 
The two halves of the core are screwed into an iron base and each 
is surrounded by a coil of copper wire. A, B, G, and D are four 
terminals, the battery being connected to A and D while a piece 
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of wire connects B to C. The distance between the poles, PP, 
may be varied. The field may be so strong that all iron parts must 
be securely screwed in position before the magnet is excited. When 
the sezni-angle of the pole pieces is about 55^ the strength of the 
field is a maximum for a given current, while if fiat poles are used 
the uniformity of the field is greatest. 

To produce a strong permanent magnet the piece of steel is placed 
symmetricaUy in a solenoid as in Fig. 39*4. The electrical circuit 
consists of a key K and a fuse P, this being a piece of wire which 
melts when the current through it exceeds a certain value, say 10 
amperes. The terminals A and B are connected to the mains 
suppl 3 dng direct current. On pressing the key K a momentary, but 
very heavy, current flows. The fuse is blown and the circuit 
becomes dead, but the current has caused the steel to become highly 
magnetized. 

The Removal of Magnetism. — ^It is very frequently necessary 
to remove the magnetism from a magnet. If a body only approxi- 
mately free from magnetism is required, the magnetism may be 
destroyed by hammering the specimen or allowing it to fall on the 
floor, i.e. the specimen must be subjected to mechanical shocks. 



Fio. 30*4. — ^The Making of a Fia. 30*5. — Arrangement for Demagnet- 
Permanent Magnet. izing the Mainspring of a Watch. 

A more effective means is to raise the magnet to a red heat : on 
cooling, the specimen will be found free from magnetism. Some- 
times, however, as for example when the main-spring of a watch has 
become magnetized, it is not possible to demagnetize the specknen 
in the above ways. The following arrangement [cf. Fig. 39*5] is 
always effective. AB is a trough containing a saturated aqueous solu- 
tion of zinc sulphate [any other conducting solution wiU serve], the 
trough being tilted so that the bottom of the trough is only partly 
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covered. Two electrodes dipping into this solution are connected 
through a solenoid, S, and a key, K, to a source of alternating 
current, MN. The watch or other article is placed inside the 
solenoid. The two electrodes, after being brought near together 
so that a large current passes in the circuit, are gradually moved 
farther apart so that ultimately the current is reduced to zero when 
the specimen will be demagnetized. For the reason for this cf. 
Chap. L. To be quite certain that the current has been brought 
continuously to zero it ic advisable to splash the solution about in 
the trough before commencing operations. The moving electrode 
is finally brought out of the solution by dragging it along the bottom 
of the trough so that only a very thin film conducts the current. 

An alternative method of demagnetizing the main spring of a 
watch is as follows. An electromagnet with a straight iron core 
is energized from an a.c. supply : the spring is brought up very 
close to one end of the magnet, so that it lies in a fairly strong 
alternating magnetic field, and it is then slowly withdrawn to a 
region where the magnetic field is inappreciable. During this 
procedure the spring is subjected to an alternating magnetic field 
decreasing practically to zero strength so that the spring becomes 
demagnetized. 

Paramagnetic, Diamagnetic, and Ferromagnetic Sub- 
stances. — In 1846, Faraday showed that many substances were 
aflfected by a magnetic field. Solid specimens were suspended by a 
long and veiy fine suspension between the poles of an electromagnet. 



(cl) 


Plan 


(b) 




Fia. 39-6. — ParamagnotiBin and Diamagnetifim. 


When the current was passed Faraday found that all substances 
could be divided into two classes. The members of the first class 
arranged themselves so that their lengths were parallel to the field 
while the others set in a direction at right angles to the field. These 
two types are indicated in Fig. 39*6. Faraday called the two classes 
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paramagnetics and diamagnetics respectively. When subject- 
ing liquids and gases to this test they were enclosed in narrow glass 
tubes : the results were, of course, corrected for the magnetic 
character of the glass. 

The first or paramagnetic class comprises substances such 
as iron, steel, cobalt, nickel, tungsten, aluminium, manganese, 
and chromium, while bismuth, zinc, copper, lead, and tin are 
diamagnetics. 

Of all the paramagnetic bodies, iron, steel, cobalt, nickel, 
permalloy, mumetal, and certain alloys known as Heusler's alloys 
[of. below], x)os8ess the property of becoming very powerful mag- 
nets — ^they are said to be ferromagnetic substances. In fact, the 
degree of magnetism possessed by all other substances is so small 
that it is usual to regard them as non-magnetic, although, strictly 
speaking, all substances, including gases, are magnetic. 

It has also been found that feebly paramagnetic substances 
behave like diamagnetics when they are placed in a more highly 
magnetic medium. For example, if a glass tube containing a weak 
aqueous solution of ferric chloride [FetCle] is placed in a strong 
magnetic field the tube comes to rest along the lines of force, but 
if it is supported in a stronger and therefore more highly magnetic 
solution of the same salt it comes to rest in a direction perpendicular 
to the field. 

Alloys having some Peculiar Magnetic Properties. — ^In 1892 
it was found that although ferro-manganese and ferro-aluminiiim 
are only paramagnetic, certain alloys containing about 12 per cent, 
of iron, the remainder being aluminium and manganese, are ferro- 
magnetic. A year later Heusler showed the addition of aluminium, 
tin, or arsenic, in certain proportions, to an alloy of copper and man- 
ganese formed a ternary alloy ^ which was ferromagnetic. The 
copper-manganese-aluminium alloy is the best known of these 
so-called Heusler^s alloys. 

The Heat Treatment of Steel for Use as Magnets.— When 
steel is heated to a brilliant red heat, and afterwards quenched by 
plunging it into water, or oil, it becomes very brittle and is known 
technically as glassi-hard steel. On raising the temperature to a 
very dull red heat the steel assumes a straw tint : if the heating is 
continued the tint becomes blue. Such steel is said to have 
become tempered by heat treatment. It is found that steel 
tempered down to a blue tint retains its magnetism better if used 
in the construction of magnets having a length more than twenty 
times their diameter. On the other hand, short magnets have 
greater retentivity if made from the gloss-hard variety of steel. 

^ An alloy having three main oonstituents. 
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Cobalt -steel Magnets. — When a powerful magnet is brought 
near to soft iron filings these become magnetized by influence. If, 
now, a powerful magnet is brought near to a weak one so that like 
poles are nearest together, the induced magnetism in the feebly 
magnetized needle is greater than that originally present, so that^ 
attraction ensues. Cobalt-steel magnets are such that the induced 
magnetism is generally small compared with the permanent 
magnetism. This enables magnetic repulsion to be denionstrated. 
An experiment has been described recently in which one magnet is 
made to ' float ’ in air like Mohammed’s cofiSn. A cobalt-steel 
magnet, about 10 cm. long and 0*5 cm. diameter, is placed between 
two parallel and vertical pieces of glass, on a table. If a second 
cobalt-steel magnet is placed above the first one so that like poles 
ore together, a considerable force of repulsion is experienced ; if 
the second magnet is released it is seen to float. The glass walls 
simply serve to prevent the floating magnet from rotating when 
unlike poles would be brought nearer together and attraction follow. 

A Magnetic Balance for Investigating the Inverse Square 
Law for Magnetism .—This apparatus was originally invented 
by Hibbert, but in its simplest form has many disadvantages, the 
chief one being that the effects of four poles have to be considered. 
Bateman has considerably improved this balance, the principle of 
which i^as follows. AB, Fig. 39*7 (a), is a ball-ended magnet 



Fio. 39«7, — Magnetic Balance. 


pivoted about a horizontal axis through the centre of A. It is 
counter-balanced by a brass rod R, and a small rider of mass m 
which may be moved along the rod. To mark the initial position 
of B a small brass pointer is fixed to it and the position of m is 
adjusted until the above pointer is opposite a fixed fiducial mark P. 
CD, Fig, 39*7 (6) is another ball-ended magnet placed in a plane 
perpendicular to the vertical plane through AB, and in such a 
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position that C is vertically above B while D is in the horizontal 
plane through the centre of B. Suppose that B and C are like poles 
of strengths and mg. Let the centre of C be r cm. from the 
zero on a vertical scale S, this zero being d cm. above the centre 
of B — d is unknown. The force of repulsion between C and B is 

inverse square law is true. C exerts a force on A 

and D one on A and B, but these forces cannot affect the equilibrium 
of AB owing to the manner in which the poles are arranged. Thus 

AB experiences a moment -^^—-g.AB and B tends to move 

downwards. Let AB be restored to its zero position by moving 
m from to Xg a distance x along AR. Then, for equilibrium, 


imjx 


- AB 
{r + * 


or x(r + d)^ = constant = A;®(say). 

(r + d) = kx-^. 

K therefore we plot x~^ against r [cf. Fig. 39*7 (c)], we should 
obtain a straight line if the inverse square law is valid ; the intercept 
on the y-axis being — d. 

The above method of investigating the inverse square law for 
magnetism is of recent date — the apparatus is only used for teaching 
purposes. Historically, Coulomb used the torsion balance to in- 
vestigate the above law ; about 1833 Gauss made some very careful 
measurements in connexion with this law — his work will be described 
later [cf. p. 766]. 

Pole-8trength.— If two magnets exactly alike were placed at 


CD, the force of repulsion would bo doubled ; three magnets and 
the effect would be trebled. When these results are contemplated 
one is led to conceive of the idea of a quantity, of magnetism, or 
pole strength of a magnet. Experiment shows that if two poles 
of strength m and m* respectively, are separated by a distance r, 

then P, the force acting on either pole, is proportional to 


This may be written F = a . where a is a constant, arbitrarily 
chosen as unity for a vacuum [or air]. Thus, in air, P = 


This equation is really very important, for it is the basis from 
which the definition of a unit pole or unit pole-strength is derived. 
The unit north-seeking [positive] pole, or unit south-seeking 
[negative] pole, is that pole which, when separated in air by a 
distance of one centimetre from an equal pole, is repelled 
by a force of one dyne. 
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Also if a unit pole at a distance of 1 cm. in air from a 
pole of a magnet experiences a force m dynes due to that 
pole alone, then the magnet has a pole strength m. 

Magnetic Field Strength or Magnetic Intensity.— The 
strength of a magnetic field or the magnetic . intensity at 
a point is numerically equal to the force in dynes which a unit 
positive pole would experience if placed at that point, it being 
assumed that the introduction of the unit pole does not alter the 
configuration of the field. Since the introduction of a unit charge 
into a field*would disturb that field, it is better to define the magnetic 


field strength, H, by the equation H = lim - where SF is the 

small force experienced by a quantity of magnetism dm, introduced 
into the field at that point where the magnetic intensity is being 
considered. Moreover, this equation shows that the dimensions 
of magnetic intensity are not those of a force, but those of a force 
divided by a pole strength. The unit of magnetic intensity is the 
oersted, and a magnetic field is said to have unit strength when 
the force acting on a unit positive pole in it is one dyne. To deter- 
mine the magnetic intensity due to a pole of strength m at a point 
distant r from it we imagine that a unit positive pole has been 
placed at the point in question. The force of repulsion between 
(m X 1) m 


= " 2 ; this gives the magnitude of the 


the two poles is 

intensity ; its direction will be along the line joining the two poles 
and its sense away from the polo m, if this is positive. 
Alternatively, if a small positive pole dm at a point distance r 

- . m . dm , 8F m 

from m, experiences a force oF, then oF = — ^ — , i.e. 

[The sense of the magnetic intensity is given by the sign of dF.] 

Since ^ is the limiting value ^ magnetic intensity 


at the point considered. 

In general, magnetic field strength or magnetic intensity will be 
denoted by the symbol H. The symbol Hq will be used to denote 
the horizontal component of the earth's magnetic field : its vertical 

component is Hy. 

Magnetic Lines of 
Force. — Let 0, -Fig. 
39;8, be a point in a 
magnetic field. Com- 
mencing at 0 let us move 
a short distance OA in 
the direction of the mag- 
netic intensity at 0. To avoid this somewhat long expression 
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we frequently say that we have moved in the direction of the 
field at O. Prom A let us move another short distance in the 
direction of the field at A, and so on. In the limiting case when 
the short distances become infinitely small the broken curve 
becomes continuous and it has the property that the tangent at 
any point on it indicates the direction of the field at that point. 
Such a line is called a line of force* If a unit pole were placed in 
a field and released it would move along a line of force provided that 
sufficient frictional forces were present to prevent it acquiring an 
appreciable amount of momentum. To plot the lines of magnetic 
force due to the combined effect of a bar magnet and the earth's 
field a small compass needle is placed in the field and the positions 
of its extremities indicated by dots. The needle is then moved to 
such a position that its S-pole comes to rest over the point previously 
occupied by its N-pole. Another dot is obtained and the process 


W (b) 

Fia. 39-9. — Lines of Force indicated by Iron Filings. 

continued. The curve is obtained by joining successive dots 
together. Such a method can only be used when the lines of force 
are not sharply curved, for a compass needle of finite length neces- 
sarily lies along the tangent to the line of force at its centre, and 
in the above process of plotting a field it is tacitly assumed that 
the tangent coincides with the line of force over a length equal to 
that of the needle. 

A very rapid and interesting way of showing lines of magnetic 
force consists in laying a piece of sensitized paper on the magnet and 
sprinkling over it some iron filings, a process which is most readily 
accomplished by stretching a piece of coarse muslin over the mouth 
of a bottle containing the filings, and using it as a pepper-box. By 
gently tapping the paper the filings are caused to arrange themselves 
along the lines of force. The paper is then exposed to sunlight, the 
filings are removed, and a permanent record is obtained by fixing 
the paper in the usual way. 
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The distribution of the lines of force by means of iron filings is 
shown in Fig. 39-9 (a) and (6). In (a) the keeper has been removed, 
while in (6) the keeper has been placed near to the poles. The 
marked absence of the lines of force above the keeper shows that the 
lines of force prefer to follow the path through the soft iron rather 
than through the air.^ 

Uniform and Radial Magnetic Fields. — A magnetic field is 
said to be uniform when the magnitade and direction of the strength 
of the field are constant at all points in it. 

When the direction of the field strength has a common origin 
the field is radial, e.g. the magnetic field due to a single pole. The 
term is also applied to magnetic fields in which the direction of the 
lines of force at all points in it originate on a straight line. In 
each instance the field has the same numerical value at points 
equidistant from the point or line origin. 

The Effects of Magnetism on Chronometers. — The accuracy 
of an ordinary watch, having a bimetallic [steel and brass] balance 
wheel and a steel hair-spring, is greatly affected by magnetism. 
When placed in a strong magnetic field the steel portions become 
magnetized and the period is affccteci since the earth’s magnetic 
field exerts an additional couple on the wheel. Moreover, the hair- 
spring may be drawn out and touch the wheel. The watch then 
behaves erratically, and it must be demagnetized. 

An elinvar balance wheel [cf. p. 168] is left uncut, and although 
it may be magnetized, it loses the magnetism on being removed 
from the field. The magnetic conditions of balance-wheel wheels 
and hair-springs made (a) of elinvar, (6) in the usual manner, are 
indicated in Fig. 39*10 and 39*11. 

Verification of the Inverse Square Law. — By constructing a 
line of force due to a bar-magnet placed in a horizontal position in 
the earth’s field the inverse square law may be verified as follows : — 
By means of a compass needle draw the lines of force due to the 
horizontal component of the earth’s field alone — ^they are represented 
by the parallel lines H in Fig. 39*12. Next place the magnet in any 
convenient position and construct several lines of force, one of which, 
vizf NFS, is shown. The point P is selected where the line of force 
is parallel to the earth’s horizontal field. If this condition is com- 
plied with, the direction of the total field at P due to the magnet alone 
must also be parallel to the lines H. But we can determine the 
direction of the field at any point due to the magnet alone as 
follows : — Let PN and PS be called fi and respectively. Then 

^ The Mine of force* is purely a mathematical concept, but it is of such 
use in explaining magnetic phenomena that we wonder it does not oorre- 
spond to some reality and we talk as if it does. 



Fxo. 39*11. —Magnetic Ckjnditions of Mam-Springs. 
A. Elinvar, B. Steel. 
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the total field at P due to NS alone has two components, numerically 

equal to along NP , and ^ along PS. We therefore draw PA and 

PB proportional to these components and complete the parallelo- 
gram PACB. If its diagonal PC, which represents the total in- 
tensity at P due to NS alone, is parallel to the lines H the inverse 
square law will have heen verified. For the purposes of this experi- 



ment and others — unless ball-ended magnets are employed — ^it may 
be assumed that the poles are symmetrically placed and that 
the distance between them is five-sixths the total length of the 
magnet. Good results are obtained by using ball-ended magnets 
at least 15 cm. long, and choosing the point P so that it is at least 
16 cm. away from each pole. Moreover, the curvature of the line 
of force at P should be small [of. p. 749]. 

Neutral points. — A neutral point in a magnetic field is defined 
as a point at which the strength of the magnetic field is zero. 
In actual practice the neutral points which are located experimen- 
tally do not, strictly speaking, satisfy the above definition, for they 
are such that at any one of them the resultant field strength duo 
to the magnet and the earth has no component in any horizontal 
direction whatsoever, i.e. at such a point the resultant magnetic 
field, if any, is entirely vertical.’ Such a point should therefore 
be termed a pseudo-neutral point, but where no confusion arises 
it will, in the sequel, often be designated a neutral point fdr the 
sake of brevity and in conformity with general practice. 

If a bar-magnet lies with its axis in an E.-W. direction, its 
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north-seeking pole pointing west, the lines of force are as indicated 
in Pig. 39-13. At the point A [there is a symmetrically placed other 
and similar point in the part of the diagram not reproduced] it 
will be noticed that a compass needle tends to set in any position : 
A is a neutral point or, better, a pseudo neutral point. In the 
diagram AJ and AK represent the magnetic field strengths at A 
due to the N and S poles of the magnet. The resultant magnetic 
field at A duo to the magnet NS is represented by AR, the diagonal 
tlirough A of the parallelogram whose sides are AJ and AK. Since 
A is a pseudo neutral point the above resultant field is equal and 
opposite to Ho, the horizontal component of the earth’s magnetic 
field. It therefore follows that when. such a point as A has been 
located the pole-strength of the magnet, NS, may bo calculated if 
the value of Hq is known. [In London, Hq = 0-185 oersted.] 
The method is exemplified in the next paragraph. 

Experimental Determination of Pole- Strengths and 
Magnetic Moments. — {a) If a magnet has its north-seeking 
pole N pointing to the north two neutral points are found on the 
equatorial line of the magnet : they are at equal distances from the 
centre of the magnet, and 0, Fig. 39*14 (a), is one of these points 
at distance r from either pole. The magnetic field strength at 



(a) (b) 

Fia. 39-14. 


0 due to NS alone has two components each numerically equal to 

If OA and OB represent these in magnitude and direction, OR, 

the diagonal of the parallelogram OARB represents their resultant. 

It is equal to 2-^ cos AOR == 2-—^ = where M = 2mL This 

quantity, 2wZ, the polo strength X the magnetic length, is termed 
the magnetic moment of the magnet.^ At a neutral point the 
above expression is equal and opposite to Hq so that 

M = HoT*, and tn = — . 

^ The unit of magnetic moment is the unit-pole. cm., or alternatively, of. 
p. 760, the erg. oersted.”"^ 
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If the direction of the magnet is reversed the neutral points lie on 
the axis of the magnet and it is left as an exercise to the student to 

prove that in this instance M = where r is the distance 

of a neutral point from the centre of the magnet. 

(6) When the bar magnet points east and west the two neutral 
points lie on a line inclined to the axis of the magnet. Let 0, 
Fig. 39*14 (6), be one of the neutral points for this position of the 
magnet. If and r, are the distances NO and SO respectively, 
while a and p are the angles these vectors make with the direction 
of Ho, the component in a direction opposite to that of Hq of the 

intensity at 0 due to NS alone, is ^ cos ^ cos a. Since 0 is a 

r% Ti 

neutral point the above component is equal and opposite to Hq, 
BO that 

„ m ^ m 
Ho = 008 ^ cos a, 

M 

and, in addition, 

m . ^ m . 
sin ^3 = — Bin a. 

Although this last equation cannot be used to determine m, its 
validity should bo verified to show that the position of the neutral 
point has been located correctly. 

If ball-ended magnets are available for these experiments better 
results will be obtained since the positions of the poles are known 
more accurately— they are at the centres of the spheres. 



The Magnetic Field Due to a Vertical Magnet.— We may 
obtain some idea of the configuration of the field in this case without 
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resort to actual experiment although, if numerical results are to be 
obtained, the field must be plotted in the usual way. If N, Fig. 
39*15 (a), is a single north pole the lines of force are straight lines 
radiating from the pole. If a uniform magnetic field Hq (the earth’s 
horizontal magnetic field) is superposed on this, the lines of force in 
the upper half will tend to bend round and become parallel to Hq. 
The lines of force in the lower half will commence similarly to travel 
southwards but will gradually bend round as indicated. In the 
same way the field Hq will also be disturbed as shown. There 
will be a neutral point at 0. Now in actual practice there will 
always be present the south pole of the magnet so that the actual 
arrangempnt of the lines will be slightly different from that 
shown. But even so there will still be a neutral point. Let this 
be distant r from N, Fig. 39*15 (6), which is a section through the 
magnet and the neutral point. The horizontal components of the 

intensity at 0 due to the magnet alone are - and ^ ®* 

Since these act in opposite directions and O is a neutral point we have 




tn 


m 


(r^ + 41*) 


COB 0. 


Experimental Verification of the Inverse Square Law for 
Magnetism, — ^NS, Fig. 39*16, is a ball-ended magnet placed at 
random on a table. The lines of force are plotted in the usual 
way. Let us suppose that O is a neutral point. Then the 



Fio. 39*16. — Experimental Verifioation of the Inverse Square Law for 

Magnetism. 

field at 0 duo to the magnet alone is parallel to Hq, the horizontal 
component of the earth’s magnetic field, but in the opposite sense. 

To verify the inverse square law for magnetism, through 0, draw 
OR of any convenient length parallel to Hq but in the opposite 
sense, and through R draw RA and RB parallel to SO and NO to 

BB 


l.F. 



766 


MAGNETISM AND ELECTRICITY 

cut NO produced in A and SO in B respectively. Then OA and 
OB are proportional to the magnetic intensities at O due to the 
positive and negative poles of the magnet respectively. If the 
force between two poles in air is inversely proportional to r**, where 
n is to be determined, then 

OA = 1cm/r^ 

and OB == where £ is a constant, m the numerical value 

of the pole strength in arbitrary units, and and r 2 are the distances 
indicated. 

Hence 



or log(^)==„log(^). 

If therefore the above distances are measured and the value of 
the expression log (OA/OB) -r log {tJtx) is found to be 2, the 
validity of the inverse square law will have been verified. 

Directional Loci in a Magnetic Field and the Locating of 
Neutral Points. — The methods which have been discussed for 
locating neutral points in a magnetic field are really very ineffective 
since, on account of the finite length of the exploring magnet, it is 
impossible to plot lines of force accurately when their curvature 
is considerable. Owen has described the following method. A 
neutral point is located as the point of intersection of two curves 
each of which is such that at all points on it the direction of the 
magnetic field in a horizontal plane is the same. Any two directions 
may be selected, but it is preferable to have two directions mutually 
perpendicular, and in cases where the earth’s horizontal magnetic 
field is involved, these two directions should be respectively parallel 
and perpendicular to this field. Such loci can be determined quite 
definitely since the errors of plotting are non-cumulativc. As the 
point of intersection of two such directional loci, as they ,aro 
termed, is approached the component of the field in the chosen 
direction diminishes to zero and, beyond it, changes sign. The 
points of intersection are therefore points at which the horizontal 
field strength is zero in any direction, i.e. they are neutral points. 

The apparatus required to plot directional loci consists of a 
sheet of squared paper mounted on a drawing-board, and an ordinary 
small compass needle. The paper is adjusted so that the lines on 
it run parallel and perpendicular to Hqa When the magnet has 
been placed in position the compass needle is moved across the 
paper and some point is soon found where the needle is perpendicular 
to the magnetic meridian. A sharpened x^oint of a pencil is held 
firmly just above the centre of the needle, the needle is removed, 
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the pencil point moved straight down on the paper and a dot made. 
Other points are found and the locus drawn. The second locus 
is similarly constructed. 

Fig. 39-17 shows two directional loci when a short magnet 
(‘ Alcomax steel ’) lies as indicated in an E.-W. direction. For 
points on the locus marked (i) the field in the plane of the diagram 
is parallel to the axis of the magnet ; on the locus (ii) the field is 
perpendicular to the above axis. The loci intersect at X which is 
a neutral point (really "a pseudo-neutral point, ef. p. 752) : a similarly 
situated neutral point would be found if the lower half of 
the diagram had been completed. Actual measurejincnts give 



FuJ. 39*17.-- Directional Loci in a Magnetic Field. 

= 11-2 cm. ; ^2 ““ cm. ; a — 38-75® ; (i =- 310®. Assuming 
Hjj 0-18 oersted, we have 

^ o ^ ^ nr. 

0-18 -i — 2 cos a 3 cos p ~ 0, 

Ti r2 

whence w, the polo strength of the magnet, is 80 unit-pole. 

Also if 21 = 1-8 cm., the magnetic moment of the magnet is 
given by 

^ M = 160 erg. oersted.”^ 

It is also interesting to note that 

— i- - - 0-495) X 10-», 

ri* ra® 

= (0-003) X 10-». 

which is negligible compared with either term or the l.h.s. of the 
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equation so that, with due allowance for experimental error, it 
may bo considered zero, as theory requires. 

Neutral points in other fields may similarly be located. 

Intensity of Magnetization. — ^This is defined as the magnetic 
moment per unit volume of a magnet. If the magnet is uniform 
in cross-section, and the intensity of magnetization, J, also uniform, 
then J is equal to the pole strength per unit area of cross-section, for 

T — M — !? 

218 "" 

where 21 is the length of the magnet, v its volume, and 8 its area 
of cross-section. It must bo noted that 21 is now the total length 
of the magnet, the poles being at the ends of the rod since it is 
uniformly magnetized. 

The unit of intensity of magnetization is the unit-pole. cm. cm.®, 

i.e. unit-pole. cm."® This is identical with the unit of magnetic 
induction [cf. p. 791] and likewise may be termed the gauss, 

EXAMPLES XXXIX 

1. — Calculate the force between magnetic poles of strengths 19 (N) 
and 27 (S) respectively when separate by a distance of 10*5 cm. 

2. — Find the magnetic field strength at a point 6*7 cm. away from 
a magnetic pole of strength 31-7 unit-pole. 

3. — How far away must two like poles of strengths 81 and 54 respec- 
tively be placed so that the force between them may be equal to the 
weight of a 0*60 gm. mass t 

4. — A short bar magnet lies in the magnetic meridian. If there is 

a neutral point 7 Cm. from the centre of the ma^et calculate the 
magnetic moment of the magnet assuming the horizontal component 
of the earth’s field to be 0-185 oersted. 

5. — ^Define unit magnetic pole, and explain what is meant by the 
strength of a magnetic field. Give a short account of the molecular 
theory of magnetization. 

6. — ^Describe how, in the absence of any external magnetic field, you 
would proceed to ascertain whether or not one of two identical pieces 
of iron rod were magnetized. 

7. — Describe two distinct tests which can be applied to find out 
whether a steel bar is magnetized. If it is magnetized explain how 
it can be demagnetized and, if unmagnetized, describe fully how an 
electric current can be used to ensure that a particular end of the 
bar shall have north-seeking polarity. 

8. — Describe, with diagrams, the arrangement of a simple circuit 
suitable for the magnetization of a short steel bar. Show on your 
diagram the direction of the current and the north pole of the bar. 

The bar is removed from the circuit after magnetization and placed 
on a horizontal table with its north pole pointing S. Show on a 
diagram the approximate distribution of the lines of magnetic force 
in the piano of the table. If a neutral point occurs at a distance of 
10 cm. from the centre of the bar estimate the magnetic moment of 
the bar. 

[The value of the horizontal component of the earth’s magnetic field 
may be taken as 0-18 oersted.] 



CHAPTER XL 
MAGNETOMETRY 


The Magnetic Moment of a Magnet. — ^When a small compass 
needle is placed in a horizontal plane and is free to rotate about a 
vertical axis passing through its centre it comes to rest in the 
magnetic meridian if no magnetic materials are present and there 
are no strong magnetic fields. If the needle is displaced it tends 
to return to the above ijosition. This motion is caused by two 
forces acting on the poles of the magnetic needle. If is the 

IlfjCccnsM) Jif,('ocrst.eJ) 




Fig. 40*].— (a) Couple aotlng on a Magnet in a Uniform Field when the Axis 
of the Magnet is not Parallel to the Field. (6) Equilibrium of a Magnet 
in two Uniform Fields, mutually perpendioulor. 

horizontal component of the earth’s magnetic field and m the pole- 
strength of the small magnet, the force on each pole is mllo ; but 
the sense of each force is different since the pole-strengths are really 
m and — m. Let NS, Fig. 40*1 (a), be a small magnet displaced 
from its position of rest through an angle 0, and let 2Z be the length 
of the magnet. 

The two forces wHq constitute a couple, the moment of which 
is mHo . SA, where SA is the perpendicular distance between the 
lines of action of the two forces. But SA = 21 sin fl, so that the 
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760 


MAGNETISM AND ELECTRICITY 


moment of the restoring couple is m . 22 . Hq . sin 0 = MHq sin 0, 
where M = 2ml, the magnetic moment of the magnet [the compass 
needle] 

This equation shows that the magnetic moment, M, of a 
magnet is numerically equal to the couple required to hold 
it in a position at right angles to a unit magnetic field, i.e. 
to a uniform field of strength 1 oersted. More strictly, M is the 
couple per unit field necessary to hold the magnet at right 
angles to a small magnetic field* The unit is the erg. oersted."^ 

This is a better definition of magnetic moment than that given 
on p. 763 and it enables us to define what is meant by the pole 
strength of a magnet, viz., the magnetic moment of a magnet 
divided by the distance between its poles. 


To Shovir that a Magnetic Moment is a Vector Quantity. — 

Let us reprosont a magnet of magnetic moment M by a straight line 
OA, Fig. 40*2, along the axis of the magnet, the 
positive direction of the axis being from the 
south-socking to the north -socking polo of the 
inagnot. Let OP and OQ bo the projections of 
OA on two straight linos mutually perpon- 

dicular, tho AOP being Then OP and OQ 
will represent magnets whoso moments are 
M cos ^ and M sin ^ respectively. Is this pro- 
cedure legitimate ? Let us suppose that H is 
the magnetic intensity of a uniform field in the 
plane of the diagram. Lot tho direction of H 
make angles 0 and yf with OA and OP rospoc- 
tivoly. Then the couple on tho magnet wfioso 
moment is M cos <{> is (M cos .H sin y, and is 
anticlockwise. Since tp — 0 the above ex- 
pression becomes 

MH cos <^. sin (0 -f i^). 

For the magnet whoso moment is M sin 
the couple on it in an anticlockwise direction 
is — Msin <3^. II sin whore x the angle indicated. This is 

~ MH sin 0.sm 0 — — MH sin ^.cos (0 -h ^). 



The sum of these couples is MH{oos <^.sin (0 -f — sin ^ cos (0 + ^)} 
'=» MH sin (0 + ^ = MH sin 0, 

which is the couple on the magnet whose moment is M. Thus it 
has been found that M is a vector quantity. 


The Equilibrium of a Magnet in a Magnetic Field due to 
the Superposition of Two Mutually Perpendicular Magnetic 
Fields. — ^Let us now suppose that tho needle is deflected per- 
manently by placing a magnetic field, ^ H, Fig. 40*1 (6), at right 

^ This is an abbreviated statement ; it means that the magnetic strength 
of the field, or the magnetic intensity, is H dyne, unit-pole. or H oersted. 
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angles to Hq. The restoring couple on the magnet due to the pres- 
ence of the second field is mH . AN. The equilibrium position of 
the magnet will be such that restoring couples due to the fields 
ara equal, i.e., 

mil . AN = mHo . SA. 
or H = Hq tan fl. 

Hence, if Hq is known and 6 is measured, H may be deduced. 
The above relationship is a fundamental one in magnetometry. 

[In general, H is only uniform over a small region — Whence the 
magnet used should be short.] 

The Magnetic Field Strength or Magnetic Intensity due 
to a Bar Magnet at a Point on its Axis. — It is required to 
determine the magnetic intensity [or field] due to a bar magnet 
at a point on its axis — ^the axis or axial line of a magnet being 
defined as the direction of the line joining the two polos together. 
I^et m be the pole-strength, 21 the magnetic length of the magnet 
and r the distance of the point A from the centre of the magnet, 



Kro. 40 * 3 . — Magnetic Field Strength at a Point on the Axis 
of a Bar Magnet. 


Fig. 40-3. Suppose that a small pole dm is placed at A. Then 

the force on this polo due to + m is 7 ^> since the distance 

(r — t) 

of sei)aration of the two poles is NA or {r — 1), This force is 
considered positive when it acts in the direction of r increasing. 


The force duo to — m la similarly — r— - The two forces 

(r -I- ly 

on the small pole at A act along the direction of r so that their 
resultant (5F [say] is given by 


-- [(r -l)-2 + 


^7nLr,d?n 
(r - /) (r 4- 1) r 


_ 2Mr.5»i 

“ (r* - J*)* ' ' 

where M is the magnetio moment of the bar magnet. 

The field strength at A is the force per unit pole on 6m, viz. 
<JF dro 

2Mr 

• • jaja- 
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If I is small compared with r, i.e. - —>■ 0, the expression for the 
field strength becomes 

2Mr 2M 

The Field Strength or Magnetic 
Intensity due to a Bar Magnet at a 
Point on the Straight Line ^ bisecting 
its Length at Right Angles. — Let B, 
Fig. 40-4, bo the choson point at dis- 
tance r away from the centre of the 
magnet. The magnetic field strength at 
B is the resultant of two components 

(NR^ (SB)2 

If these are represented by the vectors 

» BP- '»»'>'« ^ 

a Bar Magnet at a respectively, the resultant field strength 
Point on its Equatorial will be represented by BR the diagonal 
through B of the parallelogram BPRQ. 
The magnitude of this resultant is given by 

ww 2m I M 

Hb — 2BP ooB a — gjjj . gjj — _|. pjj’ • • • (2) 

since BN = (f* + P)*. 

When I is small, - —>■ 0, and 
r 



Exercise , — Consider a small polo d?n at B, Fig. 40*4. Write down 
expressions for the forces on dm due to tho magnot and henco obtain 
an expression for the field strength. 

The Deflexion Magnetometer. — This consists essentially of a 
small magnetio needle pivoted or suspended by a silk thread, so that 
it is capable of moving in a horizontal plane. A light aluminium 
pointer is attached at right angles to the needle, and this is used 
to determine the angle through which the magnetometer needle 
moves. The end of the aluminium pointer moves over a circular 
scale, graduated in degrees. In order to assist the making of 
accurate observations a mirror is placed underneath the needle, the 
eye being placed in such a position that the needle and its image are 
^ Sometimes termed the equatorial line of the magnet. 
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in the plane containing the eye. In this way parallax errors are 
avoided — see Fig. 40-6 (a). This diagram shows that unless the 
eye is at E^ directly over the end of the pointer and its imago, a 
considerable error may be made in reading the position of the 
poiator. [For convenience the scale is shown by vertical lines — 
actually they are horizontal.] The whole is enclosed in a box 
furnished with a glass lid protecting the needle from currents of 
air, etc. Two scales in cm., etc., are fixed, one at right angles to 
the length of the magnet in its zero position, and the other parallel 
to it, the centre of the needle being /Erectly over the point of 
intersection of the axes of the two scales. In other words, these 
scales point to the (magnetic) oast and west, and to the (magnetic) 




/ End -on 
View of 
Needle 


Mirror* 


Image of 
Needle 
in Mirror 





north and south respectively, so that the position of a magnet which 
is used to deflect the magnetometer needle may be observed [of. 
Fig. 40-5 (6)]. 

A more sensitive type of deflexion magnetometer is indicated in 
Fig. 40*5 (c). It is contained in a wide glass tube about 30 cm. long to 
protect the actual working part of the instrument from air currents. 
A No. 2 B.A. brass rod A, fitted through an ebonite disc inserted in 
the top of the glass tube, supports a fine quartz or silk thread carrying 
a small concave mirror, L, rigidly attached* to a magnet, M, 
consisting of three short steel rods, and a light aluminium or paper 
vane, N, the purpose of which is to increase the damping by 
augmenting the air resistance and thus bring the magnet to rest 
more quickly after it has been displaced. The deflexions are shown 
by means of a spot of light reflected from the mirror. The advan- 
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tages gained by the use of quartz threads are that the restoring 
couple on the magnet is less than with other forms of suspension, 
and the elastio properties of quartz are such that after the quartz 
has been twisted it recovers its former shape completely, a constant 
zero position thereby being obtained. Very frequently the magnets 
are mounted at the back of the mirror. 

In using a deflexion magnetometer it is customary to arrange 
that the fields H and shall be mutually perpendicular, so that 
the relation H = Hq tan 0 is at once applicable. 

The condition that the tyro fields should be perpendicular to one 
another is not essential although it is one of great convenience. 
For suppose that the field H makes an angle a with the E.~W. 
direction. Then the condition for the equilibrium of the magnet 
is that 

mHo . 21 sin 6 — mH . 21 cos (0 f- a) 

H _ _ sin e 
Hq cos(0 + ccY 

where 0 is the deflexion of the needle. 


Verification of the Inverse Square Law. — Let AB, Fig.40*6 (a), 
be a ball-ended magnet having one of its poles directly above the 
centre of a magnetometer needle. The effect of this pole on the 
needle will be zero since each pole of the needle is affected in an 
equal but opposite way by it ; moreover, these forces act in a 

^ ^ vertical plane, and the 

^ needle is only free to 

\ % swing in a horizontal 

\ I plane. Hence any de- 

\ flexion of the magneto- 

\ meter needle will bo due 

\ \ to the pole A. Let this 

\ be of strength m and at 

^ ^ a distance r away. Then 

te 2 EL ^ A jr the field at C due to this 




— /• — J is~i = H[say]. Ifflisthe 

angle of deflexion, m„ the 
Fig. 40.6.. -Verificat^n of Inverse Square strength of the mag- 

netometer needle, and Hq 
the intensity of the earth’s horizontal field, we have, from Fig. 
40‘6 (6), H =! Hq tan 0, or r* tan 0 == constant. If, therefore, when 
log tan 0 (ordinate) is plotted against log r, a straight line whose 
slope is — 2 is obtained, the inverse square law will have been 
established experimentally. 

The Tangent A and Tangent B Positions of Gauss. — In 
Fig. 40*7 let a small comi>ass needle be placed at a point on the axis 


Fig. 40*6.. -Verification of Inverse Square 
Law. 
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of a magnet NS. If is the intensity of the field due to the bar 

2M^ 

magnet, then Hjjis if ris large assunied to be 

uniform over the region occupied by the small compass or magneto- 
meter needle. If Hq is the value of the horizontal component of 
the earth’s magnetic field, then ~ tan Ox^ 



Fia. 10*7. — The Tangent A Position of Gauss. 


Substituting tlie known value of the equation becomes 

2Mr Tj i. /» 

, Hq . tan Ox 


(r2 


or 


. 12)2 
M 

h; 


r2 _ 




2r 


. tan Oa 


(i) 


If — O, the above equation becomes 
r 


tan Ox 


M _ H/i ^ly 

Ho 2 \^ rV 

= Jr* tan 0 a + terms which are negligible 

= Jr* tan Oa . . . . (ii) 

Similarly, if the magnet and needle are placed as in Fig. 40-8. then, 
if Ojj is the corresponding deflexion, 

H.JJ = Hq tan Og 

whence, by substitution, and rearrangement of the terms, 

=r: (r* -f i2)j Ob . . . (iii) 

Ho 

This reduces to 


M I 

= r® tan 0 b» when - — > O . . . (iv) 

Hq r 

These two arrangements of the magnet and needle are called the 
tangent A and tangent B positions of Gauss respectively 
Gauss was a German mathematician of the early nineteenth 
century, and the formulation of the above equations was origin- 
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To 

^ )etic 
lorth 


Fio. 40*8. — ^The Tangent B 
Position of Gauss. 


ally due to hie work. These positions are sometimes referred 
to as the end-on and broadside-on positions respectively [cf. Fig. 

40*6]. It should be noted that 
in each position the axis of the 
deflecting magnet is at right 
angles to the earth’s horizontal 
magnetic fleld. 

A More Accurate Verifica- 
tion of the Inverse Square 
Law. — The expressions obtained 
for the tangent A and B positions 
have been derived on the assump- 
tion that the inverse square law 
is true. If, therefore, the values 

of ^ obtained by using a given 

magnet in the two positions are 
consistent, the inverse square law 
will have been verified. Unfortunately, however, the uncertain 
factor in these equations is the value to be assigned to Z, the 
semi-length of the magnet. This difficulty may be avoided by 

I 

using a very short magnet, so that - — > 0, and by measuring 

the deflexions with the sensitive magnetometer just described. 
I 

When — ► 0 we have 
r 

^ = Jr* tan Aai and = r* tan Ob. 

tan Oa 
tan Ob 

If the law of attraction were one of the inverse n-th power we 
should have 

ta n Oa __ 
tan Ob ~ ^ ’ 

for the intensity at a point on the axis of a bar magnet would be 

I 1 

( 1 1 ^ «n 

Ha 


Thus 


= 2 . 


= »i| 


(r - i)» (r + i)' 


_ m r 

“t-l 

are neglected, 
nM 



1 +«.| -1 + n 


‘0 


i* 

, when -g and higher terms 
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Similarly, for Hb we shotild have [cf. Fig. 40’4], 


TT 2m 

HB = 5^„OOBa = 


2m { M 

(r* +1^;^ ‘ “ (r» + 1*)“" + ” 


_ M 

~ fn + v 



0 . 


M 1 

Gonaeqaently would equal -r"+i tan 0 a and l>an 0j} re- 

Uq fl 

Bpectively for the two positions ; hence tan 0 a = ^ ®b* 

In 1832 Gauss carried out a series of experiments on the above 
lines. The magnet which he used was about a foot long and had a 
mass of almost 1 lb. The magnetometer was of the reflecting type 
and carried a plane mirror at one end of the suspended needle. A 
horizontal scale in mm., etc,, and more than a metre long, was 
fixed above a telescope 5 metres away from the magnetometer 
needle. The telescope was arranged so that the image of the 
horizontal scale above it, which was formed by reflexion in the 
plane mirror, could be observed. In this way small angular dis- 
placements of the magnetometer needle could bo measured as 
explained previously [of. p. 378]. A displacement of one scale 
division across the fiducial mark in the observing telescope corre- 
sponded to an angular rotation of 22 seconds. A rotation of one- 
tenth this amount could be estimated by eye. Now Gauss was 
fully appreciative of the fact that the cMef uncertainty in these 
experiments was in estimating the distance between the i)ole3 of 
the magnet. He therefore decided to work with the magnet at 
distances between 1 and 4 metres from the magnetometer so that 

the fraction ^ was always small and certainly negligible when r 

exceeded 2 metres. 

Some of the results ho obtained on 24-28 June 1832 are included 
in the following table. 



DoSoxion of iicedlo 

Distance of magnet from 
magnetometer (r) 

Tan A position 

Tan B position 

!•! metre. 

2° 13' 61*2' 

r 10' iQ ^'' 

2-0 „ 

37' 

19' 1-6'' 

4-0 „ 

4' 36-9^ 

2' 22 2'' 


Since tan 0 a — 2. tan Og, it was verified that n was equal to 2 
within the limits of experimental error. Now it would bo very 
remarkable if such a universal law should contain an index 2 plus 
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or minus a very small fraction. It is therefore concluded that the 
value of 71 is exactly 2. 

It is interesting to note that with the same apparatus Gauss 
made the first absolute determination of Hq, the horizontal com- 
ponent of the earth’s magnetic field. Until then, values for Hq 
at different places had only been compared by an oscillation 
method [cf. p. 771]. 

The Comparison of Magnetic Moments and the Adjust- 
ments of a Deflexion Magnetometer. — ^Magnetic moments may 
be compared with the aid of a deflexion magnetometer. The 
magnetometer is first made level and then arranged so that the 
pointer attached to its needle sets at the zero marks on the circular 
scale inside the instrument. The scale in cm., etc., used to measure 
the distance of the centre of any magnet from the centre of the 
needle is then placed parallel, or at right angles, to the pointer as 
desired. The following procedure is adopted irrespective of whether 
the tangent A or the tangent B position of Gauss is being used. 
Fig. 40*9 indicates the positions of the magnet when the mag- 
netometer is in the A position of Gauss. 

(i) The magnet is placed with its centre at the desired distance 
away from the needle — Fig. 40*9 (a). After gently tapping the 
case of the magnetometer to overcome the effects of any sticking 
at the pivot, on which the needle rotates, the positions of both 
ends of the pointer on the circular scale are noted. In this way 
any error due to the fact that the axis of rotation of the needle 
may not pass through the centre of the circular scale is 

eliminated if the depar- 
ture from the ideal con- 
ditions is not large. 

(ii) The magnet is then 
turned end for end and 
the positions of the ends 
of the pointer again noted 
—Fig. 40-9 (6). If the 
magnet is not mag- 
netized symmetrically 
the effects due to this are 
eliminated by proceeding 
in this way. 

(iii) The observations 
are then repeated with the 

magnet at the same distance on the other side of the magneto- 
meter needle— Fig. 40*9 (c) and (d). Any error arising from the 
fact that the needle may not be pivoted at the centre of the 
graduated arm are thereby eliminated. 



Fiq. 40‘9. — Comparison of Magnetic Mo- 
ments and the adjustment of a Deflexion 
Magnetometer. 
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The mean of the eight readings thus obtained will be equal to 
that deflexion which would be obtained if the settings of the scales 
with respect to the needle and each other were ideal, provided that 
in no instance does the mean differ very much from any one of the 
eight above readings. If, on any occasion, a large difference should 
be found, it probably means that the pointer is not at right angles 
to the axis of the magnetometer needle. 


Experiment 1. — Each magnet is placed in an end -on position and the 
corresponding deflexions determined. If suffixes refer to the two 
magnets wo have 


M, 



tan 0., and v 


M. 


H« 



tan Oi. 


Hence 


M, 


> 1 * - ri t ang, 

r,* — ' r, ’ tan 6^ 


Instead of determining the deflexions due to each magnet the position 
of the second magne^t may be adjusted until the two deflexions are 
equal when the above equation becomes 

Ml pi*- V "]» 

M, "" Lr,» - • r,’ 

Those exporiments nmy be repeated with tlio magnets in the broad- 
side-on position. 

Experiment 2.- -The measurement of angles may be eliminated by 
using the following null method. The two magnets are placed on 
opposite sides of the magnetometer and the position of one of tliem 
adjusted until the needle is not deflected from its zero position. Under 
those conditions the intensities at. the centre of the needle due to each 
magnet separately must be equal so that 
2Mifi 2M|r| 

M* ~ U,* - Z,* J ' r,’ 

Moment of Inertia of a Rigid Body about an Axis of Rota- 
tion. — Suppose that a rigid body is rotating about a fixed axis with 
angular velocity m. Consider a portion of that body, so small that 
it may be regarded as a material particle. Let m be its mass and 
r its least distance from the axis of rotation. Then the linear 
velocity of that particle is v = rot). Its kinetic energy is 

\mv^ = 

For the whole body, the kinetic energy will bo 
where the summation refers to all the particles which constitute the 
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rigid body. The quantity Smr* is termed the moment of inertia 
of the body about the particular axis of rotation considered. 


The Vibration Magnetometer. — ^When a magnet oscillates 
freely in a horizontal plane in a uniform magnetic field the motion 
is simple liarmonic if the motion is restricted so that the amplitude 
is small and there is no couple due to torsion in the supporting 
filament, or to friction at the pivot. The periodic time in seconds 
is expressed by 


T==27i 



where M is the magnetic moment of the magnet, H the horizontal 
component of the magnetic field [generally the earth’s], and I the 
moment of inertia of the magnet about its axis of rotation. For a 
given magnet this is a constant depending on its mass, shape, and 
the axis about which it oscillates. For a rectangular bar of mass m, 
of length a and breadth 6, oscillating about an axis through its 
centre of gravity and normal to the plane containing a and 6, 


~ |_ 12 J’ 


For a cylindrical magnet of mass m of total length 2a and radius r 
performing oscillations about an axis through its centre of gravity 
and normal to its length 

1 = 


Wm 



=»[r+i]- 


Searle’s Magnetometer. — 
This consists essentially of a fine 
thread of unspun silk, AB, sup- 
ported at its upper end, and 
carrying at its lower end a brass 
cylinder tapering to a point as 
shown in Fig. 40*10. This point 
enables the position of the cen- 
tral axis of the block to be deter- 
mined. The brass block carries 
a short magnet, M, arranged 
horizontally. A light aluminium 
pointer, C, about 10 cm. long 
enables the oscillations to be 


observed more easily. The brass 
block serves to increase the 


Fio. 40-10. — Seorle's Vibration 
Magnetometer. 


moment of inertia of the system 
about its axis of rotation so that 
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its period becomes slow enough for aco urate obseryations to be 
obtained. Unspun silk is used for suspending the magnet, sinoe 
the effect of torsion in this material is negligible. 

With the help of this apparatus a magnetic survey of the labora- 
tory may be made. The equation for the period of an oscillating 
magnet may be written HT* = k, where ic is a constant. If H 
is the horizontal field at some point, and this is known, the value 
of K may be calculated when T is known. The value of H at other 
points may be deduced from the value of #c thus obtained and the 
observed time of swing at the point in question. 

Comparison of Two Horizontal Magnetic Fields. — ^Two 
horizontal magnetic fields could, in general, bo compared by the 
above method if it were possible to isolate them, but as a rule the 
needle will oscillate in a field which is the resultant of one of the 
fields to bo compared and the earth’s horizontal field, Hq. To 
compare the two given fields it is therefore customary to arrange 
them so that their diicctions coincide Avith that of Hq and then 
make the following observations : — ^If and Hg are the fields, 

IIq is tlie earth’s horizontal field, and the times of oscillation of the 
needle are and Tj when the two fields are arranged parallel to Hq 
and such that the composite fields are (H^ + Hq) and (H^ + Hq), 
we liave 

(Hi + Ho)Ti* = = K (say) 

But #c = HoTq 2, where T® is the period of oscillation in 

the earth’s magnetic field Hg. 

Hence = Hg(Tg* - 1\^), 

Similarly IfaTa^ Ho(Tg* - T,*) 



Oscillation Method for Verifying the Inverse Square 
Law. — A ball-ended magnet, XY, Fig. 40-10, is supported with its 
axis vertical and its lower pole in the horizontal plane containing 
the needle of a Searle magnetometer. If the magnet is long com- 
pared with the distance from the centre of the lower sphere to the 
centre of the oscillating needle, the effect of the upper pole may bo 
neglected. The polarity of the lower sphere should preferably be 
such that the horizontal magnetic field at the centre of the needle is 
increased. This condition is easily tested, for if it exists the period 
of the needle will be shortened. Let r be the distance of the 
lower pole from the centre of the needle when the period is T 
and the total horizontal field (H + Hq), where H is the contribu- 
tion due to the lower magnetic pole, and Hq is due to the earth. 



m 


ttAONSTtsM Aitm fiLMVBicmr 


Now H -f H, = -^ and H, == 


If we assume an inverse w-th power law, H = ^, where m is 

r" 


the pole strength of the magnet. Hence 

H m 


or 


Cr)-- 


1 


H. 


Hor>‘ 


n log r = log C - ' log 


m 


where C = a constant. 

A series of observations should therefore be made and the graph 


_yi 




30 cm. 


X = log r, y log| 

constructed! This should be a 
straight line whose slope is - - n. 
It will be found that w — 2. 

Comparison of Magnetic 
Moments by Oscillation 
Methods. — ^The two magnets 
are suspended, in turn, by 
means of unspun silk, so that 
they perform oscillations in 
the earth's horizontal magnetic 
field Hq and about a vertical 
axis passing through their cen- 
tres of gravity. Their periodic 
times Tj and Tg, where the 
suffixes refer to the first and 
second magnets, having been 
determined, we have 


Consequently 

M, 

The objection to this method U that its calculation involves a know- 
ledge of I] and If. In the following method such knowledge is 
not necessary. 

The two magnets are supported horizontally by passing them 
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through slots cut in a sheet of thick paper. The whole is sus- 
pended by a piece of unspun silk — cf. Fig. 40*1 1. First, let the 
north poles of each magnet point to the magnetic north. Let 
Ti be the period of vibration for small oscillations. Then reverse 
one of tlic magnets — let Tj be the period. The moment of 
inertia of the system about a vertical axis through its centre of 
gravity is not altered if care is taken that the axis of rotation 
always passes through the centres of both magnets, but the 
total magnetic moment is Mj + Mj, and Mj — M* in the two 
instances respectively. If the restoring couple due to torsion in 
the fibre is negligible, wo have. 


T| = 2n 


/ (T7+i.y 

V (M, + M,)Ho' 


and T, = 2n 


a / iL+h, 


Hence — M, Tj* 


M, Ti* + T,* 
Ma Ta* - Ti2‘ 


In this experiment it is important that the magnets should be 
as far apart as possible in order to diminish the strength of the 
induced poles, and hence their effect. The effects of air currents 
on the motion are eliminated by surrounding the magnets by a 
glass jar. 

In practice, only small magnets may bo used in those oscillation 
experiments since it is difficult to find a suspension sufficiently 
strong to support the weight of the system, and yet not exert a 
restoring couple on it. 


So far it has been assumed that the torsion in the suspension is 
negligible. It may liappen, however, that one end of the suspension 
has been twisted through a large angle relatively to the other — ^the 
torsion couple may be largo under such circumstances. To free the 
system from such a couple, the magnets are replaced by brass rods, 
and the system allowed to come to rest. The head, H, carrying the 
silk is then rotated until the paper lies in the magnetic meridian. 
The torsional couple is then very small. When the magnets are re- 
inserted the system, oven when it oscillates, will be free from a large 
torsional couple. 


EXAMPLES XL 

1. -Calenlttto tho field strength at a point on the axis of a bar 
magnet of polo strength 100 imits and ihagnetic length 10 cm. The 
point is 45 cm. from the centre of the magnet. 

2. — ABO is a triangle right angled at B. At A and B north-seeking 
poles of strengths 16 and 80 units respeotively are placed. If AB « 20 
cm. and BC = 15 cm., calculate the magnetic field strength at B. 



774 MAGNETISM AND ELECTRICITY 

3. — k bar magnet measures 20 cm. x 2 om. x 3 cm. The intensity 
of magnetization in the magnet is 6*2 gauss. Calculate the pole 
strength, and magnetic moment, of the magnet. 

4. — ^A magnet of moment 81-4 erg. oersted.”^ is suspended in the 
meridian and then deflected through 41®. What is the couple €icting 
upon it if Hq = 0*182 oersted ? 

5. — A magnet makes 10 complete swings in 84 sec. at a point where 
Hq = 0*20 oersted. Find the time of swing when Ho = 0*26 oersted. 

6. — ^Two magnets of the same material and size make 50 swings in 
0 min. 18 sec. and 6 min. 43 sec. at the same station. If the first 
magnet has a moment 84 units, calculate that of the second. 

7. — A compass needle having a magnetic moment 850 org. oersted.-^ 
is rotated through on angle of 65^. Calculate the couple necessary to 
maintain the ne^le in tUs position and the work done in rotating the 
needle from its position of rest. [Ho = 0*18 oersted.] 

8. — ^How would you compare the strengths of two uniform magnetic 
fields superposed at right angles to each other 7 How would you 
compare them if the two fields were entirely separate 7 

9. — ^Derive an expression for the intensity of the magnetic field at 
any point on the prolongation of the axis of a bar magnet. Explain 
how the expression may be used in the experimental comparison of 
the magnetic moments of magnets. 

10. — Deduce expressions for the raognotic field strength due to a 
bar magnet in the tangent A (ond>on) and tangent B (broadsido-on) 
positions of Gauss respectively. Explain the units in which magnetic 
field strength is measured. 

11. — ^Describe how you would compare the magnetic moments of two 
magnets of the same size and shape, (a) using a deflexion magnetometer, 
(5) by a vibration method. 

12. — Describe and explain how you would compare the magnetic 
moments of two short magnets by using a deflexion magnetometer. 

13. — ^A compass needle is set swinging in a magnetic field. What 
factors determine its period of oscillation 7 Describe experiments you 
would make to illustrate your answer. 

14. — ^Explain how it is t^t bar magnets of different sizes and shapes 
may have equal magnetic moments. How could you find which of 
two given bar magnets has the greater pole stren^h t 

15. — ^Explain moffnetic momentf moment of inertia, 

A bar magnet is placed on a horizontal table and a neutral point in 
its field is located. A small magnet suspended by a long silk thread 
is placed with its centre immediately above the neutral point. The bar 
magnet is then reversed, end for end, and the small magnet is found 
to make twelve complete oscillations per minute. How many oscilla- 
tions will it make per minute when the bar magnet is removed 7 

16. — ^Explain what is meant by the statement * Hq » 0^20 oersted,'^ A 
bar magnet 20 cm. long stands upright with its north pole resting on a 
table. Give a diagram showing the general distribution of the Lines 
of magnetic force in the plane of the table. If there is a neutral point 
6 om. from the magnet, calculate the magnetic moment of the magnet. 

17. — Define the terms unit pole^ magnetic moment, 

A horse-shoe magnet having its polos 5 cm. apart is set so that 
the line joining them lies E.-W. and passes through the centre of a 
deflexion magnetometer distant 10 cm. from the nearer polo. |f the 
deflexicp of the needle of the magnetometer is 35® estimate the pole 
strength of the magnet. Assume H to be 0*18 oersted. 



CHAPTER XLI 

TERRESTRIAL AND SOLAR MAGNETISM 

The Magnetic Field Round the Earth. — Round the earth 
there is a magnetic field, the intensity of which varies from place 
to place, and to a less extent daily and yearly. Dn. Gilbert 
believed that the earth was a large magnet with its poles at opposite 
ends of a diameter of the earth. Of course there is no actual 
magnet there ; in fact, the origin of the earth’s magnetism is a 



mystery, but the behaviour of the earth’s magnetism is as if a 
powerful magnet were present at its centre with its axis pointing 
approximately south and north — such a hjrpothetical magnet is 
shown in Fig. 4M. It will be noticed that the magnetic axis and 
equator do not coincide with the corresponding geographical posi- 
tions, and that the hypothetical magnet has south-seeking mag- 
netism at the pole which points towards the geographical north. 
Similar remarks apply to the squthem hemisphere. 

The Earth’s Magnetic Elements.— If a magnet is suspended 
freely as in Fig. 41-2 (a) it is, in general. Inclined to the horizontal. 
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The magnet sets itself so that its magnetic axis lies along the direction 
in which the earth’s magnetic intensity acts, i.e. in the direction 
OC, Fig. 41*2 (6). The angle ^ of the diagram is called the angle 
of dip. Now the total magnetic intensity IH (or Hi^), which is 
represented in magnitude and direction by OC may bo resolved 
into two components represented by OA and OB respectively. 
These are termed the horizontal and vertical components of the 
earth’s magnetic Hold, and are referred to as and Hy respec- 
tively ; in fact, is the magnetic field with which anotln^r field 
is generally compared in magnetometer experiments. 



^Unspun sJfk 
'^suspension 

. nvEy 



Axis oP 
potation 



Ed^eView of Needle 


Fia. 41-2. 


If ^ is the angle of dip, then 


Similarly, 


and 


Hy _ ^ 

Ho "■ OA “ OA 


= tan (ff. 


H 0 0 A J TT O 

^ = 008 or Hq = H COB 


Hv 

H 


AC 

OC 


sin (ft, or Hv = H sin 


Jn an earlier chapter it has been stated that tlie axis of a suspended 
magnet only points approximately to the geographical north and 
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south. The vertical plane passing through the axis of such a 
magnet is called the magnetic meridian, as distinct from the 
geographical meridian, which is fche vertical plane passing through 
a line of longitude. The angle between these two planes is called 
the angle of declination. 

When, at any station, the declination, dip, and the horizontal 
component of the earth’s magnetic field, are known, the magnetic 
field at that station is completely defined. 

Measurement of the Angle of Dip. — A simple model of an 
instrument used for the determination of the angle of dip is shown in 
Pig. 41*3 (fl). Such an instrument is called a dip circle. It con- 



(a). — Dip Circle. 


Fig. 41-3. 




7nJ{o 




/ y 

ttlH mifr 


(t). — Forces on a 
Dip Needle when its 
axis of rotation is 
in the Magnetic 
Meridian. 


sists essentiaQy of a magnetized needle capable of rotation about 
a horizontal axis, the points of support being agate knife-edges. 
These should be kept free from grease. Wbeo the wstrument u 
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not in use the needle is raised from its position of rest on the knife- 
edges by means of two sliding pieces with V-shaped grooves. These 
sliding pieces move together, their motion being controlled by moans 
of a screw-head outside the case of the instrument. The positions 
of the ends of the needle are given by a vertical circular scale 
graduated in degrees, etc. The instrument is protected from dust 
[which causes the needle to stick on the knife-edges], and from 
draughts, by means of a case, the front and back of which are 
glass plates. 

To use the instrument, all pieces of iron having been removed from 
the immediate vicinity, it is first levelled by means of the screws 
supporting the base. The upper box, capable of rotation about a 
vertical axis, is turned about that axis until the needle is vertical ; 
in this position the effect of the horizontal component of the earth’s 
field is nullified, for otherwise the needle would not be vertical. The 
plane of the needle is then normal to the magnetic meridian. For 
consider the forces acting on the poles of the needle — cf . Fig. 41*3 (6). 
They may be resolved into rectangular components as shown. The 
horizontal forces mH constitute a couple, but they cannot cause 
the needle to rotate since it is supported at A and B. The vertical 
components constitute a couple whose moment is not. zero unless the 
needle is vertical. The needle, therefore, sets with its axis vertical. 
The case is then rotated through 90°, when the needle is in the 
magnetic meridian, and the angle of dip is observed on the circular 
scale ; the positions of both ends of the needle are recorded. 

Several errors arise in using a dip circle : their efiects may be 
eliminated as follows : 

(i) The axis of rotation of the needle may not pass through 
the centre of the vertical scale. The effect of this is eliminated 
by observing each end of the needle and using the mean of the 
apparent angles of dip. For if Ot and 0*, Fig. 41*4 (a), are the 
centres of the scale and the point in which the axis of rotation 
cuts the needle, respectively, then the actual readings are really 
measures of the angles SaOjY and NjO^X respectively. If NiSi 
is drawn through 0i parallel to the needle, NaSa* the true dip is 
NiOiX or SiOiY — say Now NfOiX is greater than <f> by NiOiN,, 
and SaOiY is less than 0 by SiOiS,. Since NjNa = SjSa, the above 
differences are equal, so that is the mean of the observed readings. 

(ii) The centre of gravity of the needle may not lie on the 
axis of rotation. Suppose that AB, Fig. 41-4 (b), is the needle 
and that its centre of gravity G does not lie on the axis of rotation 
which passes through 0 ; this axis is normal to the plane of the 
diagram. Now the moment about 0 of the weight W of the needle 
is equal to the sum, of the moments of two equal weights W at 
P and Q respectively. Thus the lack of coincidence of G with 0 
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may be considered in two parts, (a) that due to the displaoement 
of G in a direction normal to AB, and (6) that duo to its displace- 
ment parallel to AB. 

If the end A is dipping, i.e. the north pole of tho magnet is 
near to A if the needle is used in the northern hemisphere, and 
the needle is placed so that Q is above 0, then the effect will be 
that tho measured angle of dip will be too largo : if the needle 
is reversed on its bearings so that Q is below 0, then the effect 
will be that the measured angle of dip is too small by an equal 
amount. By taking tho mcjan of the four readings so far obtained 
under (i) and (ii) the errors due to the axis of rotation of the needle 
not passing through the centre of tho vertical scale and to tho 
displacement of (4 at right angles to AB are eliminated. 



Fio. 41*4. — Errors in a Dip Circle — ^Thoir Elimination. 


The procedure under (ii) also eliminates another error at the 
same time. Wo shall consider this next and later return to the 
question of the. error arising from tho displacement of G parallel 
to AB. The error so eliminated is that which arises from the 
fact that : 

(iii) The magnetic axis of the needle may not coincide with 
its geometrical axis. The elimination of the error arising from this 
cause is effected by reversing the needle relatively to the vertical 
scale by removing it from its bearings, turning it back to front, 
and replacing it — cf. Fig. 41-4 (c). This has already been done 
under (ii). 

(iv) The zero line of the vertical scale may not be perfectly 
horizontal. The effect of this is eliminated by rotating the instru- 
ment through 180® at each stage of the process. The needle is 
still in the magnetic meridian, but the ‘ apparent horizontal ’ — the 
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line joining the zeros on the vertical scale— will now be tilting in 
the> opposite direction ; cf. Fig. 41-4 (d). The positions of the 
ends of the needle aje again observed. The mean gives a value 
for the dip corrected for this error. 

(v) When the eight readings required under (i), (ii), (ili) and 
(iv) have been made the only source of error outstanding is that 
due to the displacement of G parallel to AB. As long, as A is the 
end of the needle which dips, the effect of this displacement parallel 
to AB will be to make the measured angle of dip too small, but if 
the needle is remagnetized so that the end B dips, i.e. the polarity 
of the needle is reversed, then the above displacement of G will 
make the measured angle of dip too large. Thus eight more 
observations are required and the mean value of the complete 
sixteen readings is one from which errors attributable to the above 
causes have been eliminated if the discrepancies are small. 

The Angle of Declination. — Since this is the angle between the 

geographical and magnetic 
meridians it is first 
necessary to locate the 
geograpMcal meridian. 
This may be done by 
observing the direction in 
which the shadow of a 
vertical string lies when 
the sun is in the geograph- 
ical south — it must not be 
assumed that the sun is in 
the south at noon on all 
occasions. The exact 
time when this position is 
reached can always be 
ascertained from a nautical 
almanac. • 

It then remains to 
determine the magnetic 
meridian. If it were 
possible to obtain a mag- 
netized needle with its 
magnetic axis coinciding 
exactly with its 
geometrical axis then the 
measurement could be 
made easily. Unfortun- 
ately, this ideal cannot 
be realized, and so the following method is adopted. 



Fio. 41 *5. — Determination of the 
Magnetic Meridian. 
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The magnetic needle is suspended by a piece of unapun silk so 
that it may swing in a horizontal plane. In general, the needle 
will come to rest with its geometric axis AB inclined to the 
geographical meridian NgSq, i.e. it will be in the position A^Bi, 
Fig. 41 *6. Then the angle observed is that between the geographical 
meridian and the geometrical axis of the needle. To determine 
the necessary correction the needle is inverted face for face and then 
allowed to come to rest. In each instance the needle’s magnetic 
axis NS will lie in the magnetic meridian (this assumes a torsionless 
suspension) and the geometrical axis will take up symmetrical 
positions with respect to the magnetic meridian. If A^Bi and AgBj 
are these positions, the bisector of the angle A^OA^ (or B^OBg) gives 
the magnetic meridian. 

[The experiment may be made using a bar magnet or even a 
magnetized circular disc of iron. The chosen magnet then has two 
straight pieces of copper wire fastened to its extremities with a 
little soft wax to define a fiducial line in the magnet, and the whole 
is supported in a stirrup by means of a silk thread. Immediately 
below the magne.t is placed a sheet of white paper. When the 
magnet has come to rest, pencil marks A^ and Bj are made to 
indicate the positions of the ‘pins.* The magnet Is then placed 
with its lower side uppermost and the experiment repeated — the 
points Ag and Bj are thus found,] 

Experimental Determination of Hq. — ^T o determine the absolute 
value of the horizontal component of the earth’s magnetic field two 
experiments are necessary. In the first or deflexion experiment the 
M 

value of is ascertained by using a magnet in the tangent A [or B] 
Hq 

position of Gauss. If 0 is the mean deflexion of the magnetometer 
needle, where r and I have their usual significance, we have, 

-- > — — L tan 0 = a erg.oerstecl.-* [say] . . (i) 

Ho 

The second or oscillation experiment consists of a determination of 
MHo by suspending the given magnet in the earth’s field and 
observing its period T. Then, with the notation already explained. 


T = 2ji y/ or MHo = = P ^“'y) • ('0 

From the quotient of equations (i) and (ii) we have. 


Hfl* — or Ho - \/ ; 


2rl 
tan 0 


oersted. • . . (iii) 


[If the tangent B position is used, the final equation reduces 


to 


• _ / I 

® T 'V (f« -f. i*)5 tan 0 


oersted.] 
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These same two experiments also enable us to determine the 
absolute value of M, for the square root of the product of the first 
two equations gives 

M = Va/? = — ' \/ tan fl erg.oersted.-^ . (iv) 

The chief uncertainty in this experiment lies in an assumed 
value for 2i, the magnetic length of the magnet. Since, however, 
equation (i) may be written 

(■^y (r cot = r* — J®, 

it follows that if a series of corresponding values of r and 0 is 
obtained and the straight line a? = (r cot 6)^, y — r^, obtained by 
M 

plotting, the value of jj- may be deduced from the slope of the 
“0 

line without reference to a value for I : in fact is the intercept 
on the ^-axis, but a knowledge of its value is not essential. 

The Kew-pattem Unlfilar Magnetometer. — By means of this' 
instrument reliable values of the declination and of the horizontal 
component of the earth's magnetic field may be determined. The 
arrangement of this instrument for determining the declination and 
for observing the time of oscillation of the magnet in the vibration 

part of the experiment for 
finding Hq is indicated in 
Fig. 41*0. The magnet con- 
sists of a hollow steel cylinder, 
A, fixed to a brass collar. 
This collar also carries a 
hollow brass cylinder the pur- 
pose of which is explained 
later. A scale S, graduated 
in mm., is fixed at one end of 
A while L is a convex lens 
arranged at the other end. 
The distance between S and 
L is equal to the focal length 
of the lens so that a beam of 
parallel light emerges from L. 
This light is received by a 
telescope F focused for par- 
allel light, and D is a plane 
mirror used to illuminate the 
scale by reflected light The 
magnet and its accessories 
are suspended from a torsion 
head K by means of an unspun silk fibre. The whole is mounted inside 
a box provided with suitable windows. The telescope F is attached to 
on arm (as in a spectrometer) and is capable of rotation about a ver- 
tical axis. N is a circular scale used to determine the position of F. 
One of the greatest troubles in an accirrate determination of the 



Fig. 41*6. — Kew-pattem Unifllar 
Magnetometer. 
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deolination is to free the suspension from torsion. The residual torsion 
is reduced almost to zero by replacing the magnet A by a brass plummet 
of about the same mass and allowing this to swing until it comes to 
rest. Since the material of the plummet is non-magnetic, the position 
of rest will be such that the suspension is free from torsion. The torsion 
head is then rotated so that the rest-position of the plummet is in the 
magnetic meridian. When the plummet is removed and the magnet A 
replaced the suspension wiU be practically free from torsion when the 
magnet is in the magnetic meridian. The effects of the rigidity of the 
material of the suspension are minimized by using unspun silk (these 
effects only come into play when the magnet swings). 

The eye-piece of the observing telescope is provided with vertical and 
horizontal cross-wires, and the magnet A is adjusted so that the 
divisions on the scale S are vertical. The telescope is rotated until 
the image of the central division on S (the zero) appears to coincide 
with the vertical cross-wire in the telescope. The final adjustment of 
the position of the telescope is made by means of a slow-motion screw. 
Since it is difficult to bring the magnet absolutely to rest it is more 
usual to adjust the position of the telescope until the apparent emgle 
of swing of the magnet is bisected by the vertical wire in F. The 
position of the telescope on N is noted and the observations are repeated 
with the magnet A rotated 180^ about a horizontal axis so that S is 
inverted. The mean reading of the positions of the telescope eliminates 
any error arising from the fact that the axis of magnetization may 
not coincide with the axis of the optical system. 

It now remains to determine the geographical meridian. From 
Nautical Tables, the latitude and longitude for the station where the 
observations are being carried out being known, the azimuth of the 
sun at any instant is determined. By means of D an imago of the 
sun (duly reduced in intensity with the aid of a piece of smoked glass) 
is reflected into the optical system and the telescope adjusted so that 
this image crosses the vortical wire in F at some particular instant. 
The position of the telescope on the scale N is noted. From the above 
observed time the direction of the sun at the time of the experiment 
becomes known ; the position of the telescope on the scale N when 
its axis points north and south is deduced. The declination is equal 
to the difference between this position of the telescope and its mean 
position in the former part of the experiment. 

For success in locating the position of the sun it is essential that 
the axis of the telescope should be horizontal, that the plane mirror 
D should rotate about a horizontal axis, and the normal to the surface 
of D at any point lie in a plane parallel to a vertical plane containing 
the optical axis of the telescope. 

If a series of observations of the declination at a station are to be 
made at different times, then it is advisable to use a fixed object whose 
direction with reference to the geographical meridian is known, instead 
of determining the direction of the latter on each occasion. 

To determine Hq with the above instrument it is necessary to deter* 
minfl th^ time of swing of the magnet and its moment of inertia about 
the of rotation. The time of swing is found with the aid of an 
accurate chronometer. The moment of inertik required is not that 
of the magnet only but that of the magnet and its carriage. This 
cannot be calculate. It is determined experimentally as follows. 

Let Ti be the period when the magnet its carriage oscillate in 
the earth's horizontal field as above. Let I| be the moment of inertia 
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of the system about the axis of rotation. Then place a brass bar of 
known moment of inertia about the above axis in the tube B provided 
for this purpose. This cylinder completely fills B, and B has been 
adjusted so that when the brass cylinder is introduced the magnet 
A still swings in the same plane. Let T| be the period when the total 
moment of inertia about the axis of suspension has become I| + If* 
Then 


T. - jV X. - 2 


I. 


i( V \ 

*\T,* - T,V' 


SO that 1 1 becomes known. For a cylinder of mass m, length 2a, and 
radius r, I, = m 


It is only necessary to determine once, since it is a constant for 
the system and is independent of the magnetic field in which the 
instrument is situated. 

The second port of the experiment consists in determining the angle 
through which a small magnet is deflected by the magnet A. This 
magnet is removed and its place taken by a small magnet carrying 
a plane mirror on its under side. The plane of this mirror is normal 
to the axis of the magnet. By means of a lamp and scale arranged 
as on p. 378, the deflexion of the suspended magnet caused by any 
external field is measured. In the present instance this field is produced 
by the magnet A situated in the tangent A or tangent B position of 
Gauss. Let us assume that it is in the former position. A scale in 
mm. attached to the magnetometer enables the distance between the 
centres of the two magnets to be determined. A mean value of the 
deflexion is deduced from a series of observations made as described 
on p. 768. The ratio M/Hq is then calculated from the equation 


M 

Ho 


(r‘ - 

2r 


tan 0, 


Other methods for the diitormination of Hq (and Hy) will be discussed 
later [of. Chap. XLIII]. 


Magnetic Maps. — ^The earth’s magnetic elements vary from 
place to place and this variation is best shown by means of lines 
drawn upon a geographical chart. The lines on such a map 
indicate places at wUch the magnetic element, which is being con- 
sidered, has the same value. Lmes of equal dip are called isOcUnic 
lines, whilst those showing the places of equal declination are called 
isogonal lines. Fig. 41*7. The particular isogonal lines for which 
the declination is zero, i.o. where a magnet points to the geographical 
north, are termed agonic lines. The line of zero dip is called the 
magnetic equator or aclinic line, while the two points at which 
the dip is 90^ are termed the surface magnetic poles. Lines 
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Fio. 41*7 (6). — ^Isoclinics for 1942. 

Ueproduced from Britteh Admiralty Chart No. 2598, with the permission of H.M. Stationery 
Ofhee and of the fiydrographer of the NuTy. 
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passing through points having the same value for H are termed 
isodynamic lines. The north magnetio pole is situated in North 
America and was first located by Sir James Boss in 1831 (lat. 
73® 3r N., long. 96® 43' W.). In 1903 it was situated in latitude 
70®40' N., longitude 60®5' W. {Amundsen). The south magnetio 
pole was located in 1909 at latitude 72®25' S., longitude 155®16' E. 
(Scott). Thus these poles are each about 17® from the geographical 
poles, but their positions are variable. 

A map of the isogonals for the year 1942 is shown in Fig. 41-7 (a). 
It shows that the isogonals converge towards the magnetio poles 
and that the agonic line passes through America running almost 
directly from north to south, but that its continuation in the eastern 
hemisphere is more complicated. A particular feature of this 
portion of the line is the loop known as the Siberian Oval. Over 
that portion of the surface of the globe lying between the two 
portions of the agcmic line and including the Atlantic Ocean, the 
declination is westerly — also in the Siberian Oval. At other places 
it is easterly. 

The isoclinic lines, or lines of equal dip, are shown in Fig. 41*7 (6). 
These are more regular in their formation than are the isogonals. 
Each follows a course approximately running from east to west. 
It will also be noticed that the magnetic equator has a course near 
to the Equator but actually crosses it once in the Atlantic Ocean 
and once in the Pacific Ocean. 

Continuously Recording Instruments. — Every magnetio observ- 
atory, in addition to being equipped with precision instruments for 
determining the magnetic elements at that station, is also provided 



with three types of instrument recording continuously the local changes 
in the earth’s magnetic field. The first is the declination magnetograph. 
The small magnet of this instrument is suspended by a quartz fibre 
and is attach^ to the book of a concave mirror. Light falling upon 
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this mirror is reflected on to a sheet of photographic paper wound on 
a drum rotating at constant speed. The whole is enclosed in a light 
tight box and the magnet is surrounded by a large massive copper 
ring so that the motion of the magnet shall be highly damped [cf. 
Chap. XLIX]. If the declination were constant a straight line would 
be found on the paper when developed. Any variation is shown by 
the excursions of the trace from this Une. 

Variations in Hq are detected by the horizontal variometer. This 
consists of a small magnet arranged as above, but a torsion head to 
which the suspension is attached is used to twist the < magnet into 
a position at right angles to the diieotion of the mean magnetic 
meridian. A bifilar suspension is convenient although the sensitivity 
of the variometer is somewhat reduced. A plan of the magnet is 
shown in Fig. 41*8. 

Let us flrot suppose that the direction of Hq changes by a small 
amount p, but that Hq remains constant. The forces in a horizontal 



plane acting on the poles of the magnet are each mHo, where m is the 
pole strength of the magnet. These constitute a couple of moment 
mHo . 21 cos p. Since p is small this does not differ appreciably from 
the couple due to the suspension (it is equal to MHq) and therefore 
small variations in the direction of Hq do not affect the instrument. 

Now let us suppose that Hq becomes (Hq + ^Hq). Then the moment 
about a vertical line through the centre of mass of the magnet of the 
forces acting on it becomes 

m(Ho + aHo) . 21, 

i.e. the increase is M . ^Hq. The magnet is therefore deflected until the 
couple due to the suspension is increc»ed to balance the increase in 
the above moment. Thus the spot of light reflected on to the recording 
drum moves. This displacement is determined by calibrating the 
instrument by observing the deflexion caused by placing a magnet 
whose magnetic moment has been previously determined in a known 
position with reference to the suspended magnet. 
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The third tjrpeof metniment referred to above is the ver^col intensity 
magnetograph. None of the instruments designed to record variations 
in Hv was satisfactory until Watson constructed the magnetograph 
described below. In the earlier instruments a xm^et was moun^ 
to rotate in the magnetic meridian about a horisontal axis. The 
magnet was loaded so that it was horisontal when the vertieal magnetio 
field was equal to the mean value of the vertical field at the station 
in question. The axis of the needle was thus normal to Hy so that any 
variations in Hy deflected it and could be recorded j^to^phioally. 
Since the needle was supported on a knife edge, meohamcal disturbances 
were a source of much trouble and were only eliminated when Watson 
constructed the whole of the moving part of the instrument (the magnets 
excepted) from fused quartz. An ^ditional advantage of his apparatus 
is that it can be rendered independent of temperature changes : this is 
most desirable since the magnetio moment of a magnet decreases with 
rise in temperature. 

Watson's magnetograph consists essentially of two magnets 
and NjSj, Fig. 41*9, of pole strengths and m, respectively. They 
wore rigidly attached to two quartz rods fused to a small quartz 
plate P, the upper surface of wliich was polished and fiat. The above 
rods were fused to quartz fibres F| and F| respectively and these were 
fixed to a quartz spring S and a torsion head T. The small adjustable 
mass m is placed in such a position that the ends and S, of the 
needles which usually point upwards (in northern latitudes) are de- 
pressed below tlie horizontal plane through F| and Fg* and the torsion 
head rotated until the magnets lie in a horizontal plane. Any varia- 
tion in Hy causes the magnets and the plate attached to them to rotate 
until the change in the couple acting on the system is balanced by a 
change in the torsional couple acting on it. The totally internally 
refiecting prism, R, enables the vciriations to be detected by a horizontal 
beam of light incident upon the system in the manner indicated. 

Magnetic Storms.— Abrupt changes in the magnetio elements 
are sometimes reported simultaneously by the difierent magnetic 
observatories. These are often associated with the sudden appear- 
ance of a large sun spot and a display of the aurora borealis. 
Changes in the earth’s magnetic field are probably due to external 
influences as the above phenomena suggest. 

Variations in Terrestrial Magnetism. — ^The magnetio field of 
the earth is constantly changing. The variations are generally^t 
slow, and centuries may elapse before the particular magnetic element 
at any chosen place regains its former value, i.e. the period of the 
change is very long. These alow-changing variations are termed 
secular changes. At the same time the positions of the mag- 
netic poles also change. In addition to these irregular . secular 
changes, very accurate measurementEf have shown that the magnetic 
elements also undergo other rapid, but very small, variations. Thus 
there is a daily period, a lunar month period, a yearly period, a 
period of 11 years [the spots on the sun have a similar period] 
and a period of about 26 days.' This last time is the period in 
which the inner core of the sun performs a complete revolution. 
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for it is a well-known astronomical fact that the sun does not 
rotate as a rigid body, but that it rotates at different speeds in 
diiSorent latitudes. 

Zeeman Effect • Solkr Magnetics . — We have already seen how 
the spectroscope has given us information regarding the elements 
present in the chromosphere of the sun. The same instrument has 
also taught us something about the solar magnetic field. In 1895, 
Zeeman, a Dutch physicist, discovered that when the light from a 
sodium or lithium fiamo situated in a very intense magnetic field 
was examined spectroscopically in a direction parallel to the field 
each line in the usual spectrum became a doublet, whereas if the 
light was similarly examined in a direction perpendicular to that 
of the magnetic field then, in addition to every usual line, there 
were two components associated with it. When direct sunlight is 
examined by a sensitive spectroscope it is found that doublets occur 
when the instrument is directed to the centre of the sun, whereas 
triplets appear if the light examined comes from near the periphery 
of the sun. This shows that there is a magnetic field of great 
intensity round\tho sun and that the field is a radial one. 

EXAMPLES XLI 

1. — ^\^hat do you understand by the terms declination, dip, magnetic 
intensity, H T Describe the use of a dip circle. 

— A cylindrical magnet of mass 23 gm. makes 10 complete swings 
in 109 sec when oscillating in the earth’s horizontal magnetic field Hq. 
It is 7-8 cm. long and has a moan diameter of 0-95 cm. When placed 
with its centre 15 cm. from a magnetometer, the moan deflexion is 
42-5°. Calculate a value for M and for Hg. 

3. — Write a brief account of the more important properties of the 
earth’s magnetic field. 

4. — Define the terms : rmqjvUio dvpf magnetic declination. Give an 
account of the method you would adopt to compare the horizontal 
components of the earth’s magnetic field at two points in a laboratory. 

5. — ^The axis about which a dip-needle is movable is slowly rotated 
in a horizontal plane. Describe and explain the behaviour of the 
needle during one complete turn of the axis (a) in England, (6) at the 
magnetic equator. (B.S.S.C. ’29.) 
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THE MATHEMATICAL THEORY OF MAGNETIC 
PHENOMENA 

Magnetic Media. — ^Hitherto we have supposed that the magnets 
whose effects have been studied have been situated in air — ^more strictly 
in a vacuum. It is now necesscury to consider the changes which occur 
when the magnet is surrounded by a medium capable Of being mag- 
netized itself. Many of the equations derived in this chapter will be 
obtained from analogies with the corresponding phenomena in dielec- 
trics. Hence, for the present, no attempt will be made to account 
for the magnetic properties of material media. We shall therefore 
assume that when an isotropic medium is placed in a magnetic field 
it acquires a certain magnetic moment per unit volume. This is termed 
the intensity of magnetization in the medium, and is denoted by the 
symbol J. [This term is discussed more fully in Chap. L.] For most 
media the direction of J coincides with that of the field. ^ 

Magnetic Intensity and Magnetic Induction.— The magnetic 
intensity at a point in air, [strictly speaking, in a vacuum], has been 
defined as the force per unit positive pole on a small positive pole 
placed at the point. When it is desired to measure the force on such 
a pole inside a piece of iron, or other magnetizable substance, a cavity 
must first be made in the specimen so that the small pole may be 
introduced into it. Now the walls of the cavity will exhibit magnetie 
polarity which will contribute to the total force on the small pole in 
the cavity. The contribution will be determined, in part at least, by 
the shape of the cavity, which must therefore be carefully specified 
if the physical interpretation of this force is to have a definite meaning. 

Let us consider the force per unit positive pole on a smaU positive 
pole, dm, at the point P, Fig. 42*1 (a), at the centre of a cylmdrical 
cavity, whose diameter is small compared with its length, and whose 
axis is in the direction of the magnetization at P. The. induced mag- 
netism will appear on the ends of this cavity. If J is the intensity 
of magnetization, and a the cross-section of the cavity, the charges 
of magnetism at the ends of the cavity will be Ja and — Ja, respectively. 
If 22 is the length of the cylinder, the force on the small pole dm at P 

/Ja Ja\ 

due to the magnetism on the walls of the cavity is -f ^jdm, 

This„is zero, since the cavity is very long compared with its width. 
The force per unit positive pole at P is therefore duo to the magnetizing 
field. Call it H. 

Now consider the force on dm when this is at P the centre of a 
cavity whose length is smaU compared with its diameter — ^the cavity 
resembles a disc — Fig. 42*1 (6). Again let the axis of the cylinder be 

790 
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parallel to the field. Let p be the area of each plane face of the disc. 
It is only on these faces that induced magnetism will appear. Now 
the contribution to the force per unit positive pole on dtn due to these 
induced charges of magnetism is 4jr J, a result obtained from analogy 
with the corresponding problem in electrostatics [of. p. 709]. 


IT 





(cl) 

Fio. 421. 



The actual force per unit positive polo on the small pole in the cavity 
is obtained by adding together the two quantities H and iriJ. This 
total force per unit positive pole on the small pole is a measure of 
the magnetic induction, B, of the material. Hence 

B H 4* 4jrJ. 

The unit of magnetic induction is the gauss. 

Magnetic Susceptibility and Magnetic Permeability. — The 
quantity x» defined by the equation, J ** is termed the susceptibility 

of the materifi^l of the specimen. 

The permeability, p, of the medium is defined by the equation 
B =* /iH. Since B = H + 4 jiJ, it follows that 

^ 1 + ^Ttx. 

Since the magnetic induction B is related to the magnetic intensity 
H in the same way as electric induction or displacement is to electric 
intensity, it follows that the intensity at a point at a distance r from 
a polo of strength m in a medium whose permeability is /i, is given by 


H 


m 


The magnetic induotjon is given by 


B 


fiR 


m 


Gauss’s Theorem. — ^This states that the flux of magnetic induction 
across a closed surface is times the total quantity of magnetism 
enclosed in that surface, 

i.e. jBn-dS » 4;fLm. [B^ is the normal component of the magnetic 

induction at the element of surface ^8 considered.] 

If the surfaco encloses one or more complete magnets £m » o, so 
that it is only when the surface cuts a magnet that the flux of magnetic 
induction across the surface is different from zero. 


Lines and Tubes of Magnetic Induction . — line of induction 
in a magnetic field is such that the tangent to it at any . point 
indicates the direction of the magnetic induction at that point. A 
tube of induction is a tubular surface bounded by linos of induction. 

Lines of Magnetic Induction used Quantitatively. — ^In the study 
of the relation between on electric current and the magnetic effects^^ 
associated with it, it is often convenient to use lines of induction quan- 
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titatively. They are then imagined to be drawn in a unifonnly mag- 
netized medium in such a way that the number crossing unit area at 
right angles to the field is equ^ to the numerical value of the magnetio 
induction at that point. If the magnetization is not uniform it is 
necessary to consider an element of area at right angles to the 
direction of B at the point considered. Then 6N, the number of lines 
of induction crossing this area is expressed by 

<SN - B . dS. 

Number of Lines of Induction from a Unit Magnetic Pole. — 
Let a closed sphere of radius r be constructed with a single mag- 
netio pole of strength tn at its centre. Let N be the number of lines 
of magnetio induction originating from m and crossing the surface 
above. Then the flux of induction across this surface is . B, where 

B is the magnetio induction at any point on the surface of the sphere. 

But B -■ - 1 , 

r* 

N » 4«r*B =» 4?^. 

If the pole is in air, the lines of force become identical with the 
lines of induction, and we say that the number of lines of force arising 
from a unit pole in air is 4n. 

The above result has been obtained without reference to Gauss’s 
theorem because of its fundamental importance. Readers who are 
acquainted with the theorem will see at once that the result is true in 
general, for the flux of induction across a closed surface surrounding 
the pole m is 47i9n. 

Magnetic Potential. — ^The magnetio potential at a point in a mag- 
netic field is defined as the work done per unit positive pole against 
the field in bringing up a small positive magnetic pole from infinity to 
the point, the magnetio potential at infinity being considered to be zero. 

The magnetio potential at a point in air, and at distance r from a 
pole m, may be determined as follows. The work done per unit positive 
pole against the field when a small positive pole moves from a point 
at distance r to another at distance (r + <3r) is 



Hence, V, the potential at the point in question, is given by 



The above result is only true for a point in air. If the point lies 
in a medium of permeability /i, the potential is given by 



If V and (V + dV) are the potentials at points distances » and 
(a: 4* &x) from a common origin and the medium is air, then SV is 
the work done in carrying unit positive pole from the point at lower 
potential to that at the higher potential. This is equal to — H . do; 
where H is the magnetic intensity between the two points (it is assumed 
it be uniform over the element of distance considered), the negative 
sign occurring since H is directed from the point at higher potential 
to that at the lower potential. Hence 
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It sholild be noticed that this expression is indep^dent of the inverse 
square law. 

If the position of the point is expressed in terms of its polar 
co-ordinates (r, 0), then Hy, the magnetic field strength in the direction 
of r increasing is given by 

H - 

dr" 

In a direction at right angles to this the element of length traced 
out by a point at distance 
r from the origin when 6 
becomes 0 + <50, is r . <50. 

Hence Hd, the magnetic 
field strength in this direc- 
tion, is expressed by 

1 av 


He 


r'dO' 


The Magnetic Potential 
at a Point in Air due to a 
Small Magnet.— Let NS, 
Fig. 42*2; be the small 
magnet of pole strength vn, 
and let P be a point in air 
whoso polar '"co-ordinates 
with respect to O, the 
centre of the magnet, are 
(f, 0) Then the potential 
at P due to N is m/NP ; 
duo to S it is — m/SP. 
But NP *= r — Z cos 0, and 
SP — r + I cos 0, whore 2Z 
is the length of the magnet. 



Fio. 42-2. — Magnetic Potential duo to a 
small Magnet. 


Hence V m 


[ 


1 


T — Z cos 0 f + Z cos 0. 


3 


M cos 0 


2mZ cos 0 
" f*" - Z^s *0 

[if Z is small] 


where M is the magnetic moment of the small magnet. 

If Hr and Ho are the components of the magnetic field strength at 
P in the dii*ections indicated, we have 

„ BY 2M cos 0 
dr ^ r» • 

„ laV M8in0 
and H» = ^ gg - - ^ . 

The resultant field strengtli is therefore 

VH,* + HJ* - ^[4 cos*fl + Bin*®]* - ^[1 + 3 co8*0]*. 

H» 

If this makes an angle ^ with Hf, tan q> ^ ^ i ton 0. 

. -ti-r 

[Note that the resultant magnetic intensity is inclined to the initia 
line at an angle + 0).] 
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The Angle of Dip at a Point on the Surface of a Sphere when 
there is a Small Magnet at its Centre. — Tiiis is an important 
problem since the earth’s magnetic field may, as a first approximation, 
be regarded as due to a small magnet at its centre. We shall therefore 
suppose that the negative pole of the small magnet points to the 
geographic north. — Of. Fig. 42*3. Let P be a point on the surface in 

latitude X (south). Then (6 + A) » Hence the vertical component 

of the magnetic field at P is 

„ 2M ^ 2M . , 

Hf *s cos d “3“ sm A. 


The horizontal component of the magnetic field at P is Ha, where 

„ M sin 6 
Ha *= — ■:z — 


M . 
-z cos A. 

f* 


If iff is the angle wliich the resultant magnetic intensity, Hu, at a 



Fio. 42*3. — Calculation of the Dip in a given latitude (ideal case). 


station in the ‘ southern hemisphere ’ makes with He [0 is the angle 
of dip], then 

jj 

tan ^ 2 cot e = 2 tan A. 


[In the ‘ northern hemisphere,’ ® J i^he vertical com- 
ponent is negative, i.e. it is directed towards O. Also, tan ^ — 2 tan A, 

7t 

but, by convention, O < ^ < g, so that the minus sign is neglected.] 


EXAMPLE XLII 

If and are the angles of dip observed in two vertical planes at 
right angles to each other and ^ is the true dip, prove that 

cot*^ xa cot'll 4- cotVi* 
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ELECTRICITY IN STEADY MOTION. CHARACTER. 
ISTIC PROPERTIES OF ELECTRIC CURRENTS. 
VOLTAIC CELLS 


Electricity in Steady Motion. — In our study of electrostatic 
phenomena only eUiCtric fields which were practically invariable 
with respect to time have been contemplated. It is now necessary 
to investigate any effects which might be associated with the 
disappearance or anniliilation of an electric field. Suppose that 
an electric field js due to a certain charged body : if this charge 
is removed the field becomes zero everywhere. Electricity has 
moved, i.e. an electric current has existed. The following experi- 
meni shows that an electric field does not always disappear at 
the same rate. 

G, Fig. 43-1, is a golddoaf electroscope arranged in parallel with 
a condenser [a Leyden jar for example]. The insulated plate of 



Fig. 43*1. — Electricity in Motion. 


the condenser is connected to a small cavity a in a block of 
paraffin wax : the cavity contains mercury. Two similar cups, 
6 and c, are connected to earth through a fine wire and a piece 
of cotton respectively. Suppose that a and 6 are connected by 
a copper wire — ^this must be supported on a sealing-wax handle 

The leaves of the gold-leaf electroscope collapse at once showing 
that the potential of the upper plate of C has been reduced to 
zero very quickly. If C is recharged, and a and c are connected by 
the copper wire, the collapse of the leaves takes place more slowly. 
In each instance we have the disappearance of a quantity of elec- 

795 
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trioity and the electric field round it, but the rate of disappearance 
varies with the nature of the material along which the charge 
has been conducted to earth [or from earth to the condenser if 
the upper plate of the latter is negatively charged]. 

The Detection of Electric Currents. — Hitherto the presence 
of an electric current been inferred from the disappearance 
of an electric charge : no direct means of estabUshing its existence 
has been mentioned. Let us now enumerate some means of 
detecting the presence of an electric current. 

(i) The heating effect of a current : Suppose that a short 
length of very fine wire is stretched between two spheres, one in- 
sulated and the other earthed. If the knob of a charged Leyden 
jar is connected to the insulated sphere so that it is discharged 
the wire is volatilized with explosive violence. 

If an experimenter, insulated by standing on blocks of paraffin 
wax, holds one knob of a Wimshust machine in action, the gas 
from a bunsen burner may be ignited if a copper wire held in the 
other hand is brought near to the escaping gas. 

(ii) Mechanical effects : A sheet of glass or a piece of card- 
board may be punctured when placed between the knobs of a 
Wimshurst machine in operation. The edges of the perforation in 
the cardboard will be burred outwards on both sides : the current 
is therefore oscillatory, i.e. there is a to-and-fro motion of the 
electric charges. 

(iii) Chemical effects : Suppose a piece of filter paper, soaked 
in an aqueous solution of starch and potas- 
sium iodide, is supported on a piece of wax, 
and two wires, touching the paper, lead to 
the knobs of an electrical machine in action. 
Iodine is liberated when the discharge passes 
— this is indicated by the appearance of 
two blue patches at the points where the 
wires touch the paper. [From, what occurs 
in the sequel it will be seen that the 
existence of two blue patches again indicates 
that the discharge is oscillatory.] 

Acidulated water [dilute sulphuric acid] 
may be . decomposed by the passage of the 
discharge firom a Wimshurst machine. Let 
A and B, Fig. 43-2, be the ends of two 
very fine platinum wires sealed into glass 
tubes C and D so that only the tips of the 
wires are exposed to the dilute acid in which they are immersed. 
If the discharge from an electric machine is passed across the gap 
AB for a long time bubbles of gas collect in F, a small funnel, the 


Leads to 

Wimshurst Machine 



Electric Discharge. 
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delivery end of which is closed and very narrow. The solution 
has been decomposed — Plater, it will be learned that it is the water 
which has been decomposed, the amount of acid remaining constant. 

(iv) Luminous effects: Suppose that Fig. 43*3 represents a 
glass tube containing air at a pressure of about 3 cm. of mercury. 
It is provided with electrodes A and B, these being platinum wires 



Fig. 43'3. — Luminous and Magnetic Effeota of the Discharge. 

sealed into the glass. If these are connected to a Wimshurst 
machine in operation, a long sinuous ribbon of light will be seen 
stretching almost along the complete length of the tube. 

(v) Magnetic effects : If a cobalt steel magnet is placed near 
to the ribbon of light in the above tube, the path of the light will 
be distorted. Now it is a well-known scientific fact that only like 
things are affected by like things, i.e., in this instance, the passage 
of the electric current through the gas is accompanied by a magnetic 
field which is disturbed when a magnet is brought near to it. 

Rowland, a physicist of the last century, found that when a 
series of insulated metal strips, mounted on a disc capable of 
revolution about its axis, are charged and the disc spun round 
the axis, a neighbouring magnetic needle is deflected. Such a 
motion of definite electric charges constitutes what is called an 
electric current, and the deflexion of the magnetic needle shows 
that moving electricity can be detected magneticafiy. 

The Simple Voltaic Cell. — Suppose that a piece of amal- 
gamated 1 zinc and a sheet of copper are dipped into dilute sulphuric 
acid. No action occurs — ordinary commercial zinc would dissolve 
owing to the ‘ local action ' mentioned below. If the two plates 
are connected metallically the zinc begins to dissolve and bubbles 
of hydrogen appear on the copper plate. If the wire used to join 
the plates is thin it becomes hot ; a small compass needle placed 
near the wire is deflected.^ Prom these facts we conclude that 
there is a current flowing in the wire. The question presenting 
itself at once is this ; Whence comes the energy to produce this 
motion of electricity ? A condensing electroscope may be used 
to show that there is a difference of potential between the copper 
and zinc plates, the copper being positive. It is maintained by 
hn electromotive force, o.m.f., in the cell. Later on [cf. Chap. 

> An amalgam is defined as a solution of one or more metals in mercury. 

* The effect can bo increased by curling the wire so that it forms a spiral 
— or solenoid as it is termed. 
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XLVI] this will be further discussed : for the present it is sufficient 
to note that this electromotive force is measured by the potential 
difference between the copper and zinc when there is no current 
flowing. 

Suoh a combination as 

zinc I acid | copper 

is known as a voltaic cell. The plates are called poles, or 
electrodes. 

It has been indicated above that the zinc strip dissolves as the 
current flows. The associated chemical reactions supply the energy 
necessary for the electricity to be sent through the wire and the 
cell itself. The current must flow through the acid as well as 
through the wire, otherwise there would be an accumulation of 
electricity at one or both of the electrodes which is contrary to 
experience. 

The current is carried through the acid (the electrolyte) by 
ions, i.e. atoms or groups of atoms which are charged. For 
example, sulphuric acid in water splits up into two hydrogen ions 
H+, each carrying one elementary positive charge (equal and 
opposite to the elementary negative charge, termed an electron), 
and a sulphate ion carrying two negative charges, SO 4 — . Similarly, 
when common salt is dissolved in water, it ionizes : — 

NaCl->Na-^ + a-. 

In general, solutions of acids, bases, and salts, contain ions. We 
shall return to this question again in connexion with electrolysis. 

Electrode Potentials — Nernst’s Theory of Electrolytic 
Solution Pressure.— It has just been shown that a potential 
difference exists between two metals dipping into a dilute solution 
of sulphuric acid. Nbrnst first suggested (1889) a theory which 
would account for this and similar phenomena. According to this 
view every metal has a tendency to ionize, i.e. to acquire a charge 
of positive electricity when it passes into solution. Such an ion 
is termed a cation. With the noble metals this tendency is slight ; 
with copper it is greater ; with zinc still greater ; while with the 
alkali metals it is very high indeed. To each metal Nernst ascribed 
a definite electrolytic solution pressure which was a measure 
of the tendency which a particular metal had to form ions when 
placed in contact with water or an aqueous solution. This pressure 
is high for the alkaU metals, low for gold, platinum, etc. For 
example, if a piece of zinc is dipped into pure water, a number of 
zinc ions (Zn+) pass into the water in virtue of the fact that the 
zinc has an electrolytic solution pressure. In this process the loss 
of positive charge by the zino rod causes the latter to become 
negatively charged, so that a definite potential difference e:^ts 
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between the zinc and the water. Since the ions are charged particles 
they do not move away from the oppositely charged metal but 
form an electrical * double layer/ A state of equilibrium, in 
which the positive ions, being prevented, from leaving the zinc 
owing to the negative charge acquired by the latter, form positive 
layers on the zinc, is very rapidly attained, and although the solu- 
tion pressure is high, the mass of metal dissolved is too small to 
be detected by anal 3 diical methods. The equilibrium is a dynamic 
one. 

Now consider what happens when a metal rod is placed in a 
solution containing its ions. Each square centimetre of the rod is 
bombarded by ions in solution, the number, n, striking per second 
depending upon the concentration of the ions and the temperature, 
i.e. upon the osmotic pressure of the solution. Each metal ion is 
positively charged, and if it adheres will give up its charge to the 
rod. On the other hand, depending upon the solution pressure of 
the metal, N metal ions will 
leave each square centimetre 
of the rod p^^r second and 
pass into solution as positive 
ions, leaving an equivalent 
number of negative charges 
behind them. Three cases 
must be distinguished. 

(i) If N is greater than n, 
there is a net transfer of ions 
from the metal into the solu- 
tion, and this process goes on 
until the potential difference 
at the surface of separation 
between the metal and the electrolyte prevents the resultant 
transfer of ions. This state of affairs is very rapidly reached and 
then the electrode will have taken up an equilibrium negative 
potential with respect to the solution ; this is tlie so-called electrode 
potential, whose value depends upon N, and the charge carried 
by each ion, as well as upon the temperature. Again, an electrical 
double layer has been formed and the mass of metal dissolving 
before equilibrium is reached is immeasurably small. 

(ii) If N = n, the electrode potential will be zero. 

(iii) If N is less than w, as will normally happen with copper 
and the noble metals, the electrode will acquire a positive potential 
with respect to the solution. 

An example of (i) occurs when zinc is dipped into an aqueous 
solution of zinc sulphate, for example — cf. Kg. 43*4 (a). The lower 
the concentration of zinc ions in the solution, the lower will be 
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their osmotic pressure, i.e. the negative potential acquired by the 
rod will be increased. ^ 

When a copper rod is dipped into a solution of copper sulphate — 
Fig. 43*4 (b ) — we have an example of (iii), and hero the electrode 
potential will be greatest when the copper dips into a saturated 
solution of the copper sulphate, for then the osmotic pressure is a 
maximum. 

Hitherto our remarks about solution x3ressuTe have been confined 
to metals, i.e. substances which produce positive ions. It is also 
applicable to substances which yield negative ions or anions. 
For example, chlorine yields negative ions, Cl“, and if the solution 
pressure exceeds the osmotic pressure of the ions the electrode will 
acquire a positive potential. The solution pressure is, in such an 
instance, detennined by the pressure of the gas forming on the 
electrode, so that the solution pressure is a function of the actual 
pressure of the gas — ^thus the electrode potential may be positive 
or negative, depending upon the pressure as well as upon the other 
factors mentioned above. It is very doubtful whether oxygen ions 
can exist as such in solution, but we caq have OH“' ions formed : — 
Oa + 2HaO + 4 electrons 4.0H'“. 

The four electrons are carried over from the oxygen gas, leaving 
it positively charged. Oxygen in contact with water or an aqueous 
solution has a positive potential, whoso value depends upon the 
pressure of the gas. Hydrogen forms H+ ions. Hydrogen and 
oxygen electrodes can be used, as we shall see, the gas being sup- 
ported by an inert solid such as platinum or carbon. 

It is much easier to measure the p.d. between two electrodes than 
a single electrode potential, so Nernst proposed that all electrode 
potentials be referred to a standard hydrogen electrode in which 
hydrogen at a pressure of 76 cm. of mercury is in contact with a 
solution containing one gram-ion per litre. The table refers to some 
elements in equilibrium with solutions of 1 gram-ion per litre of 
the ion concerned. 


Electrode PotontiHl ij Electrode Potontisl 

Metal and Ions (Volt, with respeot i! Metal and Ions (Volt, with respect 
to Hydrogen) i| to Hydrogen) 


Hg 

Hg++ 

-f 0*48 

Ni 

Ni+++ 

^ 0*22 

0 

OH- 

-f- 0-42 

Cd 

Cd++ 

- 0-40 

Cu 

Cu++ 

+ 0-34 

Fo 

Fe++ 

- 0*44 

H 

H+ 

0 

Zn 

Zn++ 

- 0-77 

Pb 

Pb++ 

- 012 

Na 

Na+ ' 

- 2-61 


The Theory of the Simple Voltaic Cell and Polarization 
-It can now be seen what happens when pure zinc and copper 
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are placed in the same jar of dilute add. The zinc plate acquires 
a negative potential with respect to the solution, and the copper 
plate a positive one. Thus there is a p.d. between the plates 
equal to the e.m.f. of the cell. If.the electrodes are connected by 
a wire, electrons will flow through it from the zinc to the copper 
and the equilibria at the electrodes will be upset. More Zn ^ + ions 
will pass into solution, and Cu++ ions will move towards the copper 
plate, there to \pso their charges and be deposited. For every 
gram-ion dissolved or deposited, a definite quantity of electricity 
[of. Chap. XLVII] will bo transferred. 

If the current taken from the cell is very small, the iJ.d. between 
the electrodes is maintained, but if the number of electrons reaching 
the copper plate from the wire is larger than can bo neutralized 
by the deposition of Cu++ ions from the solution, the potential of 
this electrode becomes more negative, and the e.m.f. is lowered. 
The rate of deposition of Cu++ on the electrode det3ends on their 
concentration in the solution and upon the rate of diffusion from 
the bulk of the electrolyte to the electrode. Similarly, if the zinc 
is losing a large number of electrons per second, the concentration 
of the Zn++ ions near the electrode is increased and its electrode 
potential becomes less negative. Again the e.m.f. is lowered. 

The lowering of the electrode potential of the copper may be 
sufficient for it to reach the electrode potential of hydrogeti gas at 
atmospheric pressure. When this happens, hydrogen can exist 
in equilibrium with ions, and some gas appears as bubbles on 
the copper plate. These bubbles act as ‘ insulators * on the 
electrode and make it still more difficult to. take current from the 
cell. The positive electrode is now hydrogen, and the e.m.f. of the 
cell is low. When the e.m.f, is lowered on attempting to take a 
large current from the cell, the cell is said to be polarized. Polar- 
ization occurs in two stages, the first being due to a change in 
concentration of ions near-the electrodes, and the second duo to 
liberation of gas at the positive electrode. It should be emphasized 
that polarization is not merely the formation of hydrogen ; the 
o.m.f. has been lowered considerably before that occurs. Polariza* 
tion may be avoided by keeping the ion concentrations as constant 
as possible, and by oxidizing any hydrogen formed. The simple 
voltaic cell, copper and zinc plates in dilute sulphuric acid, polarizes 
very readily owing to the low concentration of copper ions. 

The Daniell Cell. — The details of this cell, first described in 
1836, are shown in Fig. 43'6 (a). The cell is very reliable and will 
supply a fairly steady current for a considerable time. The copper 
vessel, acting as the positive electrode, is in contact with a solution 
of copper sulphate, kept saturated by the copper sulphate crystals. 
The electrode potential of the copper is therefore kept constant. 
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The porous pot prevents the rapid mixing of the solutions. If 
dilute sulphuric acid is used, the electrode potential of the zinc is 
more negative and the e.m.f. of the cell is higher than if zinc sulpho^te 

solution is used, but in the 
latter case the e.m.f. is 
steadier, owing to the more 
constant concentration of 
the zinc iqns. There is a 
very small p.d. across the 
junction of the two solu- 
tions. The e.m.f. of the cell 
is about 1-08 volts, depend- 
ing on the temperature. 

When the electrodes are 
put into metallic connexion 
with each other, electrons 
pass from the zinc to the 
copper, thus tending to 
make the potentials of the 
zinc and copper equal — 
cf. Fig. 43*6 {h). By convention, the current is considered to flow 
in the opposite direction. The current thus set up would cease 
after a small fraction of a second if further reactions did not 
occur. The electrons flowing away from the zinc cause the 
potential of this elec- 
trode to rise : the equi- 
librium at this electrode- 
electrolyte boundary is 
thereby disturbed and 
the changes occurring 
tend to maintain the 
electrode potential of the 
zinc, for zinc passes into 
solution. At the copper 
electrode the electrons 
arriving there make this 
electrode less positive, so 
that copper ions pass 
from the solution to it. 

Thus the concentrations 
of the solutions change 
when the cell is in action : 
that of the zinc sulphate increases while that of the copper 
sulphate decreases. It is essential to keep the latter concen- 
tration as high as possible; hence the presence of the copper 
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Fio. 43*6. — ^The Action of a Daniell Cell. 
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sulphate crystals. . The resultant chemical change in the cell is 
shown by^the equation 

Zn + CUSO 4 — > Cu + ZnS 04 . 

If an inquiry regarding the source of electrical energy from the 
Daniell cell is begun it will be seen that the reaction 

Zn + CUSO 4 — > Cu + ZnS 04 , 

which represents the net chemical change when the cell is being dis- 
charged, is a reaction which occurs directly if zinc is actually put 
into a copper sulphate solution. It is, in fact, an ordinary spon- 
taneous chemical process which takes place readily if the reacting 
substances are placed in contact : in this instance, of course, no 
electrical energy is produced but merely heat — the ordinary 
heat of reaction. In the Daniell cell this same chemical action 
is made to occur in an abnormal fashion. The reacting substances 
are not in direct contact, but there is an electrically conducting 
path between them. When the circuit is completed the reaction 
takes place in two separate parts — dissolution of zinc from one pole, 
deposition of copper on the other. The net chemical result is the 
same as in the direct reaction, but in this instance electrical energy 
is obtained instead of heat. 

In cither case this energy comes from the chemical energy residing 
in the system, Zu + CUSO 4 , and it is this energy wliich brings about 
the chemical change. In the direct reaction this appears as heat, 
in the cell reaction as electrical energy. SimOarly any voltaic cell 
may be regarded as a device whereby some spontaneously occurring 
chemical reaction is harnessed so that its chemical energy appears 
as electrical energy instead of as heat. 

The Leclanch 6 Cell. — A cell of higher e.m.f. than a Daniell 
cell must have electrodes with a greater difference of potential than 
there is between copper and zinc in dilute sulphuric acid. Metals 
having a more negative electrode potential than zinc dissolve too 
quickly to be of much service. Oxygen gas, however, has a higher 
electrode potential than copper, and there is a number of cells 
using an oxygen positive electrode, of which the Leclanche is the 
most important. A diagrammatic section of this cell, whose e.m.f. 
is about 1*46 volts, is shown in Fig. 43*6. The oxygen is supported 
on a carbon rod. Carbon occludes and ‘adsorbs* oxygen very 
readily, but cannot take part in the cell reactions because it does 
not ionize. In the wet form of the cell, the carbon rod is in a 
porous pot containing a mixture of manganese dioxide, MnO,, and 
powdered graphite, which is necessary to conduct the current, 
manganese dioxide being a poorly conducting substance. The porous 
pot and zinc rod stand in a saturated solution of sal ammoniac, 
NH4CI, in a glass jar, the upper parts of which are coated with a 
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suitable enamel to prevent creeping’. The chemical reactions 
may be summarized as » 

Zn + 2 NH 4 CI + 2MnOa Zn(NH 8 ) 8 Cl 2 + HjjO + Mn^Og. 

The MnOg is thus reduced to MugOg, whioh is slowly oxidized 
back again by contact with the atmosphere. If the MnOg is 
reduced too rapidly, by taking a large current from the cell, the 
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Fio. 43 6.—A Leolanoh6 Cell. 

oxygen may be taken from the carbon electrode instead of from the 
air, and the electrode potential falls (possibly so far that hydrogen 
is liberated, and the electrode becomes a hydrogen one. The 
manganese dioxide also helps to keep the concentration of the 
hydrogen low). The cell, therefore, can be used only for inter- 
mittent currents, but it will stand for long periods without attention. 

The Dry Cell. — ^This cell is roaliy a form of Lteclauch^ coll in which 
the fluid has been replaced by a mixture of sal-ammoniac, hygroscopic 
salts, and sawdust. This mixture must bo moist, so that the term 
‘ dry cell ’ is really a misnomer ; its very action deponds upon the 
fact that it must be wet. The carbon rod is surrounded by a paste 
made from manganese dioxide* coko, ammonium chloride and zino 
chloride, this being a hygroscopic substance. This depolarizing paste 
is contained in a muslin hag (for the paste is a good conductor and 
must not bo allowed to come into contact with the zinc). The mixture 
of Bal-ammoniao, zinc chloride, and sawdust, occupies the smcdl space 
between the bag and the outer zino case which forms the negative 
electrode. A small vent in the wax which seals the coll penmtii any 
gases to escape. 

In the making of a dry cell one of tho main considerations is to 
ensure the retention of the essential moisture in the interior of the 
oell, while at the same time permit the gases generated during the 
workiog of the cell to escape. In the ceU shown in Fig, 43*7 these 
conditions are adequately fulfilled. There is a patented device which 
hermetically seals in the active ingredients but which permits the 
gases to escape during the working of the cell. In addition it is 
possible to introduce a large quantity of the depolarizing mixture by 
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dispensing with the usual fabric sack ahd separating the mixture 
from the zinc container by a thin paper lining. The whole is moistened 
with an aqueous solution of ammonium chloride and when the paper 
is saturated with this solution the current passes through the i>apor — 
it is then a separator but not ■ 

6as^ TjUl. H^rd Compound 


an insulator. 

"J'ho central carbon rod has 
two narrow holes running Jongi* 
tudinally through it. At the 
bottom of the coll a cardboard 
disc fits closely round the rod 
and presses against the paper 
lining. The depolarizing mix- 
ture is then rammed into the 
spaco between the rod and 
paper lining. A layer of the 
KOiiling plastic compound is 
then run on top of tlie mixture. 
Gases formed in tlie mixture 
rise until they reach the plas- 
tic layer and when the pressure 
becomes groat enough they 
pass as bubbles through the 
compound. These burst, and 
iiie compound flows t<igethor, 
thereby ro-sealing the cell. 

The air space at the top 
of the coll connects with the 
vents through the carbon by 
moans of slots cut in the rod. 
The reason for the cardboard 
disc with grooves at the bottom 
of the cell is that by this 
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Fia. 43*7, — Sieiaen*s Dry Cell. 


moans any gases generated at the base of tlio coll find an exit through 
the vents in the carbon. The depolarizing agent is packeil in so firmly 
that the gjises fonned in this region are 
unable to pass tlu’ough the mixtiu*©, and, 
unless they can escape in another way, grad- 
uiUly force tlie mixture out of the cell. 

[Another advantage of this new type of dry 
cell is that its internal resistance is low — 
on short circuit a current of CO amperes is 
obtained.] 

The Bichromate Cell.— In this cell, 
Fig. 43*8, carbon and zinc are employed as 
the two deotrodes. The liquid is dilute 
sulphuric acid in which potassium biqhfo- 
mate has been dissolved. The solution 
may be made as follows : 1000 cm*, water, 
100 cm*, oono. HalSO^, 80 gm. K,Cr,0,. 
The bichromate a^sts as the depolarizing 
agent, the CrOg eonstituent being reduced 
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to Cr^Oa. The chemioal' action of the cell is represented by 
3Zn EfCr|Of -f* 

SZnSOa EfSOa Cr|(S 04 )f -f- 7H|0. 

The e.m.f. of this cell is approximately 2 volts. 

The Bunsen Cell. — ^A porous pot containing concentrated nitric 
acid and a carbon electrode [+] is immersed in a vessel containing 
dilute sulphuric acid. A zinc rod is placed in the sulphuric acid 
and forms the negative electrode of the cell. The nitric acid is 
reduced by the hydrogen which is formed when the zinc dissolves, 
and is therefore an efficient depolarizing agent. These cells are 
very objectionable in a laboratory on account of the nitrous fumes 
which are evolved. If the carbon rod is replaced by a sheet of 
platinum, then the cell is as designed by Grovb. 

The Weston Cadmium Cell. — ^Tho colls which have been de- 
scribed previously suffer from the disadvantage that their e.m.fs. arc 
not constant when they are in use, and also vary considerably with 
changes in temperature and changes in the concentration of the dis- 
solved substances. For purposes of standardization it is desirable to 
have a coll whose e.m.f. shall be constant, or, if it does vary with 
temperature, then this variation must be small and measurable. Such 
a constant cell is found in the Weston Cadmium Cell. A cadmium 
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Fio. 43-0 — ^Weston Cadmium Standard Cell. 


amalgam forms the negative pole, whilst mercury is the positive pole. 
The liquid in the cell is a saturated solution of cadmium sulphate, 
anci mercurous sulphate is the depolarizer. All these substances are 
specially purified before being assembled as in Fig. 43*9. Platinum 
wires serve to connect the electrodes to an external circuit. Such cells 
have an exceptionally high internal resistance. They are not intended 
to give any but very minute emrents, and, in spite of their High 
internal resistance [cf. Chap. ^LVI], are spoiled if the terminals are 
connected by a short wire. They are only used standards with 
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which other cells may be compared. The e.m.f. of such a cell is 
expressed by 

E« = l-bl86 - [3*8 X 10-» (t - 20)] volt., 

where E| is the e.m.f. at C. From the formula it is seen that the 
o.m.f. is 1*0186 volts at 20® C. 

In all forms of coUs in which zinc is used as one plate, or 
electrode, the zinc gradually dissolves, unless it is exceptionally 
pure, even when the two electrodes are not connected together. 
The high cost of production of very pure zinc renders its use 
prohibitive ; it has been found, however, that if the zinc contains 
4 per cent, of mercury then the zinc only dissolves when the cell 
is in use. The solution of commercial zinc in the sulphuric acid, 
when the cell is not operating, is referred to as local action, 
which we may explain as follows. — Commercial zinc contains traces 
of iron and other metals. If such an impurity is on the surface of 
the zinc plate, and therefore in contact with the acid, it will behave 
as the positive electrode of a small voltaic cell. In this small cell 
the zinc will be the negative electrode and will be dissolved even 
when the copper and zinc plates of the large cell are not connected 
together. " 

Whenever a steel framework is exposed to the action of water 
containing traces of dissolved salts the metal is gradually corroded 
away. Attempts have been made to prevent this by connecting 
the iron structure with a mass of zinc likewise exposed to the 
same water. It was thought that the zinc alone would corrode 
and thus save the iron structure. Experience has shown that the 
zinc is only effective for the iron in its immediate neighbourhood. 


EXAMPLES XLIll 

1. — Describe a condensing electroscope and explain its use. 

2. — Describe the simple voltaic cell aud give an account of its action. 
Explain how, and to what extent, the defects of the simple cell are 
remedied in (a) a Daniell cell, (5) a Leclanch6 cell. 
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ELEC5TRIC CURRENTS AND THEIR MAGNETIC 
EFFECTS 

The Magnetic Field due to a Current in a Straight Wire. 
— ^Whon an electrio ourrent flows in a straight wire magnetic forces 
are produced in the neighbourhood of the wire. The wire itself 
does not become a magnet, for it cannot attract iron fllings, neither 
does it possess any magnetic poles. If, however, a vertical wire 
carrying a large ourrent pierces a sheet of cardboard on which 
iron filingB have been sprinkled, then these filings arrange them- 
selves in circles round the wire. The filings are still arranged 
in a circular form when the current is reversed ; but if a small 
compass needle [which may be regarded as an iron filing capable 
of rotation about a pivot] is placed on the cardboard, the direction 
in which 1/he needle points depends upon the direction of the 
electrio current in the wire. The direction of these circular mag- 
netic lines of forces can be ascertained from the following rule : 
Look along the wire in the direction in which the electric 
current is travelling, then the lines of force are such that 
a positive (north-seeking) pole tends to move in a clockwise 
direction. In Fig. 444 the direction in which tho N-poIe of a 
needle tends to move is indicated. The manner in which the 
magnetic field is related to the direction of the current is perhaps 
best remembered with the aid of Fig. 44*2. [If, on this diagram, 
the names * current ’ and * magnetic field ’ are interchanged, we 
have the direction of the magnetic field at the centre of a circular 
coil carrying a current flowing in the direction indicated.'] 

The tendency of a magnetic pole to rotate may be demonstrated 
by means of the following experiment [Fig. 44*3]. A straight wire 
W dips into the centre of a vessel containing acidulated water and 
is connected to the one pole of a battery. [N.B. A cell is denoted 
by two parallel lines, one shorter and thicker than the other. The 
longer line represents, by convention, the positive electrode.] A 
copper plate P is joined to the second electrode. A piece of soft 
iron rod is magnetized and inserted in a cork C, the shape of the cork 
being such that the rod floats vertically, with one pole near tho sur- 
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face and the other well below it. When a strong current is passed 
through the wire the floating magnet moves in a circle as long as the 
current is passing. The direction of the motion depends upon the 
polarity of M and the direction of the electric current in W. 
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[N.B. — ^Tho cross in the small circle represents the end of on arrow which 
is moving away from the observer ; the dot in its circle represents the point 
of an arrow when tliis is seen approacdiing.] 


In the above exporimonts a large current is used so that the 
effect of* the earth’s magnetic field may bo small compared with 
that due to the current. The same effect may be obtained by 
passing a somewhat weaker current through several wires in parallel. 



Field 

(Curr^t) 

Fio. 44*2. — steady Current and 
its Magnetic Field. 



If the current is weak and only one wire is used the magnetic field 
in a horizontal plane round the wire may be plotted with the aid 
of a compass needle. Such a field is indicated in Pig. 44*11. The 
presence of a neutral point will be noticed. 
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Maxwell* s Rule. — ^Maxwell gave the following rule for determin- 
ing the direction of the -magnetic field due to a current flowing in 
a specified direction : — If an observer imagines that a cork-- 
screw is being driven in the direction of the current, a north 
pole, placed in the field, will move in the same direction as 
the screw is being turned. 

Electric Bells. — ^The electric bell is a 
simple practical application of the magnetic 
effect of an electric current ; the construction 
and mode of action of such a bell are as 
follows : — In Fig. 444 M is an electromagnet 
excited by the current from a battery B 
when the button of the switch A is pressed 
inwards so that contact is made between 
two small metal plates in it. The current 
flows through a spring H which is normally 
in contact with an adjustable contact S, and 
then through the coils of the electromagnet 
back to the battery. Attached to the spring 
H there is a piece of soft iron which is 
attracted to M when the current is established. 
If the contact between H and S has been 
properly adjusted this contact is broken when 
the soft iron moves towards M and the 
current ceases. The magnet is nt) longer 
excitedi H moves back to its normal position, 
and the whole process is repeated. Attached to H is a hammer D 
which strikes the gong C and continues to vibrato until the pressure 
on A is released. 

Telegraphy. — ^Fig. 44-5 shows in simple form the equipment at 
.two stations between which signals have to bo sent. It will be noticed 
that the equipment is the same at each station and that the stations 
are comiected by a wire or ‘ lino.* Until 1837 a return wire was used 
to enable the current to rotum to the sending station, but in that 
year Steinheil (Munich) discovered that the earth was sufficiently 
conducting to be used for that purpose. The apparatus consists of 
a Morse key ACD movable about a horizontal axis tluough C. 
Normally there is contact between A and a metal stud F, but this 
contact is destroyed when D is depressed to make contact with H. 
M is an electromagnet and the current is supplied from a battery B. 
G is a galvanometer to indicate to the observer that a current is 
passing along the line L. Wlien contact is made between D and H 
the electromagnet at the sending station is not in action, but the 
electromagnet M' is excited. Tlfis pulls downwards a piece of iron 
S' — the armature. S' is attached to a lever carrying on inked wheel 
W'. When M' is excited, i.e. signals ore coming in from the sending 
station, a narrow piece of paper is made to move automatically below 
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tho wheel W', The speed at which this moves is regulated so that 
if D is pressed down for a short time a dot is registered. If D is 
held down for a longer time the wheel makes a dash. A prearranged 
code of dots and d^hes enables a message to be sent. 

If signals were sent over a long distance with the aid of an apparatus 
similar to that just described they would be so feeble when they 
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arrived at the second station tliat the instruments there would not 
respond to them. This necessitates tho use at the receiving station 
of a relay which consists of an electromagnet, the armature being 
delicately adjusted. Tho feeble signals cause this armature to move 
and close a local circuit in which the ciurent is so strong that the 
receiving Moi*se instrument indicates the arrival of the signals. 


Magnetic Shells of Uniform Strength. — When a thin sheet 
of magnetizable substance of uniform thickness is magnetized in 
a direction perpendicular to the surface of the sheet we have what 
is termed a magnetic shell. It is now necessary for us to investi- 
gate the properties of such a shell since its magnetic effects are 
equivalent to those of a current of certain strength flowing in an 
electric circuit coinciding with the periphery of the shell. Although 
such shells do not actually exist they are a means of correlating the 
phenomena of electric currents and magnetism. 

The strength, of a uniformly magnetized shell is defined as 
its magnetic moment per unit area. Thus 




magnetic moment 
area 


intensity of magnetization (J) x volume 
area 


= Jt, where i is the thickness of the shell. 


Magnetic Potential due to a Magnetic Shell at an External 
Point. — Just as the electric potential at a point in an electric field 
is defined as the work done against the field per unit positive 
charge in bringing up a small positive charge from infinity to that 
point, so is the magnetic potential at a point in a magnetic field 
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defined as the work done against the field per unit positive pole 
in bringing up from infinity a small positive pole to that point. 
Hence, by an argument similar to that given on p. 683, the magnetic 
potential due to a magnetic pole of Strength m at distance r from 

it is Let P, Fig. 44*6 (a), be a point at a distance r from the 

centre of a small element ABGD of a uniform magnetic shell BS ; 
let 0 be the angle made by r with the axis of magnetization of 
the element and let da be the area of each face of the element. 
Then the amount of magnetism on each face is numerically equal 
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to J . <3^ = dm [say]. The magnetio potential at P, a point on 
the positive side of the shell, due to the charge on AB, is 

; that due to the charge on CD is where 

r — Z COS fl r + Z COB 0 

2Z » the thickness of the shell. 


■ ' — Z cos 0 r + Z cos oj* 

where dVp is the contribution to the magnetic potential at P, due 
to the charges considered. Since l/r — ► 0, we have, 

_ dm . 2Z cos 0 JtQOsd .da 
dVp= ^5 ^ 

_ <^da . COB 0 

-5 . 

But da . oos0/f* ss da>, where dco is the solid angle subtended by 
the element of the shell at P. Hence 

dVp ^ » doa. 
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Sinoe this is true for each element of the shell, we have, 


Vp == jKOf 


where Vp is the magnetic potential at F, and (o is the solid angle 
subtended by the shell at P. 

Suppose now that wo require the magnetic potential, Vq, at Q, 
a point on the negative side of the shell. Then from Fig. 44*6 (6), 
as before, 


<5Vq = dm 


r } 

\jr + I cos (n — 0] 


r 


1 

I cos {n — 





ds . cos 0 


[as before] 


Now 

^ cos (71 — 0) 

f* 


3Vq ^ . dft), 

and 

Vq = — ^ . 0). 


. cos 0 


The meaning of this equation is that if we approach the shell 
and bring up a small magnetic pole from an infinite distance and 
finally arrive at a point on the negative side of the shell, the work 
done against the field per unit positive pole is — 

Equivalent Magnetic Shells. — Let us assume that a current 
i is flowing in a circuit S, Fig. 44*7. Let us imagine that this has 
been replaced by the network shown and that a current % is flowing 
round each mesh such as the one shown shaded in the same 
direction as the original current. We 
are justified in this foi* each line 
separating two adjacent elements is 
traversed by equal currents in contrary 
directions so that any magnetic effect 
duo to one is neutralized by the other, 
and it is only where the elements 
touch the periphery that the effects 
are not neutralized in this way. Hence 
the effect of all the elementary currents 
is the same as that of the current in the 
original circuit. 

Now experiment shows that atdistances from such elements great 
compared with their linear dimensions the magnetic effect is the 
same as that of a suitably chosen magnetic shell whose boundary 
coincides with that of the element. Since every closed circuit may 
be conceived as made up of contiguous elements as above it follows 
that in as far as its magnetic effects are concerned every closed circuit 
may be replaced by an equivalent magnetic shell [provided that 
the point where the field is considered does not lie inside the shell]. 



Fio. 44-7. — Equivalent 
Magnetic Shells. 
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The Electromagnetic Unit of Current.— When the magnitude 
of the current flowing in a closed circuit is numerically equal to 
the strength of its equivalent magnetic shell, that number represents 
the magnitude of the current in electromagnetic units. Hence 
the unit e.m. current is that which, when flowing in a closed 
circuit, may be replaced by an equivalent magnetic shell of 
strength unity. 

Work done per Unit Pole in Carrying a Small Positive Mag- 
netic Pole round a Closed Circuit. — Let ABC, Fig. 44-8, be a circuit 
carrying a current i e.m.u. This circuit may be replaced by any 
uniform magnetic shell whoso boundary coincides with that 

of the circuit, in so far as 
the magnetic field outside the 
region not occupied by the 
shell is concerned. Lot ADB 
be such a shell. Consider 
two points Px and P| very 
close to the magnetic shell, 
but on opposite sides of it. 
We shall assume that is 
on the positive side of the 
shell. Then the magnetic 
potential at P^ is where 
^ is the strength of the shell, 
and CD I the solid angle sub- 
tended by the boundary of 
the shell at Pj. At P| the 
potential is — ^a)|. Hence the work done per unit positive pole in 
taking a small positive pole from P| to P^ by a path not cutting the 
shell is 

^(Oi - (“^ 0 ),) =» + 0 ),). 

In the limit when the shell is infinitely thin, its strength remaining 
equal to however, the points and P| practically coincide, 

/. esj + Of 4;c. 

Hence the work done is 4;i^. 

[It should be noted that if the magnetic pole is moved from P| to 
Pg by a path not intersecting the shell, the work is done by the field.] 

If we now pass from P^ to Pg through the shell, the direction of the 
field is rovers^ and the work done per pole unit is — It is not 

necessary to establish this analytically, for the magnetic potential at 
a point due to a shell must be single-valued, so ttot the total work 
done when the path is completely closed is zero. Otherwise useful 
work could be obtained by allowing a magnetic pole to move round 
a closed path drawn in a magnetic field ; this is contrary to experience. 

When we are dealing with the work done in threading a closed 
circuit, however, there is no actual shell present, and the work done 
in passing from Pg to Pg to complete the path is zero. Under these 
oircumstanoes, the work done on a unit positive magnetic pole in 
passing from Pg to Pg via Pg, i.e. in compl^ly threading the circuit, 
is ini "* 4sa. 

In this instance the magnetic potential at a point will be a multi- 
valued function, i.e. its potential may be any of a series whose values 
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differ by multiples of 4m. This is not oontraxy to the principle of the 
conservation of energy* for a current is not a static effect* and the 
circuit is not in the same condition as it was initially, when it has 
been threaded by a magnetic pole. 

The Magnetic Field due to a Circular Current at a Point 
on its Axis. — Let P* Fig. 44*9 (a)* be the point considered. Let i 
be the current in electromagnetic units* and r the radius of the 
circle. The magnetic potential at P, a point on the positive side 
of the equivalent magnetic shell, is therefore ia>, where ec is the 
soUd angle subtended at P by the boundary of the circle. Now 
the solid angle co is formed by the revolution of the diagram about 



Fiq. 44*9. — Field due to a Circular Current. 


the axis OP. It is defined as the area of the spherical cap ABC* 
Fig. 44*9 (6)* divided by the square of the distance BP. Let 
BP = a. Hence 


2710*(1 — cos 0) o /I o fi * 1 

“ = = 2«(1 - COB d) = 2n^l - 

iV 2«»f* 

The magnetic intensity at P is — or The intensity, 

Hj, „ 0 , at 0 is found by putting x = 0 in the above. We have 

^7zi 

Ha; 0 = ~* If there were N turns of wire, the magnetic field 
at 0 would be increased N-fold, i.e. H^ „ q = 


The Magnetic Field due to a Linear Current. — Let P* Fig. 
44*10* be a point at distance r from an infinite wire carrying a cur- 
rent t. Let this current flow downwarils. The return wire may be 
considered as B at infinity. The equivalent magnetic shell in this 

instance is one half of an infinite plane. If 0 is the APB* the solid 
angle subtended at P by the plane is 20 since 20 is the area of a 
unit sphere whose centre is P cut off by planes PA and PB normal 
to the paper. The section of the sphere by these planes is Uke a 
section of an orange. Since the surface area of a hemisphere of unit 
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radius is 2fft and n is the angle subtended at its centre by its ourved 
surface, it follows that the solid angle is 20 in the present instance 



Fiq. 44-10. — Magnetic Field due to a Linear Current. 

since a hemisphere may bo considered as a number of congruent 
sections side by side. The magnetic potential at P is 2i0 = V. 

The magnetic field strength, H, at 

P is — since r,dO is the element 
r dO 

of length at P in the direction of 0 in- 
2i 

creasing. This is — — [indicated by 

dotted arrow at P]. Hence the lines 
of magnetic force are circles. The 
actual direction of this intensity is 
shown by the full-line arrow. 

The above argument is only true 
FioW durto magnotic field » 

Current and Hq. absent. When the earth's field is 

present the lines of force are distorted 
as in Fig. 44*11. If Hq is the strength of the earth’s horizontal field 
and r the distance of the neutral point ^ from the wire, we have 

Hq = so that i may be determined. Its value will be in electro- 
magnetic units of current. 

If a small compass needle is placed at a distance r due N (or S) 
of a vortical wire carrying a steady ourrent, the needle will take 
up an equilibrium position determined by Hq and H, two magnetic 
fields mutually perpendicular. If 0 is the deflexion of the needle 

^ Tho point is readily and acourately determined by constructing two 
directional looi as explained on p. 750. 
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H Hq tan 0, If we assume H s where A and n are eon* 
stants^ we may write 

log Ho + log tan 6 = log A + n log r. 

By taking a series of observations and then plotting y = log tan 0 
against x = log r, a straight line of slope n will bo obtained. It 
will bo found that n = — 1, as the above theory requires. 

A Modern Variation of Biot and Savart’s Experiment. — 
The manner in which the magnetic field due to a long vertical 
straight wire carrying a current varies with the distance r from the 
wire may be examined exper* 

f 
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Fio. 


44*12. — Biot and Savor t’s 
Experiment. 


imcntally with the aid of 
a vibration magnetometer. 

This was originally done by 
Biot and Savabt. Suppose 
that A, Fig. 44*12, is a 
section of the wire, the 
current flowing towards the 
observer. Suppose that the centre of the magnetometer needle 
is directly east of the wire, and at a point P distance r from it. 
Let H be the field due to the current at this point. Then the 
total horizontal field at P is H® + H, if Hq is the strength of 
the earth’s horizontal magnetic field. 

Suppose that the magnetic needle has a period Tq when there 
is no current in the wire. Then 




whore M is the jnagnetic moment of the magnet and I its moment 
of inertia about the axis of rotation. When there is a current 
in the wire, let T be the period of oscillation. Then 

M(H„ + H)' 

From these equations, we have 




—I 


Assume H Ar^, where A and n are constants. Then 
log|^(^) - ij = c + » log r, 


where C is a constant. 


If wo plot y = 
straight line k ». 


log 



T, 


1 


and X — log r, the slope of the 


It will be found equal to — 1, i.e. the magnetio 
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field at a point due to the linear current varies inversely as the 
distance of that point from the conductor. 

Maxwell's Experimental Proof. — ^Maxwell suggested that the 

following experiment might be used 
to show that the magnetic field at 
a point due to a long straight cur- 
rent was inversely proportional to 
the distance of the point from the 
wire. The apparatus consists of a 
cardboard ring A, Fig. 44*13, sup- 
ported by three equal strings so 
that it is free to rotate in a hori- 
zontal plane. Suppose that B is 
the wire carrying the current. Let 
NS be a magnet placed on the 
cardboard so that it Ues in the 
magnetic meridian with its north- 
seeking and south-seeking poles at 
distances r ^ and r , respectively from 
the wire. C is a non-magnetic 
counterpoise. Let and H, bo 
the magnetic field strengths at 



Fio. 44*13. — ^Maxweirs' Appara- 
tus for Investigating the 
Magnetio Field due to a 
Vertioal Linear Current. 


distances n and r« from the wire. 


Then the forces on the magnet, due to the current in B, are Hjm 
and — Ham. The moment of these forces about the axis of sus- 
pension is 

Hjmrj — Hamra. 

Experiment shows that there is no tendency for the system to 
rotate. Hence 

Haf a - Hafa = 0, 


i.e. 



ft' 


or the magnetio field varies inversely as the distance from the wire. 

[It is not necessary for the wire to pass through the centre of 
the ring — ^why 1] 

Magnetic Field inside a Long Straight Solenoid wound 
Uniformly. — Consider such a solenoid having n turns per unit 
length. I«t i be the current in e.m.u. Then each turn of the 
wire and the current in it may be replaced by its equivalent mag- 
netio shell. Let us assume that these shells are normal to the 
axis of the solenoid, and that opposing faces of adjacent shells are 
very close together. Some such shells are shown in Fig. 44*14 (a). 
The strength of these equivalent shells is i , i.e. the magnetio moment 
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per unit area of a face is i. The magnetic moment of a shell is 
therefore TiaH, But the thickness of the shell is 

n 

/. pole strength = ± naH ~ = db njiaH, 

Let a be the surface density of the distribution of magnetism 
on the faces of the equivalent shell. Then 

a = m. 

Consider a point P near the centre of the solenoid and in the 
space between two adjacent shells. Since the distance between 



Fio.4:4‘14. — Magaetia Field iiidido a Iiong Straight Solenoid wound Uniformly. 


these faces is small, the intensity, H, at P is 4* = 4jini, 

[This value for the intensity is obtained by applying Gauss's 
theorem, or from analogy with a plate condenser.] 


If the point considered is Q, inside the volume occupied by one of 
the above shells, let us suppose that that particular shell is divided 

into two parts of thickness — and respectively, whore 


0 < P < 1. If these are AB and CD, as in Fig. 44-14 (6), the current 
replaced by AB is /?t, while that replaced by CD is (1 — P)i, 

The magnetic moment of AB is pi . na*. 


pole strength 





n 


Hence a is as before. 

Since a has the same value for CD, we have 


H = Anni, 


[The last part of the above argument may be replaced by the follow- 
ing : let the faces of the shells be curved so that Q lies in the space 
between two shells. Then, by applying Gauss’s theorem, 

H a 47im 

as before.] 


l.P. 
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Fio. 44*16. — Astatic 
Galvanometor. 


All Astatic Galvanometer.*— To detect e small current an 
astatic galvanometer may be used. Its principle of action is as 
follows. We have seen that a magnet 
tends to set itself with its axis in the 
magnetic meridian. If two equal magnets 
are arranged one above the other but with 
unlike poles pointing in the same direction, 
the resultant magnetic moment will be zero, 
BO that the system will assume a position 
of rest independent of the earth’s mag- 
netic field. Since it is impossible to make 
and maintain two magnets of equal 
moment, it follows that every pair of so- 
called “ astatic ” magnets will experience 
a slight control due to the earth’s mag- 
netic field. [Hence it is advisable to place 
the instrument so that the plane of its 
coils lies in the magnetic meridian.] If, 
howevOT, several turns of wire pass round 
the lower needle, as in Fig. 44*15, then 
when a current passes through the coils 
there will be greater magnetic forces on 
the lower magnet than on the upper one so that it will be 
deflected. The amount of deflexion is a measure of the current. 
Such instruments are practically only used to detect and not to 
measure small currents so that they are really astatic galvano- 
scopes. Frequently these effects are multiplied by arranging a 
coil round the upper magnet. The direction of the current in the 
upper cc^ most be different from that in the lower so that the 
system shall experience forces tending to urge it in one direction. 
A mirror, or an aluminium needle, rigidly attached to the suspended 
system enables the deflexions to be measured. 

The Tangent Galvanometer. — Before attempting the theory 
of this instrument the following experiments should be performed : — 
A circular coil is placed with its plane at right angles to the magnetic 
meridian and the resultant field due to the earth’s horizontal 
component and the current in the coil mapped with the aid of a 
small compass needle. A diagram similar to Fig. 44*16 (a) will be 
obtained if the magnetic field due to the current is in the direction 
of Hq. If, on the other hand, the coil is placed in the meridian and 
the resultant field mapped again, a diagram similar to Fig. 44-16 (6) 
will bo obtained. This, unlike the first, is not symmetrical about the 
plane of the eoil. If, thmfore, a small magnetic needle is placed at 
the centre of the coil it will only be deflected in the second instance. 
Let us see how this deflexion enables us to measure a current. « 



821 


CURRENTS AND MAGNETIC EFFECTS 

Let m be the pole-strength of the magnet of length 22, while 
Hq and H are respectively the horizontal component of the earth’s 
magnetic field and the magnetic field at the centre of the circular 
coil due to a current i in it. If there are N turns and r is the radius 

of each coil, then H = — In the position of equilibrium the 
moments of the two couples on the magnet must be equal, i.e. 
mHo . 22 sin & . 21 cos 6. 



Fiq. i4*l6. — Principle of a Tangent Galvanometer. 


Hence H Hq tan 0. Substituting in this expression the value 
of H, we have 

In practical units this becomes 


1 = 


lOrHo 

27cN 


tanft. 


This equation may be written 1 ~ k tan 0, where k is called the 
reduction factor of the instrument for the particular number of 
turns employed. This factor is not a constant since it contains Hq, 
which varies from place to place. 

The reciprocal of is denoted by G — it is termed the 

galvanometer constant. Hence 

I = tan fl. 


The units for k and for G must always be stated in order to show 
whether or not the current is being measured in absolute or in 
practical units. [N.B. G is the field strength per unit current at 
the centre of the galvanometer coil.] 
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jyr 

A 


The Sine Galvanometer, — ^This differs from the tangent galvano- 
meter just described in that the coil itself can be rotated about a 

vertical axis through its centre. 
In using the instrument the coil 
is placed in the magnetic meridian 
and when a current fipws tlurough 
the coil it is rotated until the plane 
of the coil contains the needle. 
When this occurs the field of force 
due to the ciirront is at right anglas 
to the needle. The couples on the 
needle are indicated in Fig. 44*17. 
For equilibrium we have 

mHo.2Z sin 0 = mH.2{ 
i.e. H == Hq sin 0. 

Inserting in this equation the 
• rll 

value of Hq, we have i — — t . sin 0. 

27iN 

Since sin 0 cannot exceed unity, 
the maximum current which may 
be measured with a sine galvano- 
rHo 



meter is 

27tN 

The Sensitivity of a Tangent 
Galvanometer. — To determine 
the position on the scale where 
the readings will be least liable to 
errori let ^0 be a small change in 0 corresponding to on increment 
in the ourrent. The error of reading the instrument will be a 

I, 

fnimmiim when 


Fio. 44*17. — Principle of a Sine 
Galvanomotor. 


minimum. 


the relative change in the current, is also a 

d0’ 

. dS 


r 

Since 1=4; tan 0, 
<51 sec* 0 


=k sec* 0, so that 


2 


tan 0 


sin 20 


,^0. 


This expression is a Tninimnm when sin 20 is a maximum, i.e. 0 = 45*. 

The Helmholtz System of Galvanometer Coils. — It has been 
proved above that the magnetic intensity at a point on the axis of 
a circular coil carrying a current is given by the relation 

2w*f» 

(r* + »•)>* 

If the coil has N turns of wire, the above expression becomes 

2jiNfr* _ o - 

[say]. 


H - 


(r* -h (r* -f a?*)l 


dH 


The rate at which this field changes with x is given by which, 

for convenience, may be called y. It is important to find whether 
there is any region over which the above rate of change is constant, 
for, if this is so, by superimposing two fields due to currents in equal 
circular ooUs it should be possible to obtain a uniform magnetic field 



(JURRENTS AND MAGNETIC EFFECTS 


823 


cOl 

over a considerable area. If the rate of change of ^ is constant, 


dy 


then ^ will be zero. DilTerentiatiug the expression for H with respect 


to X, we obtain 


dK 


Differentiating again, 
dx* 

... till 

This is zero if is constant. Equating the above expression to 


- 3a[{r* + x*)-t - 6x*(r* + x*)-l] 


zero, wo have 


&x*{r* + x*)-^ - 1 , 
.•. X Jr. 



Fia. 44*18. — Helmholtz’s System of Coils : Variation of Magnetic Field 
Strength along its Axis. 

The above analysis shows that the rate of change of the field is 
constant at the above position. This fact is utilized in the construc- 
tion of a Helmholtz tangent galvanometer. Such an instrument is 
not very important to-day, but the system of coils finds an important 
application in accurate determinations of Hq and Hy* and also in the 
absolute determination of the ohm. The system consists of two ooaxiial 
coils, each of radius r and comprising the same number of turns on 
each. The distance between the centres of the coils is r. When the 
current through the coils is the same and adjusted so that the north 
pole of one coil faces the south pole of the other; there will be a region 
midway between the coils where the magnetic intensity is uniform. 
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for as we move along the axis from the mid-point any diminution in 
the intensity due to one coil is exactly compensated by the increase 

in the field due to the other coil. If a? » we have 

_ 2nNir» 16 jrNf 

as the numerical value of the field due to the current in each coil at 
the point considered. Since the coils are arranged so that the actual 
directions of the fields are the same, the total field at the centre of the 
system is double the above, i.e. 

sVr* r • 

If the planes of the coils are in the magnetic meridian, and Hq is 
the horizontal component of the earth’s magnetic field, 6 the angle 
of deflexion, H *= JIq tan 0, i.e. 

6 Vs" 

The manner in wliich the field due to each coil varies and the region 
over which the combined field is uniform is shown in Fig. 44*18. 

Experiment , — ^The manner in which the magnetic field due to a 
circular current varies at points along its axis may bo investigated 
experimentally by placing a coil with its axis normal to the magnetic 
meridian. The magnetic field strength at a point on its axis is pro- 
portional to the tangent of the ang^ar deflexion of a magnetometer 
needle placed with its centre at that point. A graph exhibiting the 
relation may then bo drawn. 

The Schuster Magnetometer. — The most accurate method of 
determining the horizontal component of the earth’s magnetic field 
was proposed by Schuster in 1914. The actual research was carried 
out by F. E. Smith and completed in 1923. The principle of this 
instrument, which has been termed the Schuster magnetometer, is as 
follows : — Two equal coils are arranged at a distance apart equal to 
their common radius as in the Helmlioltz galvanometer. A small 
magnet is suspended by a quartz fibre so that its centre is on the 
axis of the coils and midway between them. When a current is sent 
through the coils in the same direction a magnetic field is produced 
which ia uniform over a considerable region in the neighbourhood of 
the magnet. Suppose that the planes of the coils are normal to the 
magnetic meridian. Then the magnetic field duo to the current in 
them is parallel to the direction of Hq. If the sense of the field is 
the same as that of then the magnet remains undeflected for all 
values of the field due to the current. If the current through the 
coils is reversed, the sense of the magnetic field due to it will be 
opposite to that of Hq. Let G bo the field per unit current (e.m.u.) 
at the centre of the coil system due to a current in the coils. If the 
current is i, the magnetic field is Gi. As long as G^ is less than Hq. 
the magnet will continue to point to the magnetic north, but when 
G4 exce^ Hq the magnet swings round through 180^ so that, its 
north pole now poinis to the south. It continues to do this for all 
values of G» > H^« If, however, the coil system ia rotated through 
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a small angle — its magnitude depends on the difference between Qi 
and Hq, so that this should be as small as possible — then the magnet 
may be made to set at right angles to the meridian. Suppose that 
these conditions have been realized. 

Lot NS, Fig. 44*19, be the suspended magnet so that when deflected 
it is at right angles to Ho. Let the normal 
to the plane of the coils make an angle a 
with OK. Let m be the polo strength of 
the magnet and i the current in the coils. 

Then the magnet is in equilibrium imdor 
the action of the two couples indicated. 

Since the moments of these are equal when 
equilibrium lias been reached, wo have 

wHo . 21 = mGi . 21 cos a 
if 21 is the length of the magnet. Hence 
Ho == Gi cos a. 

Tlio value of the current was adjusted so 
tliat a was small when NS was in the 
desired position. The current was deter- 
rnbied by ‘ weighing * it with the aid ot 
an ampere balance. The coils themsolvos 
consisted of twelve turns of bare copper 
wire womid on a marble cylinder of raclius 
30 cm. The suspended magnet was about 
1 cm. long and 6 mm.* in cross-section. 

Tliis was supported by a quartz fibre 25 cm. 
long carrying a reflecting mirror and damp- 
ing vane. 

Finally Hq was dotermin<xl with an error of 3 parts in 10®, the actual 
observations taking 4 minutes. The m(3thod is exceptionally good 
since it is rapid and sensitive, and errors such as non-imifonnity of 
magnetic field, possible magnetic effects of the material of the coil 
supports, and possible electrostatic effects on the suspended system 
wore eliminated by paying special attention to the design of the 
magnetometer. 

Bates' Apparatus for the Measurement of the Horizontal 
Component of the Earth's Magnetic Field .>~This is an adaptation 
of the Schuster-Smitb magnetometer for student’s use. In the original 
method two coils were arranged as in a Helmholtz galvanometer to 
produce a uniform magnetic fleld to deflect a suspended magnet through 

an angle when the above field made a small angle, a, with H^. In 

the present apparatus only one coil was used. 

In order to measure a rotation of ^ cu$curateiy, Bates used the 

apparatus depicted in Fig. 44*20 (a). It was very satisfactory. The 
small magnet ns was suspended by a thin fibre of unspun silk at the 
centre of a vortical coil of wire AB, The normal to the plane of this 
coil must make a small angle a with the axis of na in its undeflected 
position. A small plane mirror, M, was attached below this magnet, 
so that the plane of the mirror made an angle of about 46® with the 
axis of the magnet. Two plumb lines were placed at X and Y, so that 



Fia. 44*19, — Schuster 
Magnetometer. 
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they were in a vertical plane containing the fibre. [It is not essential 
for XY to bo perpendicular to tw.] For convenience, two sheets of 
white cardboard, C and D, were placed behind the plumb linos as 
indicated. 

Let us suppose that the light from an illuminated slit S, after travers- 
ing the convex lens L, was refiected from M and that the lens was so 
adjusted that an image of the slit was produced on C. By suitably 
adjusting the positions of S and L, this image was caused to produce 
a shadow of X which bisected the image. H now the magnet rotated 
n 

through the beam of light reflected by M turned through n, and 

the image of S was now bisected by the shadow of Y produced by 
it. The line XY need not be normal to the magnetic meridian, 
in fact, it must be chosen so that AB does not interfere with the 
light. 





Fio. 44' 20. — Bates’ Apparatus for the Measurement of Hq. 

A simple form of apparatus which has been found suitable for rapid 
work is shown in Fig. 44*20 (h). The magnet system is suspended 
from a torsion head fixed in a brass holder, so that the magnet lies at 
the centre of the coil. The torsion head is not necessary if a very 
long thin fibre and a strong magnet are used. A stop is provided so 
that the system may not turn through an angle greater than The 
arrangement of the lamp and plumb lines is clearly shown in the 
diagram . A box with windows, for shielding the system from draughts, 
is not shown. 

In order to prepare the apparatus for use, the magnet must be 
removed from the brass tube holding it, and the torsion head turned 
imtil the tube above sets approximately along the magnetic meridian, 
and perpendicular to the plane of the coil. The magnet is then re- 
placed, and a small current passed through the coil. In general, the 
magnet will be deflected, and the whole apparatus must be rotated 
until a position is found where no deflexion is produced. The plane 
of the coil is then at right angles to the magnetic meridian, and 
the small current merely serves to assist or reduce the effedt of 
the horizontal component of the earth's magnetic field upon the 
magnet. 
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The whole apparatus is then rotated, say, onti-clockwise, so that the 
coil moves through a small angle a about a vertical diameter. To 
measure this angle, a metre scale Z is suitably attached to the base 
of the apparatus. The ends of this rod lie immediately above graph 
paper. The distances through which the ends of the rod move when 
the apparatus is rotated are recorded. If these are and d, respec- 
tively ; then a is equal to (d^ + d 2)/100 radians. 

The lamp, etc., are then adjusted so that the light reflected from 
the mirror falls upon X. A current, measured by a potentiometer 
method, is passed through the coil and gradually increased until the 
light falls on Y. If the torsion in the flbre is large the torsion head 
n 

should be rotated through in such a direction that the twist in the 

A 

suspension is reduced to zero. More accurately, the rotation should 
be -f a). We then have 
„ 27tm 

Ho -= cos a -= - cos a, 

where I is the current in amperes, N the number of turns of wire in 
the coil, and r the effective radius of the coil. 

— - is the G of the previous section, and we see that G has dimen- 
sions cm.-' 


Eleotbodykamios 


The Mechanical Force on Currents In a Magnetic Field. — 
Since when a magnet is introduced into a magnetic field it experi- 
ences mechanical forces, the fact that a current in a closed circuit 
is equivalent to a magnetic shell naturally causes us to expect that 
when a conductor carrying a current is introduced into a magnetic 
field it will experience a mechanical force. 


The following experiment, due to Fabaday 
(1822), shows the existence of this mechanical 
force. A, Fig. 44*21, is a glass tube provided 
with a close fitting cork G through which 
passes a cobalt steel magnet NS. The cork is 
covered with mercury. X is a piece of copper 
wire free to rotate about a pivot P connected 
to one pole of a battery B. The lower end of 
the wire X dips into the mercury. The other 
electrode of B is connected to the mercury by a 
wire passing through C. Under these con- 
ditions a current passes down the wire X as 
indicated and this will be found to rotate in a 
clockwise direction as seen from above. If 
the current is reversed, the wire will move 
with the same angular velocity in the oppo- 
site direction. 



Fio. 44*21. — Fara- 
day's Exponment 
to show the Force 
on a Conductor 
in a Magnetic 
Field. 
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It has been shown that the magnetic field strength at a point P 
at a distance r from a straight wire carrying a current i is 2i/r. 

If a magnetic pole of 
strength m is placed at P 
it will experience a force 
2im/r in the direction 
indicated in Pig. 44-22. 
Since action and reaction 
are equal and opposite 
it follows that in conse- 
quence of this force on m, 
there will be an equal 
and opposite force on the 
wire. Its direction is 
shown in the diagram. 

From the above it will be seen that the direction of the force 
on a conductor carrying a current in a magnetic field is expressed 
by Fleming*s Left-Hand Rule, According to this, if the thumb 
and first two fingers of the left hand are extended so that they are 
at right angles to one another, and the first finger points in the 
direction of the magnetic field, the second in the direction of the 
current, then the thumb points in the direction of the mechanical 
force on the conductor. This is illustrated in Fig. 44-23. 

[Strictly speaking, this rule 
only applies to the particular 
instonce when the wire is in air 

and fH, i.e. the angle between 

71 

the directions of i and H is 

In other instances the first finger 
must point in the direction of 
that component of H which is 
at right angles to the wire and 
in the plane containing i and H.] 

If Z is the length of a straight 
conductor carrying a current % 

[e.m.u.] and H is the intensity of the magnetic field, the magni- 
tude of the force on the wire is given by F = iHZ. 

Barlow's Wheel. — ^This experiment is another illustration of 
how electrical energy mdy be converted into mechanical energy as 
in an electric motor and also enables one to verify Fleming’s 
left-hand rule. A copper wheel, Fig. 44*24, is supported on a 
horizontal brass axle as indicated. The supports for the axle 
are carried on ebonite pillars. The periphery of the wheel makes 



Fia. 44*23. — Fleming’s Left- 
Hand Buie. 


Current 



Fio. 44*22. 



BLEOTRODYNAMICS 829 

contact with a pool of mercury, A, placed in the wooden base of the 
instrument. A smaller copper wheel fixed to the axle just dips 
into another pool of mer- 
cury, B. These mercury 
pools are connected to a 
battery so that a current 
passes from the axle to 
the periphery of the wheel. 

A powerful horse-shoe mag- 
net is placed so that the 
lines of force are perpen- 
dicular to the plane of the 
wheel over a considerable 
portion of it. When the 
current is passing the wheel 
rotates in a direction given 
by Fleming’s Left-hand 
Rule, viz. when the cur- 
rent passes from the axle 
to the periphery of the 
wheel, the motion at A I 

is away from an observer to 
whom the lines of magnetic Fio. 44*24. — Barlow's Wheel, 

force run from right to left. 

The Force on a Conductor carrying a Current In a Magnetic 
Field. — Let F, Fig. 44*25, be a point at distance a from a long straight 
conductor carrying a current i. Then the magnetic intensity at F is 

2 % 

— [of. p. 816]. This moans that if a unit positive pole is placed at P, 

2 % 

it will experience a force — — its direction is indicated. There will be 

an equal and opposite force acting on the wire due to the unit magnetic 

pole at P. This will be equal to the 
resultant of all the forces acting on 
the different elements of length into 
which the conductor may bo supposed 
divided. Let AB be such an element 
of length ds, where s is the distance of 
A from O, the projection of P on the 
wire. Then H, tlie magnetic field 
strength at A (the medium is assumed 
to be air), duo to the unit polo at F is 

and is directed along PC, where C 

is the mid-point of AB. Let the 
force, dF, on this element be 

n.m.i.sa, 

where f{d) is to be determined. It 


ir 



Fio. 44*26. — Force on a 
Conductor. 
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will be assumed that this force is parallel to the resultant force 
on the wire. Then the total force on the wire duo to unit magnetic 
pole at P is 

f 0 

n-/(0) “F [flay]- 


I*" 

2 


But f • a* a* + and s =* a cot 6, i.e. ds » — a cosec* 6 , dO, 

, 

.dd 


r 1 

F *=■ 2 1 ./(0) . i . a coseo* 6 . ( 

J„a*coaoo*0 ' 


2 

2ir0 

- /(fl).rffl 


But F, the resultant force on wire, 


2i 



/(6)d0 


1 . 


This is satisfied if /(O) » sin 0. 

Force on element due to the imit magnetic pole at P — 

The force on AB is therefore iHsind.d^, since H, the field at A 
due to the unit pole at P, is 

If the magnetic field is imiform and everywhere normal to a wire 
of length I carrying a current i, the force on the wire is HH, 


Laplace'S Law. — It has just been established that the force on an 
element of a straight conductor carrying a current t is 

f sin 0 . 6s 

r> ' 


where r is the distance of the element from a unit magnetic positive 
pole. Since action and reaction are equal and opposite, it follows 
that the magnetic field strength at P due to the cuiTont in the wire is 

i sin d . 6s 

r* 

This is Laplace’s law. 

If there is a pole of strength 6m at P, the force on it due to the 
current in ds is 

6m , i sin B . 6s 

f • 


The Mutual Action of Currents.— AMPiitB first investigated 
the action between wires carrying currents. We shall limit our 
discussion to parallel wires. He found that when the cumnts 
flowed in the same direction there was an attraction between 
them. On the other hand, when the currents flowed in opposite 
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directions there was repulsion. The lines of force in a horizontal 
plane when the currents are passing vertically downwards are 
given in Fig. 44*26 (a). We notice that all the lines (tubes) of force 


surround both conductors, 
and since there is a tension 
along a tube of force these 
will tend to contract and 
draw the wires together. 
The corresponding held 
when the currents pass in 
contrary directions is given 
in Fig. 44*26 (6). In tliis 
instance no tube of force 
surrounds both conductors, 
and since the tubes are 
more crowded together in 
the region between the 
wires, these will be pushed 
aside in virtue of the lateral 
thrust which exists along a 
tube of force. 



Fia. 44*26. — Linos of Magnetic Force 
due to Currents in Parallel Wires. 


Experimental Illustrations. — ^In Fig. 44*27 there is represented 
a long coil of copper wire about 6 cm. in diameter. Its upper end 
rests in mercury while its lower end just touches some mercury in 




a second container insulated from the first. When a current is 
passed through the coil the mutual attractions between its various 
turns causes the coil to contract : the current is broken and the 
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coil expands, thereby completing the circuit again* The process 
is then repeated. 

Fig. 44*28 indicates a fixed coil A and a movable one D. The two 
coils are not in the same plane. When a current passes through 
each coil attraction ensues if the currents in the adjacent cMes pass 
in the same direction. There is repulsion when one of the currents 
is reversed. 

Fig. 44*29 (a) depicts a coil of wire [a sc^nokt] attached to a piece 
of wood so that it shall be rigid. Its two ends dip into mercury 




(b) 


cups so that the coil is free to rotate about a vertical axis. By 
making contact between the cups and a battery a current may be 
passed through the solenoid. Let us assume that when an observer 
looks along the coil in the direction SN, the current appears to 
flow in a clockwise direction. The magnetic field at that end will 
possess south-seeking polarity. An aid for memorizing this is shown 
in Fig. 44*29 (6). The end S of the coil will therefore be attracted 
by the north-seeking pole of another magnet. It will also be 
attracted by another solenoid if the current in the latter flows in 
the appropriate direction. 

Suspended Coil. — ^The problem of determining the farces on 
a rectangular coil suspended in a magnetic field is very important 
since upon its solution depends the principle of many current 
measuring instruments. Let ABCD, Fig. 44*39, be a fixed rect- 
angular coil of length I and breadth 6 placed in a magnetic field 
of strength H, the direction of the field always being in the plane 
of the eoil. [This field is a radial one — ibis obtained hy using the 
system shown in Fig. 44*32 (6).] H the current flows in the direction 
inddcated each vertiosl side of the wire will experience a force »HI 
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OtCting in the diroi'^tions shown. These constitute a couple whose 
moment is iHZ . 6 =: iaH, whore a is the area of the coil. 

If the coil is made of N turns of wire each with an area a, the 



B 


Fio. Couplo on a lloct- 

angiilar Coil carrying a Cnrront in 
a Kadial Magnetic Field. 


moment becomes N . taH = iAH, 
where A = Na, the effective area 
of the coil. 



Fiq. 44-31. — Couple on a Keotaugular 
Coil carrying a Current in a Uniform 
Magnetic Field. 


Now suppose that the coil is suspended in a uniform magnetic 
field paraUol to the zero position of the coil — of. Fig. 44*31. If 
the coil is deflected tlirough an angle 0, each force iHl is inclined 

to the plane of the coil at an angle couple is there- 

fore iilZ . b cos 0, If there are N turns of wire, the couple is 
iHA cos 0, where A == NZ6. For equilibrium 

iAH cos 0 = c0, 

where c is the restoring couple due to the suspension when the 
twist in it is one radian. 

The Suspended Coil Galvanometer. — Tliis is a most reliable 
and sensitive instrument for detecting electric currents. A narrow 
coil, Fig. 44*32 (a), consisting of many turns of wire (only the 
frame on which those are wound is shown) is suspended from a 
movable head by a fine phosphor bronze wire between the poles 
of a strong magnet. When a current flows through the coil, forces 
act in contrary directions on the opposite sides of the coil, i.e. a 
couple acts on the coil which rotates until the twist in the suspen- 
sion produces an equal and opposite couple. To make the couple 
acting on the coil as large as possible for a given current the coil 
must consist of many turns of wire and bo placed in a strong 
magnetic field. To increase the deflexion the suspension is made 
very fine so that the torsional couple per unit angular displace- 
ment is small, la order to ooncentrate the field and arraage that 
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it is always parallel to the plane of the ooil for all positions of the 
latter not far removed from its position of rest a oylindrical piece 
of soft iron is fixed midway between the poles of the magnet. 
The current enters the coU through the suspension and leaves 
through a very fine spiral below the ooil. This spiral is made of 
very fine wire and consists of several relatively large turns so that 
it shall exert only a small restoring couple on the coil. A mirror 



Fiq. 44*32. — Susponded Coil Gedvanometer. 


rigidly attached to the framework of the coil or to the lower and 
thicker portion of the suspending wire — ^there must be no relative 
motion between the mirror and the coil — enables any small deflexion 
to be measured. Let us assume that d is the angle of deflexion 
and that e is the couple in the wire due to unit (radian) difference 
of twist between its ends. Then cO is the couple in the present 
instance. But we have seen that the moment of the forces on the 
coil is iAH. When equilibrium has been attained this must equal 
the couple due to the twist in the suspension, i.e. 

♦AH = ed, or ♦ = 

Dead Beat and Ballistic Galvanometers. — ^The theory given 
above applies only to steady currents. In moving-coil galvano- 
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meters designed to measure only steady currents the coil is wound 
on a metal frame (copper) : this is highly damped, i.e. it is very 
quickly brought to rest, when it moves in a strong magnetic field 
[cf. p. 950] and the instrument is dead-beat. If, however, the 
coil is wound on a celluloid or a cane frame, the instrument is not 
dead-beat unless the external resistance is less than a certain 
critical value — ^it is ballistic, i.e. it does not attain its final position 
at once but oscillates about it, the amplitude of the oscillationB 
gradually decreasing. Although it may still be used to measure 
a steady current, its real value lies in the fact that it can detect 
transient currents, i.e. currents which exist for a short but finite 
time. It actually measures the quantity of electricity which passos 
through the coils, e.g. the discharge from a condenser. In order 
to do this an essential feature of a ballistic galvanometer is that 
the moving system shall not have moved from its zero position 
before the whole of the quantity to be measured has passed. To 
ensure this the moment of inertia of the system about its axis of 
suspension must be as large as possible, i.e. the time of swing 
must be large. ^Iso, the couple tending to restore the system 
to its equilibrium position when it is displaced must be as small 
as possible. 

Thus if a condenser is charged and then discharged through a 
ballistic galvanometer, the system will move in the above manner 
owing to the impulse it has received due to the passage of a quantity 
of electricity through it. It may be 
shown that the magnitude of the first 
swing outwards [the deflexion of the 
galvanometer, its ‘ throw ’ or ‘ kick is 
proportional to this quantity of elec- 
tricity (Q). 

Kelvin's Moving Magnet Galvano- 
meter. — In principle a moving magnet 
galvanometer is a tangent galvanometer, 
only it is much more sensitive. The 
formula for a tangent galvanometer is 

From this it appears that in order to 
measure a small current, r must be 
small, and N large, for un^er these 
conditions 0 becomes larger. It is im- 
possible, however, to make r small and 
at the same time have a large number 
of turns unless the diameter of the wire is very small. This 


g/f 



Fiq. 44*33. — Moving Mag- 
net Ballistio Gihvano- 
meter. 
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inoreasea the reeistiAoe of the mstrumeat, a oonditiou not siwaym 
desirable. Henoe, in praotiee, a oompromise must be offeoted. A 
type of moving magnet galvanometer designed by Kelvin is shown 
in Fig. 44*33. It uses fixed ooils and a moving system of mag- 
nets, the axis of the coils being normal to that of the magnet 
system. The magnet system is an astatic one : this is used so 
that the restoring couple on the system shall be small — an 
essential condition if great sensitivity is to be obtained. The 
highest sensitivity is obtained by adjusting a controlling mag- 
net so that the magnet system lies in a field which is small 
but not quite uniform. This last condition is only necessary if 
the system is perfectly astatic — ^very seldom if ever obtained in 
practice. AB is an aluminium or glass rod suspended by a quartz 
or silk fibre. The magnets are such that their planes are accurately 
parallel, but their polarities are reversed. 

The coils carrying the current are wound in contrary directions 
so that the couples on the upper and lower magnets assist each 
other. 

These galvanometers are considerably affected by stray non* 
uniform magnetic fields, so that they are generally screened by an 
iron shield cylindrical in shape and surrounding the instrument. 

Kelvin galvanometers may be used to measure either transient 
or steady currents, the deflexion being noted with the aid of a 
mirror rigidly attached to the magnet system. 

Very often each magnet is replaced by a system of three short 
magnets ; in this way the moment of inertia of the system about 
its axis of rotation is reduced while the effective pole strengths 
are increased. Both these conditions are desirable. 

Comparison of the Moving Magnet and Suspended Coll 

Galvanometers . — 

Movino Magnet Type Suspended Coil Type 

(i) May be used to measure May be used to measuro tran- 

transient currents as well as steady sient currents as well as steady 
currents. currents. 

(ii) The system is always bal- The system is ballistic if the 

listio. frame on whioh the coil is wound 

is made of ivory, cane, etc. 

(iii) H is varied by means of a H i^ fixed, 
control ma.gnet fixed to the instru- 
ment- The field due to this 

magnet is generally arranged so 
that the horizontal component of 
the earth’s magnetic field is di- 
minished : the instrument is then 
more sensitive. 
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Moving Maqnkt Type. 

(iv) The motion is not affected 
by short circuiting tho coils. 


(v) When used to measure the 
charge on a condensor tho throw 
is indepondent of tho resistance in 
tlie circuit — ^unless the resistance 
exceeds 10* oluns when the rate 
at which the discharge takes place 
is slowed down and the magnet 
moves before the discharge is 
completed. 

(vi) When measuring the charge 
induced in a coil it must be re- 
membered that the charge is in- 
versely proportional to tho resist- 
ance of tho cireuitp so that tho 
galvanometer throw also varies in 
the same way. This is only true 
providing that tho resistance is not 
so large that the time for the dis- 
charge to take place becomes 
appreciable in comparison with 
the period of tho galvanometer. 


(vii) The instrument may bo 
used in any position with reference 
to the earth's magnetic held, a 
control magnet effecting any de- 
sired orientation of tho needle. 

(viii) The time of swing may be 
changed by altering the position 
of the control magnet. 

(ix) The instrument must be 
soreeued from external variable 
magnetic holds. 

(x) The needle may bo brought 
to rest by placing a solenoid near 
the galvanometer. This is con- 
nected to a ooll and tapping key. 
The key is momentarily depress^ 
when the swing is in suoh a direc- 
tion that by so doing the ampli- 
tude is reduced considerably. 
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Suspended Coil Type 

Tho system may be brought 
very (^uiokly to rest by short 
oirouitiug the coils, for this then 
forms part of a closed circuit 
moving in a very strong ccagnCtio 
hold, and tho motion is retarded by 
tho effects of the induced o.nii. 

When Used to measure the 
charge on a condenser tho tlirow 
is independent of the resistance in 
the circuit — unless the resistance 
exoet^s 10* ohms when tho rate 
at which the discharge takes place 
is slowed down and the magnet 
moves before the disciiarge is 
completed. 

The suspended coil galvano- 
meter cotmot be used if the resist'^ 
anoo of the circuit is so low that 
the motion of tho coil is not 
ballistic. In such instanees it is 
necessary to place a resistance in 
series with the galvanometer, and 
of suoh a value tliat the motion is 
ballistic. This reduces tho quan- 
tity of elootricity passing for on 
induced e.ni.f. of giveh magni- 
tude. Moreover^ the resistance 
must not be so large that the time 
of disciiarge becomes comparable 
with the period of the instrument. 

The instrument is not affected 
by external magnetic helde of 
ordinary maguitudesw 


Tho time of swing is fixed. 
No screening is necessary. 


Tlie coil may be brought to rest 
by short circuiting it. 
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EXAMPLES XLIV 

1. — ^Define the absolute and practical units of potential difference 
and current. How is the electrical resistance of an electric circuit 
defined T In what units is it measured 7 

2. — ^Indicate how the magnetic intensity due to a linear current may 
be calculated from a consideration of the equivalent magnetic shell. 

3. — Describe (a) the Daniell cell, (b) the Leclanch6 cell, and give an 
account of the processes which take place in each when it is in action. 

4. — ^Define the electromagnetic unit of current and state what 
relation it bears to the ampere. A circular coil of 10 turns and 10 cm. 
diameter is placed in the magnetic meridian and has a small magnet 
at its centre. Calculate the current in amperes which will deflect the 
needle 46* if the horissontal component of the earth's field is 0*2 oersted. 

6. — ^What is a uniform magnetic shell 7 Define the strength of such 
a shell. 

Derive an expression for the magnetic intensity at a point in the 
middle of a solenoid 40 cm. long and 1 cm. in radius, wound with 400 
turns of wire carr 3 ring a current of 6 amperes. 

6. — ^Derive an expression for the magnetic potential at a point in air 
due to a short bar magnet, and deduce an expression for the magnetic 
potential due to a uniform magnetic shell. Apply this result to cal- 
culate the magnetic intensity at a point due to a linear current of 
2 amp. in its neighbourhood. 

7. — What precautions must be taken to obtain an accurate value 
for the deflexion of the needle of a tangent galvanometer when a 
current is passed through its coils 7 

If Hq is the controlling field in which a tangent galvanometer is 
placed, show that the resultant horizontal field when the needle is 
deflected through an angle ^ is Hq sec. 

It is observed that when a certain ciuront is passed tlirough a given 
teuigent galvanometer that the noodle is deflected 60'’, and that whon 
disturbed it oscillates about its position of equilibrium at a rate of 
20 cycle. min. -1 When the current is reduced to give a deflexion of 
46°, what is the rate of oscillation of the needle about its new position 
of equilibrium 7 



CHAPTER XLV 

OHM’S LAW AND ITS APPLICATIONS 


The E.M. Unit of Current. — ^We have already defined this 
unit of current and, basing our argument on this definition, shown 
that the magnetic intensity at the centre of a coil of radius r 

2m 

and carrying a current i (e.m.u.) is — . Students who find the 

previous argument difScult may therefore assume this result and 
define the electromagnetic unit of current as follows : — ^it is that 
steady current^ which, when flowing in a circle of unit radius, 
produces at its centre a magnetic field of strength In oersted, 

2n 

or if the circle has a radius r, the field at the centre is — 
oersted. 


The Practical Unit of Current. — For many purposes, the 
above unit is too large, so that the practical unit of current is 
defined os one-tenth of the e.m.u. of current. It is called the 
ampere. Thus, 10 amperes = 1 e.m.u. of current. 

The Electromagnetic Unit of Quantity of Electricity.— This 
is defined as the amount of electricity flowing per second 
through a conductor which is carrying a steady current of 
one e.m.u. It is sometimes called a weber. 

The Practical Unit of Quantity of Electricity.— This is termed 
the coulomb or ampere-second, and is the amount of electricity 
flowing per second through a conductor when the current in it is 
one ampere. Thus 10 coulombs ~ 1 weber. 

The International Ampere.— The ampere already defined is 
the true ampere : to provide a convenient working definition of 
the practical unit of current the chemical effects of a current are 
utilized. The international ampere is that unvarying current 
which when passed through an aqueous solution of silver 
nitrate deposits silver at the rate of 0‘OO1118 gm. secr^ Con- 
sequently, the international coulomb is that amount of electricity 
which will deposit O'OOlllS gm. of silver from an aqueous sOver 
nitrate solution. 


839 
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The international ampere was intended to be equal to the true 
ampere : actually it is 0*025 per cent, smaller. In ordinary 
practice this slight difference is neglected. 

Electromotive Force and Potential Difference. — We have 
seen that when a copper and a zinc rod are dipped into dilute 
sulphuric acid a current flows from the copper to the zinc when 
these are connected by a wire. This is because as soon as the plates 
are placed in the acid there is established between them a potential 
difference [p.d.] with respect to the licfuid. The copper is positive 
and the zinc negative. The reason for this is that wUle both metals 
have a tendency to pass into solution and carry positive electricity 
with them, the tendency is greater with zinc. Hence an excess 
of zinc atoms with positive charges — termed ions [I6v a wanderer] 
— pass into the solution and leave the zinc negatively charged. 
The copper, on the other hand, acquires a positive charge. The 
motion of the positive electricity through the cell is due to a chemical 
electromotive force (e.m.f.). Thus, the e.m.f. of a cell acts from 
the zinc to the copper and drives positive electricity to the copper. 
It is in virtue of this e.m.f. that there is established between the 
two metal plates a diflerence of potential. This potential difference 
does not increase indefinitely since there is only a finite e.m.f. in 
the cell. It only rises until the tendency for positive electricity 
in the cell to move towards the copper under the influence of the 
e.m.f. is neutralized by its tendency to move towards the zinc 
under the influence of the p.d. between the plates. Thus, when 
no current is passing through the cell its e.m.f. is equal to the 
p.d. between its plates. 

An e.m.f. and a p.d. are measured in the same units. 

The eim.u. of Potential Difference . — Suppose that A and 
B are two points in a conductor through which a current 
is flowing. Let this current flow for such a time that one 
e,m,u. of quantity of electricity passes across each section of 
the wire normal to the lines of flow of the current. Then 
if the energy liberated is one erg, the potential difference 
between A and B is one e.m.u. of potential. 

The Practical Unit of Potential Difference. — ^This is termed 
the volt. If the current flows for such a time that one 
coulomb passes across each section of the conductor normal 
to the lines of flow of the current and the energy liberated 
is one Joule [the practical unit of energy], the potential 
difference between A and B is one volt. 

Relation between the Electromagnetic and the Practical 
Units of Potential Difference. — If a definite p.d. exists between 
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two points in a oonduotor» the same amount of energy will 
always be liberated irrespective of the units used to express 
the quantity of electricity and the potential difference. Now 
when one coulomb is transported across each section of a con- 
ductor between whose ends there is a potential difference of one 
volt, the energy liberated is one joule, or 10^ ergs. Since one o.m.u. 
of quantity of electricity s 10 coulombs, the energy liberated 
when this quantity of electricity passes each cross-section of the 
above conductor is 10 x 10^ = 10* ergs. But since, when one 
weber is transported across each section of a conductor between 
whose ends there is a potential difference of one e.m.u. of potential, 
the work done is one erg, it follows that 

1 volt = 10* e.m.u. of potential. 

[Strictly speaking, this is the true volt.] 


Ohm’s Law. — When a steady current is flowing through 
a conductor the potential difference between its ends divided 
by the current is a constant, provided that the physical 
condition of the conductor does not change. This constant 
is termed the resistance of the conductor. It is measured in 
true ohms when the potential is in true volts and the current in 
true amperes. 

A conductor has a resistance equal to one e.m.u. of resistance 
if the p.d. between its ends is one e.m.u. of potential when the 
current through it is one e.m.u, of current. Thus 


1 true ohm ~ 
of resistance. 


1 true volt 
1 true ampere 


10* e.m.u. of potential 
10*^ e.m.u. of current 


10* e.m.u. 


The reciprocal of the resistance of a conductor is termed its 
conductance. The practical unit of conductance is the ohm.-^ 

The International Ohm. — ^This is defined as the resistance 
of a column of mercury, at the temperature of melting ice, 
14-4521 gm. in mass, of constant cross-sectional area, and 
of length 106-300 cm. 

The international ohm was intended to be a practical realiza- 
tion of the true ohm or 10* e.m.u. of resistance. Actually it is 
slightly larger. 

The Evaluation of the Ohm.— The system of ‘practical’ 
units was devised originally by a committee of the British Associa- 
tion : the value of the true ohm was determined experimentally, 
and standard resistance coils (German-silver) were constructed 
(1863). In 1881 the first International Congress of Electricians 
advocated a redetermination of the ohm in absolute measure : 
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wires underneath the top of the box to the points A and B respect^ 
i vely . One of the leads from the battery and one from the galvano- 
meter are then connected to H and K respectively so that when the 
keys are depressed there is connection between these leads and A 
and B as in the first fcHm, 

Very frequently it is stated that the battery and galvanometer 
maybeinterchanged. Theoretically thismaybedone^butin practice, 
with the bridge arranged as in the above numerical example, there 
would be a relatively largo current through Q and 8, and a much 
smaller one through P and B. This may cause Q and S to bo heated 
considerably and thereby alter their resistances. Care must there- 
fore always be taken to see that the bridge is arranged so that only 
small and nearly equal currents flow through the various arms. 

Adjustable Resistors. — To vary the current in a circuit use 
is made of a variable resistor or rheostat. This may consist of 



M a>) 

Adjimtablo Sliding Resistor. Adjustable Resistor used as a 

Potential Divider. 

Fig. 45-S. 

a number of carbon plates held together in a suitable frame, the 
resistance being reduced by applying pressure by means of a screw. 
Another form of variable rheostat is represented in Fig. 45-8 (a). 
AB is a wire wound on a frame and C is a movable contact carried 
on a rod of triangular section. If a cell is connected to A and D the 
current flows through the portion AC of the rheostat. By moving 
the sliding contact to the left the resistance in the circuit is 
diminished. Such a resistance may be used as a potential divider. 
For this purpose a battery is connected across AB so that a current 
flows through the whole resistance — cf. Fig. 46‘8 (6). This es- 
tablishes a potential difference between B and C, and therefore 
between B and D. When G is moved to the left this potential 
difference increases. 

KirchhoS’s Laws. — ^These are two rules which enable us to solve 
problems concemixkg currents flowing in a network of wires. They 
state : 

(a) In any network of wires the algebraic sum of the 
currents which meet at a point is rosro, ije. £/=0. 
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(6) The algebraic sum of the electromotive forces in any 
closed circuit or mesh is equal to the algebraic sum of the 
products of the resistances of each portion of the circuit 
and the currents flowing through them, i.e. iTE = SIB. 




Example . — The ai'm ABC of a circuit contains a resistance of 
10 ohms and a cell of internal resistance I ohm and e.m.f. 2 volts, 
while the branch ADC contains a resistance of 20 ohms and two 
similar cells. Across AC there is placed a battery of e.m.f. 6 volts 
with an internal resistance of 0*3 ohm. Calculate the ciurrents through 
the two resistances if the o.m.fs. are directed as in Fig. 45*0. 

Let Ij and I, be the currents in ABC and ADC, so that the current 
in CHA is (Ij + I,) — by Kirohhoff’s first law applied to the point A. 
Then considering the mesh ABCD and taking an e.m.f. to be positive 
when it acts round the mesh in a clockwise direction, we have 

lOIi -t- 1 . Ii - 21, - 201, 2 + 4 

i.e. nil - 221, - 2. 

Similarly from the mesh ADCH, we have 

20T, + 21, + (Ii + I,) 0-3 = -4 + 6 
i.e. 22-31, + 0-3Ii -- 2. 

Solving these equations li — 0-35 amp. and 1, ~ 0-085 amp. 

MaxwelFs Cyclic Currents* — ^The above method of determin- 
ing the current in any part of a circuit becomes complioated when 
the circuit has many branches. Maxwell suggested the * cyclic 
current ’ device to simplify the problem. He imagined that a 
specified cyclic current fiowed in each mesh, all the cyclic currents 
being in the same direction. The current in any branch is thus 
the difference between the cyclic currents in the meshes it separates. 
The following problems indicate how the method may be applied. 

Example . — ^Two liquid resistcunces, P and Q, of 10 and 5 ohms re- 
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spectively, are connected in parallel and a battery of e.ni.f. 6 volts 
and internal resistance 4 ohms is used to send a current through them. 
Find the current in the two liquids if the e.rn.f. of polarization in 
P is 0*2 volt and in Q 1*6 volt. 



The circuit and a system of wire resistances and batteries, of negligible 
resistance but whose o.in.fs. are equal to the back e.ni.fs. in the 
liquid resistances, are indicated in Fig. 45*10 (a) and (6) respectively. 
Let the cyclic currents in the mesh ABCD bo a; ; in ADM let it be y. 
Then applying Kirchhofif’s second law to the first mesh we have 

10* 4- 5(* - y) - 1*5 - 0*2. 

For the second mesh, 

5(j/ — *) -h 4y — 6 — 1*6. 

* = 0*31 amp. ; y = 0-67 arnp. 

The current through P is equal to * ; that tlirough Q is (y — *). 
These currents are 0*31 amp. and 0*36 amp. resjjectively. 

Elementary Theory of the Wheatstone Bridge Network of 
Conductors.— Let us assume that the four resistances F, Q, R 
and S, arranged as in Fig. 46*11, are ‘ balanced,’ i.e. there is no 
current through the galvanometer Q when the cell B of e.m.f. E 
is inserted. Let G and B be the resistances of the galvanometer 
and battery respectively, and let x, y, and z, be the cyclic currents 
in the meshes (i), (ii) and (iii). Applying Kirchhoff’s second law 


to each mesh in turn, we obtain, 

Px + G(x — y) + R(* — z) == 0 (i) 

Qy + S(y — z) + Gr(y — x) = 0 . . . (ii) 

R{z — x) + S(z — y) + = E (iil) 


If X — y — 0, i.e. the bridge is balanced, from (i) and (ii) we obtain 
(P + R)x - Rz = 0, 

(Q + S)x - Sz = 0, 

• RJiR = ^ + ® 

•• R S’ 

1-9 

R ~S‘ 


or 
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[By solving equations (i), (ii) and (iii), (a: — y) not being zero, 
we can obtain the current through the galvanometer when the 
bridge is not balanced.] 



Fia. 45' 11. — Elomontary Theory of tho Wheatstone Bridge. 


Conjugate Conductors. — If two branches of any network of 
conductors are arranged so that an electromotive force introduced 
into, or existing in, one branch causes no current to flow through 
the other, tho conductors forming those branches are termed 
conjugate conductors. The ‘ battery arm ’ and * tho galvano- 
meter arm ’ of a Wheatstone bridge network are conjugate con- 
ductors, provided that the resistances of the other arms satisfy 
the usual Wheatstone bridge relationship. 

Shunts. — In the construction of all sensitive galvanometers the 
wire on the movable bobbin has a 
very small diameter, a fact which 
limits its current carrying capacity. 

When it is desiicd to measure a 
large current the two terminals of 
the galvanometer are joined together 
by a short piece of thick copper 
wire. This allows most of the 
large current to pass through the 
thick wire, whilst only a very small 
current passes through the instrument. In Fig. 45*12 let G be 
the galvanometer and S its shunt, joined to the terminals A and 
B. Furthermore let these letters designate the resistances of 
the galvanometer and shunt. Imagine that I is the current in 
the main circuit, which branches at A into currents Ii and T| 
through G and S respectively. Now the drop in potential between 
A and B is the same whether one goes via G or via S. In the 
first circuit 



i.p. 


v; = i,G. 


HH 
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and in the second ciiouit 


Bnt 

Hence 


v; = i.8. 

S + G 


li 




6S 


S + G 


Z? 2 ® ’ 

G G 

This fraction measures the ratio of the current in the main circuit 
to that in the galvanometer. It is called the multiplying power 
of the shupt. 

A Universal Shunt. — By using shunts liaving resistances 

and that of a galvanomotor, 

the sonsitivity of that partifiilar 
galvanornoter may bo reduced 
10, 10*, or 10* timos. Each 
galvanometoi* must therefore be 
provided ,with its own set of 
shunts, unless an Avrton and 
Matuer universal shunt is 
available. This consists of a 
high resistance S, Fig. 45*13, 

n-: • 1 f TT • 1 parallel with the galvano- 

Fig. 45-13.-Pnnc^e of a Universal Le^ ^ supppso that a 

current I enters at A and leaves 
at B. Then the current through the galvanometer is 



■^G + S’ 

Let us now assume that the current leaves at C, the resistance of 
AC being -th that of S. Then a resistance S/n is in parallel with 

a resistance G -f (l — -)s. The current through the galvanometer 
is then 


G +(l --)s +- 

\ n/ n 


G +S' 


i.e. the current through the galvanometer is -th its previous value. 

In moving the point of contact from B to 0, the equivalent resist- 
ance between the current lecMls decreases from 


GS 


to 


>] 


Q +S 


a + s 
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so that 1 will, in general, be altered. For I to remain constant, the 
above equivalent resistances must be equal, i.e. 

or S = nG. 

Experimental Determination of the Resistance of a Tangent Gal^ 
vanometer, — (i) By a ‘ slimifc ’ mcsihod. Lot us assume that the resist- 
ance of tho ‘ 50 turns ’ coil is to bo determined. K, Fig. 45-14, is 
a resistance coil of about 40 oluns. S is a vjiriable resistance used 
to shunt the galvanometer. B is a ]>atteiy. These are arranged as 
in tho diagram. It will bo assumed tJiat the rosistaTico of G is small 


R^40ohms 



Fig. 4G-14. — Shunt Method for Detorinining the Kosistanco of a 
Gulvanonictor. 


compared with R so that variations in 8 do not affect tho cuiTent 
from the battery. 

Ijot a bo the moan dellexion of the galvanometi^r when tho shun.t 
is out, i.e. S == 00 . Then the current 1 is given by 

I = A; tan a. 


When tho shunt is S, tho fraction of the current passing through the 


ghlvaiiometor is Iq ~ 


I._s_ 

G + S 


A;tan(l, if 0 is the deflexion. 


Hence 


G + S tan a 
S tan O' 


Suppose tliat a series of corresponding values of S and 0 are 

obtained. Call tan 0 ~ and 8 — . Then 
X y 

Gy -|- 1 X tan a. 

This is a straight line whoso intercept on tho y-axis ^ niay 

therefore be fouiid. 


(ii) The method doscribed above fails when tho resistance of the 
galvanometer is considerable, for the current in the main circuit does 
not remain constant. The following method is desirable. The gal- 
vanometer is connected in series with a reversing key, adjustable 
resistance (known), R, and an accumulator. Tho exporiincnt consists 
in obtaining corresponding values of 0, the moan deflexion of tho gal- 
vanometer needle, and of R. Then if G is the resistance of tho 
galvanometer, B that of the ccU, 

E E 

I " * ® R + G + B R T G’ 
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since for an accumulator B — >■ 0, where k is the reduction factor for 
the galvanometer and E is the o.m.f. of the battery. Thus 

E 

R + G = cot 0. 

If, thc^reforo, wo plot cot B ^ x, "R — y, a straight lino will be 
obtained — its intercept on tho y-axis is — G. 

[Note. — The internal resistance of a Daniel! or Leclanche coll may 
be obtained in a similar way. A tangent galvanometer with one or 
two ttirns must bo used so that G — > 0. The equation is then 

R + B = ® cot 0.] 

To Measure a Current by Means of a Voltmeter. — Let us 
suppose that a 1 ohm coil has been inserted in an electric circuit 
where the current is I amp. The voltage across this coil is 
(1 X I) == I volt. If, therefore, a voltmeter is placed in parallel 
with the terminals of the 1 ohm coU, the indication, in volts, of this 
instrument is equal to the current in amperes. This method fails 
if the voltmeter has a low resistance : for consider a voltmeter in 
wliich the resistance is 200 ohms. The equivalent resistance R of a 
1 ohm and 200 ohm coil in parallel is given by 

^ = j + ^ = 1006. i.e. R = 0-995 ohm. 

If the current is 1 ampere in the main circuit, the voltage across the 
1 ohm coil, which is recorded by the voltmeter, is 1 X 0-995 = 0-995 
volts. Accordingly the indicated reading of the current is 0-995 
ampere — ^an error of 0-5 per cent. Voltmeters generally have a 
resistance of at least 1000 ohms, so that the error is negligible for all 
practical purposes. 

Moving-Coil Permanent Magnet Instruments for Measur- 
ing Steady Currents and Potential Differences. — The principle 
which is used to construct sensitive moving-coil galvanometers 
finds another application in industrial or laboratory instruments 
for the measurement of steady currents and potential differences. 
Essentially these instruments consist of a permanent magnet M, 
Fig. 46-15 (a), with soft-iron pole-pieccs N, S, which have cylindrical 
surfaces. Between these surfaces there is mounted coaxially a 
cylindrical piece of soft iron, known as the core, C, and held in 
position by means of the brass plate B. A rcctangulor coil of fine 
copper wire, which must not contain even a trace of ferromagnetic 
impurity, is wound on an aluminium or copper frame, and is sus- 
pended on jewelled bearings or pivots so that it may rotate in the 
air gap between the core and pole-pieces. Such a method of 
mounting the coil permits the instrument to be carried about 
without risk of injury. The magnetic field in this annular air- 
space round the core is radial, i.e. in the gap it is directed towards 
the axis of C. It should be noted that this field is not of uniform 
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strength, but that at a constant distance from the axis of G its 
value is constant for an angular deflexion of about 45® on either 
side of tho plane bisecting the pole-pieces. The current which 
operates the instrument is led into and out of tho coil through 
the two phosphor-bronze hair springs shown in Fig. 45*15 (b) and (c). 



Fig. 45*15. — Tlio Prinoixilo of a Moving-Ooil Ammotcr (or Voltmeter). 

Now it has been shown [cf. p. 832] that the couple on the coil is 
proportional to the current flowing through it : tho coil therefore 
rotates about a vertical axis until the deflecting couple is balanced 
by the torsional couple set up in the hair springs. A light aluminium 
needle rigidly attached to the moving system indicates the amount 
of rotation of the coil. The metal frame on which the coil is wound 
serves to damp the motion of the coil so that it does not oscillate 
about its equilibrium x>osition : this damping effect is due to the 
formation of eddy currents in the former [cf. p. 950]. 
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When such an instrument has been constructed the current 
required to produce a full-scale deflexion must be measured : then 
for whatever purpose the instrument is required this current must 
always pass through the coil in order to produce a full-scale deflexion. 
Since the magnetic field in the air-gap is strong [600 oersted, or 
more] the instrument is practically unaffected by stray magnetic 
fields : moreover, the magnet is ‘ aged * so that its field remains 
constant for long periods. Consequently one calibration suffices. 
Further discussion will be facilitated by the following worked 
examples : — 


Example , — A moving-ooil instrument has a resistance of 425 ohm. 
and a current of 1-43 x 10“'* amp. produces a full-scale deflexion. Tt 
is desired to use this instrument for one of the following purposes : — 


(a) 

(h) 

(c) 

id) 

{e) 


To 


99 


measure a 

99 99 

99 99 

99 99 

99 99 


maximum cummt of 1 inA. 

99 99 99 O’l amp. 

„ „ „ 10 amp. 

„ potential difference of 100 mV. 

„ „ „ „ 500 volt. 


Since the current through the coil is 1*43 x 10“* amp. whenever 
the coil is deflected to its full extent, shunts must bo provided if larger 
currents are to bo measured. Thus in (a), let S, Fig. 45-16 (a), be 
the shimt : the current I, through it, is (1 x 10“®) — (1-43 X lO"^*) 
amp. when the coil is fully dofloctod. Now the p.d. across the instru- 
ment is equal to tlie p.d. across the shunt. This fact provides the 
key to the problem, for wo havo 

1-43 X 10“* X 425 volt. p.d. across moving coil 
== X)*d. across S 

= (10 X 10“* - 1-43 X 10- -*) X S 


1-43 X 425 
8-57 


= 70-8 ohm. 


In (6) the current through the slumt is (1000 — 1‘43)10"* amp. 
Hence, proceeding as before, 

1-43 X 10-* X 425 - (1000 - 1-43)10“^S 


1-43 X 426 
999-67 


1-43 X 425 
1000 


0-608 ohm. 


In (c) the current through the shunt may be taken as 10 amp. 


S - 


1-43 X 10“^ X 425 
10 


— 0-0061 ohm. 


When the instrument is to be used to measure potential differences 
a resistance II must be placed in series with the moving-coil instru- 
ment, the whole being placed in parallel with the piece of apparatus 
across which it is desired to measure the potential difference. 

Thus in (d) the current through both R and the moving-coil instru- 
ment is 1*43 X 10“* amp., while the p.d. across R and G together is 
0*1 volt. Hence 

O'l - 1-43 X 10“4[425 -h R] 

10 ® 

^ rT5 “ 425 - 699 - 425 =- 274 ohm. 
l-4o 
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Again, in (e) 

600 - 1-43 X 10“*[425 + R]. 

R = 3-5 X 10* ohm. 3-5 megohm. 

This value of the resistance is so large that a less sensitive moving- 
coil instrument would be made : the added resistance would then be 
smaller. In precision voltmeters ‘ a thousand ohms per volt to be 
measured ’ is the standard usually sot for the value of the added resistor 
or ‘ multiplier.* 



S 

/Damps. 



Fia. 4516. 


Note on the Adjustment of an Ammeter or a Voltmeter.— 
When the resistance of the shunt required to convert a given 
moving-coil instrument into an ammeter has been calculated a 
piece of manganin, cut from a thick wire or sheet, is selected, its 
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resistance being preferably slightly below the calculated value. 
Short copper wires and Pg are hard-soldered on in the positions 
indicated in Fig. 45*17 (a) and the galvanometer G connected 
permanently in position. A current measured on a standard 
instrument is then passed between the external terminals T^ and Tg 
of the ammeter and, if necessary, the resistance of the shunt in- 
creased by scraping away a portion of the metal until the indications 
of the two instruments are identical at the full-scale value of the 
ammeter under construction. If the ammeter reading is in excess 
of that of the standard instrument the resistance of the shunt S 
is too high and a high resistance shunt must be placed across T^Tg 
and its value adjusted until the discrepancy disaj)pcars. 


05 T- 

Er~ < Shunt > — 

@ (a.) © 




© 1 *^ Mu/tipf/en - 

(V) 

Fig. 4517. 


© 


Wlien voltmeters are being adjusted the resistance of the 
multiplier, Fig. 45*17 (6), can generally bo measured sufficiently 
accurately and adjusted before it is inserted in the instrument. 
If not, it could be made in excess of the required value and then 
adjusted by placing a shunt across a portion of the multiplier — 
as in Fig. 45*17 (c). It must be noted that when a voltmeter is 
being compared with a standard voltmeter, the two instruments 
are arranged in parallel. 

If it is desired to convert an ammeter into a voltmeter, the shunt 
must be removed and the appropriate resistor placed in series with 
the galvanometer portion of the instrument. In the reverse case, 
the resistor is removed and the necessary shunt placed in position. 
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Kelvin’s Method for Determining the Resistance of a Galvano- 
meter. — ^The galvanometer is placed in the fourth arm of a post-office 
box and a tapping key across BD, 
the position usually occupied by tho 
galvanometer — cf. Fig. 45' 18. Since 
under these conditions the current 
through it would be excessive, only a 
small potential difference is applied 
across CA [cf. p. 848]. P, Q, and R 
are then so arranged that the de- 
flexion of the galvanometer is of con- 
venient magnitude. The key K is 
then closed and, in general, there will 
be a change in this deflexion. R is 
changed until there is no change in tho 
deflexion when K is opened or closed. 

When this occurs the points B and D 
must be at the same potfjntial, and wo 
P R 

have t; = V. where X is the galvano- 



Fio. 45*18. — Resistance of a Gal- 
vanometer. Kelvin's Method. 


Q 

meter resistance. In carrying out this 
experiment tho current through tho 
bridge should bo reversed and tho observations repeated. 

Mance’s Method for Determining the Internal Resistance of 
a Cell. -The coll is j)lacod in tho fourtli arm of a post-office box ; 
then with tho galvanometer, Q, and a liigh resistance, Z, across BD, 



Fiq. 45- 19. — Internal Resistance of a Cell. Mance's Method. 


a tapping key is placed across AC — cf. Fig. 45*19. The high resistance, 
Z, is necessary to limit the current through G. The experiment 
consists in adjusting P, Q, and R so that there is no change in tho 


galvanometer deflexion when K is opened or closed. 


Then ? 


R 

Y' 


where Y is tho resistance of the coll. Tho proof of this statement 
may bo found in a text-book of Practical Physics. 

The ‘ End Corrections * of a Metre Bridge. — ^The small resist- 
ances of contact at the ends of a metro bridge wire and errors arising 
from tho fact that the wire may not bo exactly 100 cm. long may 
be determined as follows : — Resistances of ID and 10 ID are placed in 
the two gaps of the bridge ABCD — ^Fig. 45*20 (a)—- and a balance 
point D on the wire is located in the usual w^ay. If I and (100 — 1) 
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are the lengths into which D divides the wire, and and ctg, expressed 
as cm. of bridge wire, the ‘ end corrections ’ we are endeavouring to 
find, the usual Wheatstone bridge relation gives 

1 Z + 

rol (Too"- Z)' + aa* 




J t 

j), m -L 


(h) 


Fia. 46*20. — End Oorreotions to a Bridge Wire. 


The coils are then interchanged and a new balance point T>i found. 
Referring to Fig. 45*20 (6) where this is indicated, we have 


101 


_ L d- cti 

100 — L + ag' 


Writing tlieso equations in the form 


and 


101(ai Z) “ ttg -f- 100 — Z, 


L -f- otj 

101 


= 100 - L + ag, 


we have, by subtraction, 

10I(«, +1)- L - 


Similarly 


«! == 


lOlZ 


100 

lOlL - Z - 100“ 

Too 


A graphical method for the same purpose has been suggested by 
Febouson. Suppose R^ and Rg are the known resistances placed in 
the ‘ gaps ’ of the bridge. Then if Zj and Zg are the lengths into which 
the bridge wire is divided when the bridge is balanced 


+ «i 

+ *, 

This may be written 

yh - h 




- Y»t + “t- 
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R 

The bridgo ia balanced for a series of values of i.o. of y ; then 

IVo 


if we call 


vh-lx^y, y = 


we have y — — ol^x -f 

Hence and may be derived from the intercept on tlie y-axis and 
the slope of the straight-line graph. 


Resistivity. — By means of a metre bridge or post-office box it 
may be shown that the resistance, R, of a uniform wire is directly 
proportional to its length, {, and inversely proportional to its 
cross-seotional area, a, provided, of course, that the physical state 

y1 

of the wire remains constant. Hence R ~ , whore is a constant 


for the material of the wire. It is termed its resistivity ^ or specific 
resistance. 


Since we may write [x] == ~ X length® -f- length], 

the unit of resistivity is the ohm.cm. when the unit of length ia the 
centimetre. It should be noted that x is not equal to the resistance 
of a unit cube, foi'^ this is measured in ohms, whereas the resistivity 
is measured in ohm.cm. The two quantities are numerically 
equal provided that the lines of flow of the current arc parallel 
to one edge and therefore to four edges of the cube. This latter 
limitation is necessary, for if the current entered at one corner 
and left the cube at the diagonally opposite corner it is difficult 
to calculate the resistance offered by the cube to the current. 

Conductivity. — The conductivity, or specific conductance 
of a substance is the reciprocal of its resistivity. It is therefore 
expressed in ohm."^ cra.'^ and is denoted by a. 


EXAMPLES XLV 

1. — Calculate the p.d. across a lamp whoso resistance is 104 ohm. 
if the current is 1*06 ampere. 

2. — A current from a battery passes through 10 ohm. and) a tangent 
galvanometer. The reduction factor (X;), [where 1 = k tan 0] for the 
galvanometer ia 0-63 amp. The deflexion observed is 47*^. If the 
resistances of the battery and galvanometer are negligible, calculate 
the e.m.f. of the battery. 

3. — A battery consists of 3 colls arranged in parallel. Each cell has 
an e.m.f. 1*08 volt., and a resistance 3*5 ohm. What current will 
the battery send through a 10 ohm. resistance ? 

4. — A coll whose internal resistance is 0*62 ohm produces a current 
of 0*27 ampere in a 6-ohm. wire. Find the e.m.f. of the cell, and the 
difference in potential which exists between its terminals. [This p.d. 
is equal to the p.d. across the 6 ohm. coil.] 

5. — ^A battery is connected in series with a tangent galvanometer 
of resistance 18 ohm., and the deflexion observed is 54^. When an 
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additional resistance of 12 ohm. is placed in the circuit the deflexion 
is reduced to 42'^. What is the battery resistance ? 

6. — Calculate the resistance of the following coils when arranged (a) 
in series, (6) in parallel — 2 ohm., 3 ohm., 4 ohm. What is the current 
through a cell whose o.m.f. is 2-08 volt, when this is connected in 
turn to each arrangement 7 

7. — ^Define the resistivity of a substance. A wire has a resistance of 
40 ohm. It is cut in halves and the two portions arranged in parallel. 
What is the resistcmce of the combination 7 

8. — coil has a resistance of 20*37 ohm. What must be the valuo 
of the shunt resistance so that the whole may bo equivalent to a 20 
ohm. coil 7 

9. — A galvanometer has a resistance of 1064 ohm. What must be 
the shunt so that only one-tenth of the current shall pass through the 
galvanometer 7 

10. — ABCD is a square, each side of which has a resistance of 2 ohm. 
A 5 ohm. coil is placed across AC. Calculate the equivalent resistance 
between A and C, and also between B and D. 

11. — ^A coil having 8 turns of wire, each 1 metre in diameter, is placed 
with its plane in the magnetic meridian. Calculate the value of 'Hq if a 
current of 1*6 ampere, deflects the needle through 45°. 

12. — ^Two cells are placed in series with a tangent galvanometer and 
a resistance. The deflexion is 60° when the colls assist one another, 
whilst it is only 22° when they are in opposition. Calculate the o.m.f. 
of the larger cell if that of the smaller is 1*08 volt. 

13. — ^A and B are two points on the circumference of a circle con- 
sisting of uniform wire. They subtend an angle of 127° at the centre. 
If A and B are joined to a battery, calculate the ratio of the currents 
in the two segments of the wire. 

14. — State Ohm’s law and describe how you would verify it for a 
conductor in the form of a long thin wire. A, B, C, and D are four 
coils of wire of 2, 2, 2, and 3 olm. resistance respectively, arranged to 
form a Wheatstone bridge network. Calculate tlie value of the resist- 
ance with which the coil D must be shunted in order that the bridge 
may be balanced. If the shunt is a wire 100 cm. long and 0*2 mm. 
diameter, calculate the resistivity of the material. 

15. — EJstablish the relation between the resistances of the arms of 
a balanced Wheatstone's bridge. How may the ordinary arrangements 
of a Wheatstone bridge be modified for foding the resistance of the 
electric cell used 7 

16. — If the wire of a Wheatstone bridge has a resistance of 1 ohm 

and the bridge is used to compare the resistances of 2 ohm. and 3 
ohm. respectively, what current flows along the wire when the galvano- 
meter shows no deflexion if the battery us^ has an o.m.f. of 1*7 volt, 
and an internal resistance of 6 ohm. 7 (L. ’28.) 

17. — ^Establish a formula for calculating the equivalent resistance of 
two conductors joined in peurallel. The terminals of a battery of 
e.m.f. 10 volt, and of negligible internal resistance are connect^ to 
two coils each of 100 ohm. resistance, joined in series. A voltmeter 
of resistance 500 ohm. is connected in turn across (a) each of the coils, 
(6) the terminals of the battery. What is the reading of the instrument 
in each instance 7 

18. — ^Describe the construction and explain the action of a moving- 
coil voltmeter. A certain voltmeter has a range of 15 volt, and a 
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resistance of 1000 ohm. How would you use it to measure voltages 
up to 150 volt. 7 

19. — ^Describe some form of sensitive galvanometer. A galvano- 
meter of 100 ohm. resistance gives a full-scale deflexion for a current 
of ono-tenth of a milliamporo. How would you arrange so that it 
could be used as a voltmeter giving a full-scale deflexion for 1 volt. T 

20. — Explain the action of a shunt. A current from a battery of 
resistance 4 ohm. is sent through an electric heater of resistance 10 
ohm. With what resistance must the heater be shunted in order to 
decrease the amount of heat developed in it to half its former value 7 

21. — ^Explain the theory and the method of using a potentiometer 
(a) to compare the electromotive forces of two cells, (b) to calibrate an 
ammeter. 

22. — P, Q, K, S, are resistances taken in cyclic order in a W.B. net- 
work. P and Q are the ratio coils : S is the unknown resistance and 
K a 20 ohm coil which needs to be shunted with 350 ohm. to secure an 
exact balance. When P and Q are interchanged balance is restored 
by altering the shunt across K to 498 ohm. Find the resistance of S 
and the ratio P : Q. (L.I.) 

23. — ^Explain how a ‘ shunt * may bo used to alter the sensitiveness 
of a galvanometer. A voltmeter reading from 0 to 10 volt, has a 
resistance of 1000 ohm. How would you convert it into an ammeter 
with a range from 0 to 1 ampere 7 

24. — * In all direct current galvanometers there is called into play 
a force of automatically varying moment which serves to balance the 
electromagnetic moment due to the current, and to restore the recording 
needle to the zero position when the current is switched off.* Explain 
this statement by means of descriptions of various typos of galvano- 
meter. (N.H.S.C. 29.) 

25. — ^A metal tube of length I has internal and external radii a and 
b respectively. If ^ is the resistivity of the material of the tube, 
show that K, the resistance of length I of the tube is given by 

R = -{b* - a*). 

Need tho axes of the cylindrical surfaces be coaxial ? 



CHAPTER XLVI 


ELECTROMOTIVE FORCE, THE POTENTIOMETER, 
AND SOME ELECTRICAL MEASUREMENTS 

Electromotive Force and the Internal Resistance of a Cell.— 
At the beginning of Chapter XLIII it was shown that the potential 
difference between a copper and a zinc electrode placed in dilute 
sulphuric acid was caus^ by an electromotive force in the cell. A 
similar statement is true for all cells but we shall consider the simple 
cell as a concrete example. When the electrodes are not connected 
by a wire and steady conditions have been reached [almost instan- 
taneously] the potential difference between the electrodes is 
numerically equal to the electromotive force of the cell. The 

potential difference between 
the plates tends to make 
electricity pass from the 
copper to the zinc along a 
path not in the cell, whereas 
the electromotive force is 
only operative inside the 
cell and acts from the zinc 
to the copper. If E is the 
electromotive force and Vq 
the potential difference be- 
tween the plates when they 
are not joined together, i.e. the cell is on ‘ open circuit,' then 
E = Vo — cf. Fig. 46*1 (a). 

When the plates are connected by a wire of resistance R electricity 
immediately begins to flow in a direction from the copper to the zinc 
along the wire. This is caused by the potential difference across the 
wire. Inside the cell the electromotive force is still operative for 
chemical reactions are taking place in it. Opposing this e.m.f. 
there is V^ the potential difference between the plates. This is 
often termed the electromotive force of the cell on * closed circuit,’ 
but this is really a misnomer, for the electromotive force of the cell 
is constant and it is only the potential difference between its plates 
which varies with the current supplied by the cell. Since E > V<, 
electricity wUl be driven through the cell from zinc to copper and 

th« current in the cell will be I] = ' — where B is the internal 
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reaistance of the cell. Outside it the current will 


be 


I.- 


866 

V, 

R* 


These two currents will differ for a small fraction of a second, i.e. 
until the rate at which electricity is passing from the copper electrode 
is equal to the rate at which it is gaining electricity. Then Ii=I| and 

E-Ve _ Ve 

B “ R* 

From the above we see that we cannot measure the electromotive 
force of a ceil directly but must measure the potential difference 
between its terminals on open circuit. This may be done by 
applying a potential difference to the cell so that it opposes the 
potential difference between its plates and adjusting it so that the 
current from or to the cell is zero. The electromotive forces of two 
cells may be compared by the following methods. 


The Comparison op Electromotive Forces 


The Sum and Difference Method. — In order to compare the 
e.m.fs. of two cells they are connected in series with a tangent 
galvanometer and a resistance which is adjusted so that the de- 
flexion of the needle is in the neighbourhood of 45°. The two cells 
are then connected so that they are in opposition, and the resistance 
still being as before the deflexion is again noted. Let E, and E| be 
the c.m.fs. of the cells ; lot B, G, and R be the ohmic resistances 
of the battery, galvanometer, and resistance box resjKXJtively, whilst 
01 and 0, are the deflexions of the galvanometer. If Ij and I, are 
the respective currents in the two circuits, then 

Ii — — k tan 0,, 


and 




B -f- ^ 4" E* 

Ei-E, 

B + G + R 


= k tan 0- 


where Jc is the reduction factor of the instrument. By division, and 
use of the lemma * below, wo have 


El -f- E2 tan 01 
El — E* tan 0 ,' 

, El _ tan 01 + tan 0 , 
Ej tan 0 i — tan 0 ,* 


* Lemma : If 
then 


a c 

o -f- c 5 d 

a — c 6 — d’ 


Since a =^bk and c = dh, we have by substitution 
a + o hk-\- dh 64 -d 
a — c 6A! — dfc ““ 6 — d' 

i.e. if two fractions are equal, one can add and subtract the numerator and 
denominator of each to form fractions which are still equal. This has been 
done in order to solve the above equations. 
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The Potentiometer. — ^The above method of comparing voltages 
can only be considered as a very approximate one, mainly because 
the result depends upon the difference of two quantities which are of 
the same order of magnitude. The potentiometer is an instrument 
designed for the accurate comparison of potential differences. The 
theory of the instrument can be gathered from a consideration of 
Fig. 46*2. AB is a manganin wire of about 8 ohm. resistance and 
stretched over a scale graduated in cm., etc. It is connected to a 
source of constant potential C, and a key K. For convenience an 
accumulator is generally used at C, but it must be understood quite 
clearly that any appliance capable of 3 delding a constant voltage 
would do. The cells whose voltages are to be compared must not 
be compared with C for reasons which will be stated later. The 
key which is used in a potentiometer experiment should never be 
one of the ‘ plug-in ’ variety, since the resistance of such a plug is 
variable. It is much better to construct two holes in a block of wax 
and fill them with mercury. The circuit wires dip, one into each 

cup of mercury, and the dis- 
tance between the cups can be 
bridged with a short piece of 
thick copper wire, the surface 
of which has been previously 
amalgamated with mercury.* 
One of the cells to be com- 
pared is placed at E, connected 
to a galvanometer G, to the 
manganin wire at A, and finally 
to a sliding contact at D. The ceUs C and E must always be so 
arranged that like electrodes are joined to A. Assuming that the 
potential drop across AB is not less than that across E, some point D 
on the wire AB will have the same potential as the negative electrode 
of the cell at E. This point is found by moving the sliding contact 
along AB until the galvanometer reading is zero. Under these condi- 
tions there is no fall in potential across G and the connecting wires, 
for the drop in potential is equal to the product of the resistance 
and current, and although the resistance may bo large the current 
is zero. It therefore follows that the potential between A and D is 
equal to that across E. It cannot be said that the potential of A is 
equal to that of the positive plate of C, because there is a current 
in the connecting wire and hence there must be a difference of 
potential between G and A. 

If AB is a uniform wire the fall in potential along AD is pro- 

* This is vory easily done by cleaning the copper with nitric add, and 
then plunging it into dilute sulphuric add and mercury for a few seconds. 
The amalgamated copper is then washed with distilled water and dried. 



Fia. 46*2. — A Simple Potentiometer. 
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portional to the length AD. Call this length /. Then E = kI, 
where fc is a constant. When cells E^, Eg, etc., are placed at E and 
the corresponding lengths, Zg, etc., determined, it follows that 

Eg Zg 

If Eg is a standard Weston Ceil, then the voltage of Ej can be 
calculated. It will be observed that there is no reference at ail to 
the cell C in this equation. 

The Potentiometer in Practice. — In actual laboratory practice 
it is advisable to insert an adjustable resistance R in series with the 
potentiometer wire AB, Pig. 46*3. In addition a resistance of about 
1000 Q resistance should be placed in series mth the cell E^ under 
investigation. Let AD = Z^ where D is such that the p.d. across 
AD is equal to the c.m.f, of E^. Then = kZ^, as before. When 
Ej is replaced by a second cell Eg, we shall have Eg == KZg. Now 
it may happen that Z^ and Zg are relatively short in comparison with 
AB. The experiment is repeated, R being adjusted so that the 



Fia. 4C-3. — Simplo Potentiumetor in Practice. 


position of D when the coll of higher e.m.f. is in use is close to B. 
Then the ratio : Zg may be determined with greater accuracy. 

The advantage of placing the 1000 Q resistance in series with the 
cell Ej (or Eg) is that it prevents large currents from being taken 
from the cell while the position of D is being determined. This 
is very desirable when the e.m.f. of a cell does not recover when a 
large current has been taken from it. 

Similar features may be added to the experimental arrangements 
which follow. 

To Measure a Current Accurately. — The potentiometer: is 
easily applied when one wishes to measure a current accurately. 
For this purpose the connections are arranged as in Fig. 46*4. The 
wire AB, the source of constant current C, and key K are as before. 
Suppose it is desired to measure the current in the circuit EPR, 
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Fia, 46 '4 . — “Ubo of a Potentiometer to Measure a Current. 


where E is a cell sending a current through a resistance P and 
a standard resistance coil R when the key Kg is closed. The ter- 
minals of the standard coil R are joined to A and to D tlirough 
the galvanometer G. When there is no current in the galvanometer 
the voltage across R is proportional to the length AD. But the 
voltage (V) across a coil of resistance R is given by V == IR, where 
I is the current. Hence, if AD = ?, IR = V = kI, whore k is a 
constant : it is the drop in potential per unit distance along AB. 
In order to obtain the value of 1 it is necessary to know /c. Por 
this purpose a standard cell S is connected to a high resistance 
(10,000 £i at least), a galvanometer and jockey and arranged as 
shown. When the deflexion in the galvanometer is zero, i.c. the 
jockey is at H, say, the p.d. across AH is equal to the e.m.f. of 
S [1-0184 volt., if S is a Weston cell], k is therefore known and I 
may be calculated. The resistance R should be such that IR is 
nearly one volt. : then AD and AH are nearly equal. 

Experiment . — Place a tangent galvanometer, 1 ohm. coil, adjustable 
resistance, key, and battery in series. Obtain a deflexion of the 
galvcmometer needle of about 46^ and measure the potential diilerence 
across the 1 ohm. coil by means of a potentiometer. Standardize the 
potentiometer by using a Daniell cell or other cell of known e.m.f. 
Assume Hq « 0-18 oersted, and calculate the ratio of the e.m.u. of 
current to the practical unit of current. 

To Compare Two Resistances. — Since the potential difference 
across a resistance is proportional to the product of its resistance and 
the current through it, the ratio of two resistances will be equal to 
the ratio of the potential differences across them when they are each 
oairying the same current. Hence, by comparing these potentials 
we have a means of comparing two resistances. 

To carry out this comparison of p.ds. a potentiometer is set up 
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as in Fig. 46*6 (a) and also a second circuit comprising the resistances 
R^ and Rg, to be compared, an accumulator, adjustable resistance 
and key Kg, as in Fig. 46-4 (6). When Kg is closed the p.ds. across 
Ri and Rg will be IR^ and IRg respectively, where T is the current. 
The points A and P are now connected electrically while Q is con- 
nected through a galvanometer, G, to a jockey which is moved 
along the potentiometer wire AB, until a point is found such 



I’lo. 46*5. — Compa'riflon of Resistances by Means of a Foteutiometer. 


that there is no curnmi through G. Then, with the usual notation, 
Vi == IRi -- 

The p.d. across Rg is found by making the connections shown by 
the dotted line. TJicn 

Vg == IR2 == 

so that 

Ri I2 

If and ig ^^re small the resistance R must be increased to diminish 
the potential drop per unit length of the potentiometer wire and 
the experiment repeated. The method works equally well whether 
the resistances are largo [10® ohm.] or small [10"^ ohm.] provided 
that a suitable galvanometer is selected and the current adjusted 
accordingly. 

Example , — ^The resistance of a potentiometer wire 100 cm. long is 
5-12 Q, What resistance, R, must be placed in series with the wire 
in order that the drop in potential down the wire shall be 1 mV. cm."^ 
if an accumulator of o.m.f. 2*08 V. supplies the current ? 

The current, I, through R must be the same as that through the 
potentiometer wire. The p.d. across the wire = ImV. cm.“^ X 100 cm. 
= 01 V. 

01 V 

=^001963 A. 

208 V 

"" (R -f S-12) a' 

R = 101-4 O. 



870 


MAGNETISM AND ELECTRICITY 

Tliis resistance is so large that the fact that wo have assumed the 
initial resistance of the accumulator to be zero, is of no practical 
importance. 

The Rayleigh Potentiometer. — Two identical resistance boxes 
AB and CD, Fig. 46-6, are connected in series. The ‘variable arms * 
of two post-office boxes may be used. The plugs are all removed 
from AB whilst none is removed from CD. To compare the 
e.m.fs. of two cells, Ei and E^, they are arranged so that either 
may be connected through a galvanometer O to the ends of AB. 
If El has thus been connected, plugs are inserted in AB and the 
corresponding plugs removed from CD until the galvanometer 
deflexion is zero. The p.d. across AB is then equal to the e.m.f. 



Fio. 46*6. — Rayleigh Potentiometer. 


of Ej. Let Pi be the value of resistance of the unplugged coils in 
AB. The experiment is repeated with E^ and the corresponding 
value F| found. Since the total resistance in AB and CD has been 
kept constant, the current through them has been kept constant, so 
E P 

that ^ GeneraOy, the total resistance is 11,000 ohm. 

iTs 

With a sensitive galvanometer changes produced by transferring 
one ohm from AB to CD may be detected by this method, so that 
e.m.fs. may be compared with an error of less than 0-01 per cent. 

Internal Resistance of a Cell. — ^At the beginning of this 
chapter we proved that the potential difference between the plates 
of a cell depended upon its internal resistance and the current it 
was supplying. Let I be the current supplied by the cell through a 
known resistance B and let E be the electromotive force of the cell. 
Then if is the p.d. between the plates, we have 

T Va E-V, 

R B • 
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If E and are measured by a voltmeter, B may be calculated 
since the above equation may be written 

Instead of using a method involving the direct measurement of E 
and Vg, we may compare E and with the aid of a potentiometer. 
To do this the apparatus is arrangcjd as in Fig. 46*7. First, the 
resistance should be adjusted so that the drop in potential along 



the potentiometer wire AO is just greater than the e.in.f. of the 
cell E, whose internal resistance, B, is required. Then by inserting 
the key Kg the resistance R is placed across the cell. Lot I be the 
])otontiomctcr reading corresponding to the p.d. between the plates 


under these conditions. 


1^'he current supplied is 


~ g, so that 


the p.d. across it [which is the so-callcd c.m.f. of the cell on closed 
circuit] is 


B 


.K. 


R + B’ 

This is equal to kl, where i is a constant. 


Thus 


which may be written 


E, 


R 

R+’B 


= kl. 


E 

k' 



= R + B. 


A series of readings with different values of R should be taken, 
when the following graphical method may be used to find B. 

R 

Calling -j = X, and R = y, the above equation becomes 
3 / = - B + |(a:) 
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The experimental points should therefore lie on a straight line 
whose intercept on the ^-axis is — B. 

The Carey Foster Bridge for Comparing Nearly Equal Resist- 
ances. — ^The differonco between the resistances of two coils whose 
resistances are nearly equal may be accurately determined by a 
modified form of the Metre Bridge due to Caiiey Fosteh. A uniform 
wire AB, Fig. 46*8, is stretched across a scale in cm., etc., and the 
two resistances to bo compared, R and S, are placed in the outer gaps 
of a copper bar whoso extremities are joined to AB» P and Q are 
two resistances placed in][tho innerlgaps of this bar. Those should 



be nearly equal, but it is not necessary to know what aro their actual 
resistances. A battery, reversing key, K, and galvanometer are 
connected as indicated. If the difference in resistance between R 
and S is not large a point C on the wire AB may be found whero the 
galvanometer deflexion is zero. Let AC — li, AB — L. the total 
length of the wire, while A® and h are the end corrections expressed 
as lengths of bridge wire. Then P and Q may be regarded as two 
arms of a Wheatstone bridge network, while R and S and tho resist- 
ances of the circuit between them and C constitute the other two arms. 
When the bridge is balanced wo have 

P R + t y 

Q b -j' *1" L 

whore p is tho resi.stance per cm. of the wire. 

The coils R and S aro now interchanged and a new balance point 
on tho bridge wire determined. Let this be at distance /g 
Then 

p _ s + p(;. +j,) 

Q R 4“ p(A 4 “h L — I 2 ) 

Hence 

R 'f’ p(A« 4“ ^ 1 ) S 4” p(Aa 4* ^ 2 ) 

S 4“ p(^ -f- L — li) R -h p(A* 4“ L — I 2 ) 

R 4- p(Aa ’h li) S + p(Aa + I 2 ) 

R 4 * S 4" p(Aa 4 ~ A* 4 " L) S 4™ R H“ p(Aa 4' A^ 4 * L) 

Since the denominators of those fractions are equal, 

R + p(Aa 4" ^i) = S 4" p(Ao [■ ^ 2 ) 

R — S = p{l2 — ^i)» 


or 
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This equation oxpressoe the difference between R and S in terms 
of the resistance of the wire anti wo note that tho end corrections Aa 
and Xb do not appear in it. 

To determine p, R is replaced by a 1-olun. coil and S by a 1-ohm. 
coil shunted by a 10-ohm. coil, i.e. S ^ 0-909 olun. If and 
are tho bridge readings when theso are asod in the above manner, 
we have 

1 — 0*909 — p(x2 — aji) 

so that p is known. 

To obtain accurate results tho coils must be connected to tho 
terminals with the aid of tliick copper strips, tho contacts well cleaned 
and the battery connections reversed. By taking the moan of the 
readings for each orrangoment errors duo to parasitic o.in.fs. (thermo- 
electric, etc.) will be oliminated. 


Determination of a Small Resistance in Terms of Standard 
Resistance Coils. — Lot AB, BC, and CA, Fig. 40*9, bo coils having 
resistaTicoa 1 olun., I ohm. 
and 10^ ohm. respectively. 

HK is, for example, a copper 
rod and we desire to clotor- 
mino tlio resistance of this 
rod between tho potential 
leads connected to points M 
and N on it. A and B, and 
M mid N, are connected to 
morciu’y cups, c,d, e,/, whilst 
a high resistance galvano- 
meter is connected to two 
other such cups, a, 6. Lot 
I be the current through tho 
rod when the circuit is con- 
nected to tho battery S. 

Since the resistance of AC 
is very largo, I will also be 
tho value of the ciurent 
through CB, and tho current 
through AC and AB will be 
I X 10~^. The potential 
differenco across AB is there- 
fore I X 10 whilst that 
across IVIN is I x r where r 
is its r68istan(;o. If 0i and 62 are the readings of the high resistance 
galvanometer; G, when across AB and MN respectively, we have 

I’* 4 , 

OT r — 10”* ohm. 



Fia. 40*9.- 


-Determination of a Small 
Besistanco. 


I X 10-* 01* 


01 ■ 


Hence r may bo found. Instead of using a galvanometer a potentio- 
meter may bo used to compare the p.ds. across AB and MN. If MN 
is of tho order 10“ ® ohm. a millivoltmeter may be used for this purpose, 
AC being replaced by a lOO-ohm. coil. The current through AC aivl 
AB is tben lAiUd part of that tlirough MN. 

The Variation of Resistance with Temperature. — By 
measuring the resistance of a wire at different temperatures it has 
been found that, in general, the resistance increases as the tempera- 
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ture is raised. For most pure metals the curve showing the variation 
of resistance with temperature measured on the gas scale is almost 
a perfect parabola, and for platinum Callendab has shown that 
the variation of resistance with temperature is very accurately 
represented by the equation 

Rfl = R0(1 aO + 

where 0 is the temperature on a centigrade scale with air as the 
working substance, "Rq being the resistance at fl® C., and Rq that 
at 0° C. To determine the constants a and it is necessary to 
measure the resistance of a coil of platinum wire at three well- 
known temperatures, e.g. those of melting ice, steam at atmospheric 
pressure, and sulphur vapour. These are 0® C., 100® C. and 
444*60° C. respectively, if in the last two instances the barometer 
reads 76 cm. of mercury under standard conditions. This last 
temperature has been determined accurately with the aid of a 
compensated gas thermometer [cf. p. 201]. 

The above equation may be wiltten 

Hence a and p may be calculated when the values of 

of this equation are known at two different temperatures : 0° C. 
is excluded because the expression becomes indeterminate : of 
course a graphical method could be used by making observations 
on Rfl at several known temperatures. 

On Centigrade Resistance Scales of Temperature. — If Rg 
and Rjoo are the resistances of any given piece of wire at the tem- 
peratures of melting ice and of steam produced under standard 
conditions a centigrade resistance scale of temperature may bo 
constructed by drawing two ordinates OA and BN, Fig. 46*10, to 
represent to scale Rq and R^oo* where the distance ON is 100 
arbitrary units. To find the temperature on this scale, corre- 
sponding to a resistance value R^, OH is constructed to represent 
R^, HK drawn parallel to ON to intersect AB in K, and^KM drawn 
normal to ON to intersect this line in M. Then OM is (f) units long, 
so that <f> becomes known. 

For temperatures measured on this scale of temperature, the 
relatio.iship between R^ and Rq is a linear one and may be written 

= Ho(l + 

where k is a constant, known as the coefficient of increase of resistance 
with temperature as measured on the specified scale of temperature. 
Now it so happens that for pure metals k is very nearly equal to a in 
the expression R® = Ro(l + afl + /SO*), which means of course that 


Ro\l 

u 
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j8 is a small quantity : it is also found that /c = a === 2 deg.~^ C. 
For alloys, k and a, while still remaining nearly equal for any given 
alloy, vary considerably from one alloy to another and in the case 
of constantan and manganin tend to zero. It is for this reason 
that laboratory and standard resistance coils are constructed from 
these alloys. 

To determine k for iron, or nickel, a length of wire is wraf)pcd on 
a wooden or mica frame and placed in a test-tube. Thick copper 
leads enable the coil to be connected to a P.O. box. The whole 



Fig. 46* 10. —A Gontigrado llosistance Scale of Tomporatiiro. 

is plac('d in turn in molting ice and in steam and the resistance 
deterraiiicd in each instance. The steam temperature is deduced 
from the barometric height and k calculated from the equation 

— Ro 

where eftg is the steam temperature, oalculated from the baronujtric 
height. No thermometer is used in this oxj)eriment, but a calibrated 
thermometer would be necessary if we wished to make a series of 
observations of at different temperatures 0 and show that 
was very nearly a linear function of Rq and 0,] 

Platinum Resistance Thermometers. — The variation of 
resistance with temperature as a means of measuring temperature 
was first used by Siembks. His thermometer consisted of a 
platinum wire wound on a clay cylinder and mounted in an iron 
tube. The resistance of this thermometer in ice was not constant 
after it had been used at high temperatures, for the clay attacked 
the wire and gases passed through the iron causing the wire to become 
brittle. The physicists of his day therefore regarded the method as 
unpromising and it was not until about 1887, when Gallxndar 
wound the wire on a mica frame without straining the wire, and 
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mounted the whole in a glaas tube that this method of ther- 
mometry was developed. To-day it is one of the most reliable 
means of measuring temperatures from — 40° C. to 1^200° C. 

A typical platinum resistance thermometer is indicated in 
Fig. 46-11 (a). The fine platinum wire is wound on a mica frame. 
This wire is joined by intermediate short lengths of thicker platinum 
wire to thick copper, silver or platinum leads. To compensate for 
the fact that the leads are at temperatures different from that of the 



Fio. 46*1 1. — Platinum Thermometry (Pyrometry), 

platinum spiral a pair of compensating leads is used. These are 
identical with the other leads and are joined to a short length of the 
same fine platinum wire through intermediate pieces of thicker 
platinum wire. The leads are held in position by an ebonite cap and 
mica washers and crosses ; these also serve to insulate the leads 
from one another. The difference in resistance between each pair 
of leads and the wires connecting them depends only on the tempera- 
ture of the platinum spiral ; henqe there is no troublesome and 
uncertain correction for stem exposure when such a thermometer 
is used. The above difference in resistance is measured on a 
CALLBNDAB-GBnrvrrHS bridge, the connections for which are shown 
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in Fig. 46-11 (6). Two 10-ohm coils are placed in the arms AB, BC. 
HK is a platinum wire ooiTesponding to that in the Carey Foster 
bridge. The thermometer R is placed between A and H, while its 
compensating leads and a scries of coils S of known resistance 
constitutes the fourth arm of the bridge. A 50-ohm resistance coil 
is placed in series with the battery to prevent a large current from 
being sent through the thermometer. When the bridge is balanced 
let us assume that D is a; cm. from the centre 0 of the wire. Let 
p be the resistance per unit length of the wire. Then if 21 is the 
length of the bridge wire 

R + + 3j) == S + p(/ — x) 

since the ratio arms are equal. Hence R == S — 2px. 

The factor 2 in the above equation is troublesome when the 
bridge is used continually, so Callendar selected a bridge wire having 
a resistance 0*006 ohm. cm.“*. Then R = S — 0 01 . x. 


The Platinum Resistance Scale of Temperature.— The 
centigrade resistance scale of temperature for platinum is very 
important, for it was used by Callendar to determine temx)erature3 
on the gas scale very accurately. Of course any metal may be used 
to define a centigrade resistance scale of temperature, but it is only 
for platinum that the relation between Rq and 0 is accurately 
parabolic and that a and jS, in R^ = Ro(l -f aO /30^), do remain 
constant. 

Since R^ = Ro(l + if Rq and Rjqq arc known, 


Rloo ■” Rq 


X 100, 


where <f> is the temperature of the wire on the platinum resistance 
scale of temjiorature. R^qq — R^ is termed the fundamental 
interval of the thermometer and corresponds to 100® C. 

To determine the temperature, 0, on the nitrogen centigrade gas 
scale corresponding to the constants a and fi in the equation 
Rq = Rq (1 a0 + ^0^) — ^thia being the accurate relation between 
Rfl» Rq ® determined as already explained. 

Then 




a0 + /S0* 

“’ad- 100/J* 

Hence 

„ , 1OO/J0-/S0* _ - pdio-m) 

flt+ioo/J " a + 100/5’ 


-= d . 0 . (0 - 100), 
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where d is termed the difference coefficient. Since is negative, 
d is positive. It is equal to 1*50 X for most samples of 
platinum. 

Example. — Ro= 12*784 ohm., Rioo« 17*765 ohm., and R0»25*668 
ohm. Hence 


26*668 - 12*784 
17*766 - 12*784 


X 100 


1288*4 

4*081 


268*7®. 


In using the difference formula we assume 0 = ^ and obtain 
e - ^ =,1-6 X 10-* X 268*7 X 168*7 = 6*2® 

/. 0 = 264*9®. 

We now use this value in the difference equation and get 
6 - ^ = 1*6 X 10* X 264*9 x 164*9 = 6*6® 

0 = 266*2® C. 

This process could be continued, but, in practice, it is seldom neces- 
sary to proceed beyond this stage. 


Thb Comparison of Cafaoitancbs 

Capacitance. — ^The practical unit of capacitance is the farad, 
and a condenser has a capacitance of one farad if a charge of one 
coulomb raises its potential by one volt. 

For most purposes a farad is too large a unit ; we therefore use 
the microfarad as a convenient unit of capacitance. It is denoted 
by the symbol fiP and is equal to 1 X 10“® farad. 

A still smaller unit is the micro-microfarad {jApS ) ; this is 1 X 10'^^ 
farad. Campbetx has recently suggested that 1////F should be called 
a picofarad (1 pF). [It is approximately equal to the capacitance 
of a sphere whose radius is I cm., i.e. 1 pF 1 e.s.u. of capacitance.] 

Note on Electrical Units. — Let it be required to find : 

(i) the amount of electricity in e.s.u. equivalent to 1 coulomb. 

(ii) the capacitance in e.s.u. equivalent to 1 farad. 

Each of these relations (and many others) can be obtained readily 
by considering expressions for energy ; if the quantities concerned 
are expressed in (e.g.s.) electrostatic units, the energy will be 
measured in ergs ; if expressed in practical units, the energy will 
bo given in joules. Now 1 joule — erg., and we have to remem- 
ber that 300 volt. =:== 1 e.s.u. of potential difference. 

(i) The energy of a charged condenser is \qv. If the charge is 
1 coulomb and the potential difference 1 volt, the energy stored 
is J X 1 X 1 = 0*5 joule = 0*6 X 10’ erg. 

Let 1 coulomb = a e.s.u. of charge. Then the energy of tlie 
above condenser is (J.a X ®rg. Hence 

4=10>or._3xl0-, 

i.e. 1 coulomb ^ 3 x 10® (e.g.s.) e.s.u. of charge. 
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Prom this it follows that 


1 e.m.u. of quantity — 3 X 10^® e.s.u. of charge. 

[Note. — 3 X 10^® cm.sec.*"^ is the velocity of light in a vacuum 
and the last relation we have obtained is a consequence of the 
electromagnetic theory of light.] 


(ii) 


1 farad = 


1 coulomb __ 3 X^ 10 ® e.s.u. of charge 
1 volt (^oo) e.s.u. of potential 
= 9 X 10^^ e.s.u. of capacitance. 


The above result may bo obtained directly from energy con- 
siderations as follows. The energy of a charged condenser is 
^CV®. If C = 1 farad, and V = 1 volt, the energy is 0-5 joule. 




Fia. 4612. 


Fio. 4C13. 

Comparisoa of Capacities. 


Let 1 farad = [i e.s.u. of capacitance. Then the energy of the 
above condenser is \fi X 

.-. ^ X (-3- Jo)' ■= 10’, or ^ 9 X 1011. 

i.e. 1 farad = 9 X 10^^ e.s.u. of capacitance = 9 X lO^i cm. 

IjjiF = 9 X 10® e.s.u. 

1 /i/iP = 0*9 e.s.u. 

The Comparison of Condensers. — (a) The circuit necessary 
for this is indicated in Fig. 46*12. To commence the experiment all 
the keys are open. To charge Ci the key K 4 is closed, i.e. the 
condenser C| is short circuited, and then Kj is closed. By opening 
K| and closing Ka the condenser is discharged through the galvano- 
meter. Let Oi be its throw. If is the quantity of electricity 
which has passed, and E the e.m.L of the battery, Qi = C^E. 
K| is then closed and the experiment repeated with Ct. Then 

Qa = CaE. But ^ = — , BO that ^ 

Via ^1 

(6) Comparison of the Capacitances of Condensers by de 
Sauty’s Method. — ^The two condensers to be compared. and Ca» 
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and two adjustable resistances, and Bg, are arranged to form the 
four anns of a network similar to the Wheatstone bridge arrangement 
of resistances — cf. Fig. 46-13 (a). A high-resistance galvanometer is 
connected across the points AD ; E is a battery of about 10 volts. 
This is connected to the bridge and mercury cups a, c, as indicated. 
When a connecting wire across ab is removed and placed across he 
tho condensers are charged, the potential difference across each con- 
denser being equal to V, the o.m.f. of the battery. The resistances 
and Rj, which should bo largo, are adjusted until there is no kick 
of the galvanometer when tho condensers are charged or discharged. 
When tliis condition is satishod. 

Cl R, 

C, ~ Ri* 

Proof , — ^Lot Qi and Qg be tho charges on the (positive) plates of 
the condensers and Cg respectively. Then 

Qi = CiV and Qg - CgV. 

To obtain the fraction of the charge on 0^ passing through G on dis- 
charge, let 1 | be the instantaneous value of the current in the wire con- 
necting A to the positive plate of Ci. To reach B this may travel either 
via Ri, or via G and Rg. It will divide itself so that tho instantaneous 
potential difference across R^ is equal to the sum of the instantaneous 
potential differences across G and Rg. The instantaneous current 


Ri 

through G is therefore ^ , Ij, whore G is the resistance of 

-r A\a r ^ 

the galvanometer. If this current lasts for time dt, the quantity of 

Ri 

electricity passing is — — 7 ^ . Ii . If r is the time required 

xvi -t- l\g + lx 

for the discharge, the total charge from 0^ passing through G is 

R, r* R, 

Ri + R, + G • “ Ri + R, + G • 




.CxV. 


Ri 4- Rt 4* G 

Similarly, the fraction of the charge on Cg which passes through G 
on discharge is 

p V 

Ri 4-Rg 4-G • 

Since those charges f>as 8 in opposite directions through the galvano- 
meter, and the total quantity passing is ssero whon the bridge is 
balanced, we have 

RiOg - RgCg. 

Cl Rg 
Cg " Ri* 


Instead of using a battery and a tapping key, alternating current 
may be employed. A crystal, such as those lued in some wireless 
receiving sets, must then be placed in series with the galvanometer, 
or the galvanometer may be replaced by a pair of phones. It is very 
essential in these experiments that the resistance coils should be non- 
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inductive [of. p. 962]. [The method of indicating that a crystal 
is in series with the galvanometer is shown in Fig. 46*13 (6).] 

The Comparison of e.m.fs. — ^To use a ballistic galvanometer 
for this purpose a condenser is charged from one cell and then dis- 
charged. The same condenser is connected in turn to the other 
cells and the throws of the galvanometer are observed. Since 
Q = CV = KO, where a is the throw, and k a constant, it follows 
that the e.m.fs. are directly proportional to the throws. 

The Internal Resistance of a Voltaic Cell — Lodge’s Method. 

— The cell is first eoiinecied to a condenser and the throw, Oi, 
of a galvanometer observed when the condenser is discharged 
through it. A known resistance is then i)laced across the cell so 
that it is supplying a current. If the condenser is connected to 
the cell and the throw, due to its discharge observed, it will 
be found to be smaller than the first throw. This is because the 
condenser has only acquired a ]).d. equal to the o.in.f. of the cell 
on clovsed circuit under the .above conditions. We have already 
seen 

” B " iv 

Since E and Vc are proportional to a i and a* re8j)ectively, we have 

Oj — (Ta Oa 

"" R* 

Hence B may be determined. 

The Grouping of Cells. —Let us consider three different 
methods of arranging N cells, each of e.m.f. E and internal resistance 
r to send a current through a resistance R. 

(i) The Cells in Series. In this instance the total e.m.f. in 
the circuit is NE : the current is 

NE 

^ Nr + IV 

(ii) The Cells in Parallel. The e.m.f. of the battery is identical 
with that of one cell, since the e.m.f. of a coll is independent of 
the size of the plates. The internal resistance, B, of the battery 
is the resistance equivalent to N resistors, each of resistance r, in 
parallel, viz. 

B==7 + ; + ;+ -- - toNterms = - 
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(iii) The Cells in Series •Parallel. Suppose that the N cells 

N 

are arranged in n rows so that each row contains — cells, cf. Pig. 

n 

N 

46*14 (a). The internal resistance of the cells in each row is — .r. 

n 

Since the rows are in parallel the internal resistance, B, of the 
battery is given by 


1 


I 


B N'r ■ 

• R Nr 


to n terms = 


Nr 




N cells alfo^elhcp 







or load 


(h) 


Fig. 46- 14. 


The c.m.f. of the battery is equal to that of ^ cells, viz. 

H 


NB 


I 


NB 

n 

Nr 

+ B 


Nr 

~ - + nR 
n 


Now tho current is a maximum when the denominator in the 

Nr dZ 

above fraction is a minimu/n. If Z f nR, we have — = 0. 

w dn * 

for a maximum or a minimum. Now 
dZ _ 
dn 


Nr 


or n 


_ 1^ ' 

~ V R’ 




siuco = 0 for a maximum or a minimum. 
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Physical considerations, or the fact that is negative when 

/Nr /Nr 

^ ^ "g-i show that the current is a maximum when n = W ■g'* 

Example , — Twelve cells each of o.in.f. 2 volts and of internal resist* 
ance 0-6 olim are available. Determine, graphically, the largest 
current which may bo sent through a resistor of 0*375 ohm resistance. 

The possible values for n, the number of cells in a row, are 
3, 2, 3, 4, 6, 12. The gonoral expression for the current is 
T 04n 

-- 1 — r-:: — ■ — =. SO that tho curronts con’esponding 


12 >^ 0*5 
n 


+ HI) 


IG -!- na’ 


to the above possible values for n are 3*77, 6-40, 7*84, 8 00, 7*39, 4*8 
amperes. Tho graph, shown in Fig. 4(vl4 (6), whore the above points 
are indicated by 0’^» suggest?! that t is a maximum when n = 4. To 
got the correct shape of tho graph wo can put n 3*5, 4*5, 5, 8, 10, 
etc. [shown Q], for altlujugh such numbers aro impossible physically, 
they may be used to plot tho graph. 

The maximum current is 8 amp. 


. EXAMPLES XLVI 

1. — ^You are supplied with on ammeter and voltmeter. How would 
you proceed to measure the resistance of an electric lamp T A potential 
difEerence of 33 volts is sufficient to cause a ourrent of 0*127 ampere to 
pass through it. When tho potential is raised to 109 volts, the current 
is 0*225 amp. Conn3are the resistance of tho lamp when tho p.d. 
across it is 109 volts with its resistance in tho first instance. 

2. — potentiometer wire is 100 cm. long. A constant p.d. is main- 
tained across it. Two cells, A and B, are connected in series first to 
support one another and then in opposition. The balance points are 
60*2 cm. and 12*3 cm. from the same end of the wire when the two 
arrangements are compared. Calculate tho ratio of the e.m.fs. of the 
cells. 

3. — ^The potential difieronce across a 2 ohm. coil is measured by means 
of a potentiometer. The balance point is at 57*8 cm. When a Daniell 
coll is used the balcmce point is at 30*7 cm. What is the current in 
the 2 ohm. coil ? [0.m.f. of cell = 1*08 volt.] 

4. — How is the electrical resistance -of a circuit defined 7 How 
would you measure tho resistance of (a) an accumulator cell, (6) a 
galvanometer 7 

6. — ^Describe and explain how you would test the resistance of a 
0*1 ohm. sh\mt (a) using a standard 0*1 ohm. coil, (5) when the smallest 
available standard coil is 1 ohm. 

6. — ^Lengths of wire having resistances 1 ohm., I ohm., and 100 ohms, 
form the sides AB, BC, and CA of a triangle ABC. One end of a thick 
copper wire X is connected to B cuid its other end to a variable resistance 
and one pole of a battery. The second pole of this is connected to 0. 
When a high-resistance galvanometer is connected in turn across AB 
and across X deflexions of 33*5 and 32*0 divisions are obtained. If the 
length of the wire is 111*5 cm. and its diameter is 1*64 mm., calculate 
the resistivity of copper. 

LP. 
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7. — Explain bow, with the aid of a tangent galvanometer, a standard 
1 ohm. coil, a potientiometer, adjustable resistances, cells, and other 
apparatus usually found in a laboratory, you would determine the 
relation between the eleotromagnetio unit of current and the ampere. 
[No ammeter or voltmeter is allowed.] 

8. — ^Describe the essential features, and the principle of the action 
of a quadrant electrometer. 

Explain how you would use this instrument to compare the resist- 
ances of two metal wires. What conditions limit the magnitude of the 
resistances which can be compared in this way ? 

9. * — ^Writo a short essay on the measurement of temperature above 
the range of the mercury thermometer. (L. *31.) 

10. — Two condensers of capacitances 0*1 pF. and 0-02 juF, are con- 
nected in series across a battery of e.m.f. 24 V. They are then insulated 
and connected in parallel. What is the loss of energy in ergs ? 

11. — ^Describe a Post Office box and explain how you would use it to 
measure the coefficient of increase of resistance with temperature for 
nickel. 

In a metre-bridge arrangement for the companson of resistances, 
the two coils are made of copper and each has a I'esistanc© of 1 ohm. 
at 0° C. If one coil is maintained at 0° C. and the other at 50° C., 
what resistance must be put as a shunt across the hotter coil in order 
tliat the balance of the bridge may not be disturbed ? Calculate, 
also, the displacement of the slide contact necessary to rebalance the 
bridge without using the shimt. The temperature coefficient of 
resistance for copper may be taken as 0*004 deg.**^ C. 

12. - - A condenser of capacitance 0*5 /iP. is charg^ to a p.d, of 10 volt, 
and then discliarged through a galvanometer. This process is repeated 
100 times a second and in such a way that only the discharge current 
passes through the galvanometer. Draw a circuit diagram of the way 
in which this may bo accomplished, and calculate the deflexion of 
the galvcuiometer whose resistance is 16 ohm. and current sensitivity 
0*1 division per micro-ampere. 

If, instead of the above arrangement, tho same galvanometer were 
placed in series with tho 10 volt, battery and a resistance R ohm., so 
that the same deflexion as before was obtained, calculate tho value 
of R. Why may the resistance of tho galvanometer be neglected in 
each part of the above experiment ? 

[1 /iF. = lO-* farad.] 


*ThiB question should only be attempted after reading the chapters on 

thermoelectricity, etc. 
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THE PHENOMENA OF ELECTROLYSIS 

Electronic and Electrolytic Conductors. — Conductors of 
electricity may be divided into two classes — metallic or electronic 
conductors such as copper, brass, graphite, and certain oxides, and 
electrolytic conductors or electrolytes such as aqueous solutions 
of inorganic acids and salts, and fused salts. In both instances 
the passage of electricity is accompanied by magnetic and heating 
effects, but there is an essential difference between them also. 
This difference is to be found in the fact that when electricity is 
passed througli an electrolyte it is always associated with a trans- 
ference of matter. This transportation only occui’s in the electro- 
lyte, for when the current leaves it the matter can no longer 
accompany it and must therefore be liberated in the electrolyte. 
In metallio conduction we do not observe any chemical change in 
the conductor as the result of the passage of electricity through it 
—the current is not associated with any motion of the substance 
of the conductor. The current in this instance is carried by 
electrons — negatively charged particles of very minute mass. 

Electrolysis. — ^If an electric lamp and two copper plates dipping 
into distilled water are connected to the mains the lamp does not 
glow. But, if one or two drops of concentrated sulphuric acid are 
added to the water, the lamp immediately glows. In addition, gases 
will be observed to be liberated at the copper plates. If the experi- 
ment is repeated using a strong solution of copper sulphate instead 
of the acid it will be found that gas is liberated at one plate whereas 
copper is deposited at the other. 

Electro -positive and Electro -negative Elements. — When- 
ever a compound, consisting of two chemical elements, is resolved 
by the passage of an electric current, the elements are liberated 
at the electrodes: whether these elements actually appear at the 
metal plates or not is determined by their chemical affinity for the 
solute or for the electrodes. The elements liberated at the negative 
electrode or cathode are said to be electro-positive ; those set 
free at the positive electrode or anode constitute the electro- 
negative elements^ The former class comprises all the metals 
and hydrogen; the non-metallio elements are generally electro- 
negative. Chemically there is a stronger tendency for electro- 
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positive elements to combine with electro-negative elements than 
there is for either class to form compounds among themselves. 

The Electrolysis of Dilute Sulphuric 
Acid [Acidulated water]. — For this experi- 
ment the apparatus shown m Fig. 47*1 is re- 
ito quired. It consists of three glass tubes joined 
together attheir lower extremities; twoof these 
tubes are furnished with stop-cocks, whilst 
the central one is widened at its upper end. 
The two rectangular electrodes are made of 
platinum and are connected to a suitable 
battery. The two outer limbs are completely 
fiUed with the acid, whilst the third limb and 
its reservoir serve to hold the liquid which 
is displaced from the other limbs when the 
current flows through the electrolyte. This 
displacement is caused by the gases which are 
liberated at the electrodes. Graduations on 
each limb enable the volume of gas to be 
ascertained and, in this experiment, independ- 
ently of the magnitude of the current or the 
time for which it has passed, it will be found 
that the ratio of the volumes of the gases in 
the two limbs is 2 : 1. The application of a 
lighted match, and the subsequent blue 
flame, indicates that the larger volume of 
gas is hydrogen ; the other gas is oxygen 
[test with a glowing piece of wood]. 

If an aqueous solution of bar3iia, Ba(OH)2, is employed the 
products of the electrolysis are 
still hydrogen and oxygen, the 
ratio of their volumes being as 
before. This particular solution is \Kathodie 

mentioned because the products 
of the electrolysis are exception- 
ally pure, so that pure samples of 
hydrogen and oxygen are easily 
obtained if pure barium hydroxide 
and distilled water are used in the e/ectrof^tp- 

voltameter. Pio, 47.2. 

So far we have only obtained 

information concerning the products of electrolysis. For the pur- 
pose of ascertaining any changes which may have occurred in 
the electrolyte itself the apparatus shown in Fig. 47*2 may be 
used. After the current has passed for some time samples of 





Fig. 47*1. — Electro- 
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the electrolyte from regions near the anode and cathode are 
withdrawn and the amount of acid in them estimated by chemical 
methods. It will be found that the concentration has increased 
in the neighbourhood of the anode [where oxygen is evolved during 
the electrolysis] and decreased round the cathode. If, however, 
the experiment is repeated and the total amount of acid in the 
electrolyte determined it will be found to be constant. The above 
effects (which are typical of all electrolytes) may be summarized 
thus : — 

(а) Water has been decomposed into its elements which appear 
separated from one another. 

(б) Although the total amount of acid has remained constant, 
local changes in concentration have occurred. 

The Electrolysis of Copper Sulphate Solution.— (a) Soluble 
Electrodes. If two copper plates are immersed in an aqueous 
solution of copper sulphate and connected to a battery, copper will 
be deposited on the cathode. At the same time the copper anode 
gradually dissolves, forming copper sulphate which replenishes the 
solution so that the total amount of copper sulphate in solution 
is constant. ^ 

(6) Insoluble Electrodes. If, in the above experiment, the 
copper electrodes are replaced by some of platinum, copper will still 
be deposited at the cathode but bubbles of oxygen will be evolved at 
the anode and the copper sulphate in solution gradually diminishes. 
In its place there will appear sulphuric acid. If the experiment is 
continued until all the copper sulphate has been removed electrolysis 
will not cease, for the electrolyte will now be acidulated water and 
the products hydrogen and oxygen. [This continuation of the 
electrolysis will only proceed if the p.d. across the electrolyte is 
greater than 1*67 volts — solely to overcome the polarization or 
back e.m.f. in the electrolytic cell.] 

Faraday’s Laws of Electrolysis. — Let us suppose that three 
vessels. A, B and C, Fig. 47*3, contain copper sulphate solution. 
In each one a sheet of copper forms the cathode, whilst the anode 
is of platinum and dips underneath an inverted test-tube which is 
filled with water. A and B are connected together in parallel, this 
combination then being placed in series with C, a battery, and an 
ammeter. The current is allowed to flow, and it will be observed 
that the total quantity of oxygen collected in the test-tubes in 
A and B is equal to the amount in C. Similarly, the total mass of 
copper deposited on the cathodes in A and B is equal to the mass 
deposited on the third cathode. Furthermore, if the experiment 
is continued for different lengths of time, it will always be found 
that the quantity of copper or oxygen liberated is directly pro- 
portional to the time. These and similar results are summarized 
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in Faraday’s first law of electrolysis which states : The mass of 
any individual product liberated in electrolysis is directly 
proportional to the quantity of electricitty which has passed 
through the electrolyte. 



Fio. 47-3. 

If aqueous solutions of copper sulphate, silver nitrate, and 
sulphuric acid are connected in scries and the same current is passed 
through each cell, experiment shows that the mass of copper 
deposited is to the mass of silver as 31-8 : 108, i.e. for every 
31'8 gm. of copper deposited there are 108 gm. of silver sot free. 
Under the same circumstances 1-008 gm. of hydrogen will have 
been collected. Now these numbers are the chemical equivalents 
of the respective elements, so that these and similar results may 
be summarized thus : The masses of the different products 
liberated in electrolysis by the passage of equal quantities 
of electricity are proportional to their chemical equivalents, 
where the chemical equivalent of an element is defined as 
the mass of that element which will combine with, or dis- 
place, 8 gm. of oxygen in a chemical reaction. This is a state- 
ment of Faraday's second law of electrolysis. 

Electrochemical Equivalents. — Since when a steady current 
of I amperes flows for t seconds, the quantity of electricity passing 
is D, wo may express the first law of electrolysis by the equation 

m — zlt, 

where m is the mass of substance liberated at an electrode and 
z ia a, constant. If m is expressed in grams, and the substance 
liberated is an element, z is known as the electrochemical 
equivalent of that element. Thus the statement that the electro- 
chemical equivalent of silver is 0-001118 gm.coulomb.”^ signifies 
that this mass of silver is deposited by one coulomb, i.e. by a steady 
current of 1 ampere flowing for 1 second. A similar meaning is 
given to the statement that the electrochemical equivalent of 
copper is 0*000329 gm.coulomb.”\ and such facts have been 
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establishod so well that they provide a ready and aoourate means 
of determining the corrections which may have to be applied to 
the readings of a given ammeter or voltmeter. The latter instru- 
ment must be shunted across a suitable coil of known resistance 
[of. p. 854]. 

The quantity of electricity necessary to liberate one gram- 
equivalent of a substance by electrolysis is termed a faraday. 
Accurate experiments have shown that 

1 faraday = 96,490 coulombs 26*8 ampere-hours. 

Voltameters. — To determine the electrochemical equivalent of 
a substance or, when this is known, to measure a quantity of 
electricity, voltameters are used. A silver voltameter due to 
Richards is indicated in Fig. 47*4. 

The cathode is a platinum crucible 
containing a freshly prepared 10 
per cent. AgNO, solution. The 
anode consists of a pure silver 
rod wrapped in filter paper and 
immersed in AgNO, solution. The 
anode and cathode compartments 
are separated by a porous pot to 
diminish certain small disturbing 
factors. Richards found this to 
be necessary in accurate work. 

For students’ use and when 
results of the greatest accuracy are 
not required a copper voltameter 
or coulometer is employed. Three 
sheets of copper are placed in the 
electrolyte, the two outer ones 
constituting the anode while the 
inner one is the cathode. If Fio. 47*4.— Silver Voltameter, 
ordinary sheet copper is used the 

electrodes should bo enclosed in paper bags to prevent impuri- 
ties from straying into the electrolyte. The electrolyte may be 
stirred by passing a stream of hydrogen through it. This 
latter precaution is only necessary when the voltameter is in use 
for considerable periods. 

Electricity Meters. — Largo quantities of electricity may be 
measured by a meter due to Wbight— -cf. Fig. 47*6. Only a siqall 
known fraction of the current passes through the meter. The anode 
is mercury contained at a constant level in A by means of a reservoir B. 
The mercury in A is in the form of a ring. A piece of iridium foil C 
forms the cathode. The electrolyte is a solution of mercuric iodide 
in aqueous potassium iodide. At the cathode the product of electro- 
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lysis is meroury, and since this does not amalgamate with iridium, 
drops of mercury fall through the funnel into the 
U-tubo D. This tube is graduated so that the 
volume of mercury may be read off. This volume is 
a measure of the quantity of electricity which has 
passed in the main circuit. Wlien D is full the 
mercury siphons over and is collected at E ; another 
scale gives the volmne of morcuty collecting there. 
The amounjb of mercury in solution remains constant, 

^ for the anodic mercury dissolves. When the instru- 
ment is inverted the mercury flows from E to B and 
the instrument is again ready for use. F is a fence 
of glass to prevent mercmy passing from the anode . 
to E should it receive an accidental mechanical 
shock. 

Ohm*8 Law for Electrolytic Conduction.— 
To obtain the characteristic of an electrolyte the 
apparatus shown in Fig. 47*6 may be used. The 
electrolyte [acidulated water] is contained in a 
cell of the type indicated, the connecting tube 
having a diameter of 1 cm. and the electrodes 
being platinum coated with platinum black. The 
current through the cell is changed by altering 
the sliding resistance. A, which is used as a 
potential divider, the current being measured by a 
high-resistance millivoltmeter, MV, shunted across 
a 10-ohm coil. The potential difference across the 
electrolytic cell is measiued on a potentiometer. 
Since the resistance of the wire in this is small 



Fig. 47-5. — compared with that of the cell, it is necessary to 
^"^ht’^Elw- ygh resistance galvanometer, G, or else place 
^ * 6,000 ohms in series with it, for otherwise the cur- 

rent in the main circuit is considerably disturbed while the point 
of balance on the potentiometer is being found. Corresponding 
readings of the current through the cell and the p.d. across it are 
observed. The curve shown in Fig. 47*7 represents the results 
thus obtained. 


This characteristic is a straight line, but it does not pass through 
the origin of co-ordinates. This is because the back o.m.f., v, 
in the cell must be overcome before any current wiU pass 
through it. If V is the applied p.d. as measured by the potentio-* 


meter, ^hen the above graph shows 



to be constant. 


This 


does not mean that Ohm’s law is not true, for the expression merely 
takes this particular form since the potentiometer measures the 
p.d. necessary to overcome the back e.m.f. together with that 
necessary to send the current through the cell. The resistance of 
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the liquid column is Wecanonly speak of Ohm’s law in 

reference to electrolytes, i.e. there wUl only be a linear relationship 
between the available potential difference (V — v) and the current 



Fia. 47*6. — Verification of Ohm's Law for an Electrolyte (Acidulated Water). 

I, if the current passed through the electrolyte is so small and 
exists only for such a short time that the concentration of the 
electrolyte is not altered, for otherwise we should violate one essen- 



Fro. 47*7. — Characteristic Curve for an Electrolsd^ (Acidulated Water). 


tial condition of Ohm’s law, viz., the state of the conductor must 
remain constant. 

With copper electrodes and on aqueous solution of copper sulphate 
the characteristio obtained in the above manner is a straight 
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line through the origin because the back e.m.f. in this instance 
is zero. 

For success in these experiments it is advisable to begin with 
the largest value of the current and gradually reduce it to zero. 
If this is done the back e.m.f. in the cell soon attains its maximum 
value and conditions become steady. 

The Resistance of Electrolytes. — A direct current cannot be 
employed in general for the determination of the resistivity of an 
electrolyte because of the polarizai^ion occurring at the electrodes. 
Eohlbausoh used alternating current and designed the following 



Fia. 47'8. — A Kohbausch Bridge (Resistance of an Electrolyte). 

bridge which has been named after him. Fig. 47*8 (a) is a diagram 
of the circuit. AB is a uniform wire, S an adjustabL^ known resist- 
ance, and K the cell containing electrolyte. Intermittent or alterna- 
ting current is supplied as indicated. Now Kohlrausch showed 
that the frequency of the supply must be large — 60 cycle.sec."*^ or 
more — ^if the above effects are to be eliminated. A small induction 
coil is therefore often used. The electrolyte is contained in a 
glass tube provided with rubber bungs through which the electrodes 
pass — cf. Fig. 47*8 (6). Reference to the bridge shown in Fig. 
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47*8 (a) shows that it is similar to a Wheatstone bridge : only since 
alternating current is used a telephone replaces the usual galvano- 
meter. As the jockey moves along the bridge wire the sound in 
the ’phones varies. When this sound is a minimum — complete 
silence is seldom obtained — we have the ordinary Wheatstone bridge 
relationship, viz., 

R_l^ 

s V 

where R is the resistance of the electrolyte, S a known resistance, 
and li and the lengths of the corresponding parts of the bridge 
wire. [If the sound is a minimum over a range of the bridge 
wire instead of at some definite point, the extent of this range 
should be recorded and its centre considered to be the true balance 
point.] 

In practice the above simple circuit is not sensitive since the 
wire AB almost short-circuits the secondary of the induction coil — 
under such circumstances the rate of supply of energy to the bridge 
is small. To increase this AB may be made from very fine wire, 
but this is not desirable for such wire is easily damaged. The 
difficulty is overcome by increasing the effective length of AB by 
placing known resistance coils at its ends as shown in Fig, 47*8 (d). 
Generally they are equal — say 10 Q. To begin the experiment 
these coils are short-circuited and the jockey placed near to the 
middle of AB. S is adjusted until the bridge is balanced. The 
short-circuiting pieces of wire are then removed and the balance 
point accurately determined. This procedure is necessary to 
ensure that the balance point shall be on AB. Then 

8 __ 10 H’ resist ance o f AD 
R 10 + resistance of DB’ 

so that it is necessary to know the resistance per unit length of 
the wire AB. 

I 

Now, in general, I^ = where the symbols have their usual 

meanings. In this instance % caimot be deduced directly because 
the electrodes do not fit the tube and the lines of current flow are 
not linear — cf. Fig. 47*8 (c). To obtain a value for Xf R w deter- 
mined for various distances. A, between the electrodes. The relation- 
ship is a linear one if A is not less than about 1*5 diameters of the 
y . A 

tube, i.e. R = -f- c, where c is a constant — cf. Fig. 47*8 (c). 

The slope of the line gives so that x niay be obtained. 

When this bridge is used to determine the resistivity of a copper 
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sulphate solution, copper electrodes may be employed. [In all 
other cases platinum electrodes should be used.] They must be 
cleaned with nitric acid and thoroughly washed with distilled 
water before use. When the first accurate balance point has been 
obtained the electrodes should be treated in the above manner and 
then the final observations made. In this way the sharpness of 
the position for minimum sound in the 'phones is greatly enhanced. 

An alternative coll is shown in Fig. 47*6. A glass tube of 
uniform width is held by rubber bungs in the manner indicated. 
The electrodes are fixed in position relatively to the supporting 
tubes. Now the resistance actually measured when such a cell is 
filled with electrolyte is the resistance offered by the electrolyte in 
the glass tube together with a resistance arising from the presence 
of the liquid between the electrodes and the ends of the uniform 
glass tube. This latter resistance may be eliminated by repeating 
the experiment with a portion of the tube removed, the distances 
from the ends of the tube to the electrodes being constant. The 
difference between the two resistances thus determined gives the 
resistance of the electrolyte in the portion of the tube cut off. If 
the mean diameter and length of this portion are known the resis- 
tivity of the solution may be calculated. 

Electrolytic Dissociation Theory. — ^The two salient facts 
which any satisfactory theory of electrolysis must explain are 
(a) the transfer of electricity and (6) the transport of matter through 
the electrolyte. FoUowing on the pioneer work of Gbothuss 
and Claustus, in 1887, Abbhekius brought forward his theory of 
electrolytic dissociation. According to this, the conductivity of 
an electrolyte is attributable to the presence of free ions in the 
solution. These appear spontaneously whenever solution takes place. 
In electrolysis they consist of atoms, or groups of atoms, carrying 
one or more elementary electric charges. If the charge is positive 
the ion is called a cation since it moves towards the cathode (— ve) 
under the influence of an electromotive force. Similarly the anion 
is the ion with a negative charge.^ It is necessary to assume that 
these ions do appear immediately solution occurs since Ohm's law 
is true for electrolytes. If Ohm’s law were not valid, it would 
imply that work was necessary to split up the molecules of the 
dissolved substance before conduction in such an instance could 
occur. Thus the p.d. across an electrolyte would be greater than 
that implied by Ohm’s law. Moreover, the theory assumes that 
there is a constant interchange of ions between the molecules, and 
at any instant there is a large number of ions in the act of migrating 

^ This charge is equal to that on an electron — the so-called elementary 
charge. The charge on the positive ion of a monovalent element has a 
charge numerically equal to that of an electron. 
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from one molecule to another. Thus in an aqueous solution of 
copper sulphate, some of the sulphate molecules are broken up into 
Cu ions (cations) and SO4 ions (anions). The copper ions carry 
two positive charges, a fact which is symbolized thus : Cu’*. The 
sulphate ion is denoted by 804"^, These ions are free to move at 
random throughout the cell before the e.m.f. is applied. When it is 
applied a directive force is exerted upon them, the anions ( — ) mov- 
ing towards the anode (+) and the cations (+ ) to the cathode (— ). 
Thus, when a solution of copper sulphate is electrolysed the copper 
cations move to the cathode where they lose their charges and copper 
is deposited. On the other hand, the sulphions (—) move to the 
anode and lose their charges. If this is made of copper the free SO4 
radical combines with the copper electrode and copper sulphate passes 
into solution. If, however, platinum electrodes are used copper is 
deposited on the cathode, but the free SO* radicals are unable to com- 
bine with platinum so that they react with the water as follows : — 

2804^^ + 2Hj|0 2 HjS 04 + 0, + four negative cliarges which 

pass from the electrolyte. 

The electrolytic decomposition of dilute sulphuric acid is explained 
by supposing that the free ions are H’ and 804'^. The cations (+) 
are directed under the influence of the electric field towards the 
cathode (—) where their charges are lost and they combine to give 
bubbles of hydrogen. The sulphions are directed in the opposite 
direction and, with platinum electrodes, eventually give rise to the 
formation of oxygen as previously explained. The net result is the 
decomposition of water. 

H,S04->2H*-fS04^ 

2 [S 04 ' + H, 0 ] + 40 ->- 2H.SO4 + 0 , 

Experiment. — The passage of sodium ions through glass may be 
showri.in a very striking manner. L, Fig. 47*9, is a carbon filament 
lamp whose fllamcnt is raised to incandescence by means of a battery 
AB. This lamp is partly immersed in an iron trough containing 
molten sodium nitrate. The positive pole of the battery AB is con- 
nected to the negative pole of a high-tension battery CD, the positive 
polo of which is joined to the trough. A galvcmometer, G, shunted 
by a resistance, 8, if necessary, indicates the passage of a current in 
the circuit LGDCL. After about one hour the walls of the lamp are 
covered on the inside with a deposit of metallic sodium. To explain 
this we have only to consider the positive sodium ions which move 
under the influence of the electric field between the trough and the 
filament towards the latter. They pass through the glass [which 
contains sodium] into the bulb. Hero they come into contact with 
electrons which are continually shot ofit from the hot filament so that 
their positive charges are lost and they become normal sodium atoms. 
These move to the cooler parts of the bulb where they are deposited. 
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Fig. 47*9. — Possago of Sodiun^ Ions through Glaas. 

Definitions. — ^The gram-equivalent of a substance is a 
quantity in grammes equal to its chemical equivalent. Thus, the 
atomic weight of silver is 108 — its valency being unity. Its chemical 
equivalent is therefore 108. A gram-equivalent of silver is tiiere- 
fore 108 gm. Copper is bivalent and has an atomic weight 63 : 
its chemical equivalent is 31-5 and a gram-equivalent of copper 
is therefore 31*5 gm. 

A gram-atom of an element is a quantity in grammes equal 
to its atomic weight. Similarly a gram-molecule of a substance 
is a quantity in grammes equal to its molecular weight. A gram- 
ion is a quantity in grammes of an ion equal to the sum of the 
atomic weights of its components. Each gram-ion of a monovalent 
substance carries a charge of 96,460 coulombs. If the valency is 
Z, the charge on a gram-ion is 96,450 . Z coulombs. 

Molecular Conductivity and Equivalent Conductivity. — If 
X is the resistivity of a given electrolyte at a fixed temperature, its 
reciprocal a is termed the conductivity of that electrol 3 rte. If ^ 
is expressed in ohm.cm., a is given in ohm.’-^cm.“^ The molecular 
conductivity, E, is defined by the relation 

S = molecular conductivity = ? — = 

^ Number of gram-molecules.cm."® 

The equivalent conductivity. A, is defined by the relation 

A = equivalent conductivity = vf — r r ^ : — i — i •• 

^ Number of gram-eqmvalents.cm.“* 
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The unit for equivalent conductivity is obtained as follows : 


[A] = 


ohm.'^cm.-i 


gm.-equiv.cmc“® 


^ = ohm.“^ (gm.-equiv.)’'icm.*. 


Further if N = number of gram-moleculc.cm."^ and if Z is 
the valency of the metallic radicle, ZN — number of gram-cquiva- 
lont.cm,-®* 


. y ^ 


and 
/. ZA - r. 


A ^ 


Ionic Mobilities. — The distance through which an ion moves 
per second when the potential gradient is one volt. cm. is termed 
the mobility of the ion. A discussion of the methods of determining 
mobilities would take us beyond the 
scope of this book so that we shall be 
content with a description of a direct 
method of determining the mobility 
of a Crj 07 ion. This is possible since 
such ions colour the solution through 
which they move. Aqueous solutions 
of potassium bichromat.e and of 
potassium carbonatOi each having the 
same resistivity, are arranged as in- 
dicated in Fig. 47*10. A and B are 
two i3latinum electrodes about 30 cm. 
apart. The voltage across the tube 
is such that the potential gradient 
is about 3 vo^.cm,*"" This is uni- 
form since the resistance per unit 
length is constant. The Cr *07 ions 
move towards A, their motion causing 
the line of demarcation between the 
two solutions to travel upwards at a rate of about 1 cm. in 10 
minutes under the existing potential gradient. 



Relative Ionic Mobilities. — ^Let us consider the motions of the 
ions of a simple electrolyte. If, under a given potential gradient, 
the anion and cation move with different velocities, such differences 
are manifested by the changes in concentration which occur in the 
electrolyte near to the electrodes. Let Fig. 47*11 represent suc- 
cessive stages in the electrolysis, where the vertical dotted line indi- 
cates a permeable diaphragm dividing the cell into two parts. I^et 
the velocity of the positive ions be twice that of the negative ions. 
Initially the molecules are assumed to be as in the first row and for 
simplicity we shall suppose that the distance from one molecule to 
the next is constant — call it At a later instant when the positive 
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ion has moved a distance 2A the negative ion will have moved a 
distance A and the state of affairs is represented in the second row. 
We notice that three charges of each sign have been liberated and 
that in the region of the anode (the anolyte) there has been a 


I 

I 


Three positive 
charges given- 
up here 

S/x positive— 
charges given 
up here 


\LoSS*1jnolKule 

§S 

Loss*2 molecules 


< Catholyte 


I 


+ 


iSS 

Loss* 2 molecules 
!< 4X- ^ 


Loss »4 molecules 
Anolyte — > 


Three negative 
^charges given 
up here 

<^6ix negative 
charges given 
up here 


Fio. 4711. 


diminution in concentration of two molecules while the catholyte 
has suffered a loss of one molecule. 

Similarly, in the stage represented in the third row when the 
positive ion has travelled a distance 4A and the negative ion a 
distance 2A, there is a liberation of six charges of each sign, and a 
loss of four molecules in the anolyte and two in the catholyte. 
This result is perfectly general and we may write 

Diminution in concentration at anode 
Diminution in concentration at cathode 

__ velocity of positive ion, i.e., cation u^ 
”” velocity of negative ion, i.e., anion u_ 

Hence, by determining the changes in concentration at the anode 
and cathode we discover the ratio of the mobilities of the particular 
ions investigated, for the ratio of the mobiUtios is equal to that 
of the ionic velocities under the given experimental conditions. 

It is more usual to express the results of such investigations in 
terms of the transport numbers of the ions. The transport 
number, n+, of a positive ion is defined as the ratio 

n = -r — . 

+ «+ 

Similarly 

Hence n+ + = !• 

The transport number of an ion in a given electrolyte indicates 
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so 


Potencial decreases tn 
th is direction 


that fraction of the total current carried by such an ion during 
electrolysis. 

Ionic Velocities and Mobilities. — It has just been shown how 
the ratio of the velocities of the ions present in a solution, and 
hence the ratio of their mobilities, may be determined in a given 
instance. In order to obtain absolute values of these mobilities 
it is necessary to obtain another relation between them. Kohl- 
RAUSCH first did this by finding an expression for the conductivity 
of a solution containing the ions in question. Since the conductivity 
could be measured, the other relation between the mobilities of 
the ions then became known. 

Let us assume that the concentration of the solution is m 
mole, cm.''^; further, let there be complete dissociation, 
that the concentration of 
the ions is also m gram-ions 
cm."* if, for simplicity, we 
assume each gram-molecule 
to be capable of dissociating 
into two gram-ions. Each 
gram-ion of the positive ion 
has a charge 96,490 cou- 
lombs associated with it, if 
we assume the ion to be 
monovalent. Similarly, 
there is an equal amount 
of negative electricity carried by one gram-equivalent of the 
negative ion. 

Consider a plane of unit area at right angles to the direction 
of the current — cf. Fig. 47*12 (a). Then in one second the amount 
of positive electricity passing across this plane is 

. 96,490 coulomb., 

where is the velocity of the cation. 

Similarly, mv_, 96,490 coulombs of negative electricity pass per 
second in the opposite direction. The effective transport of 
electricity is the sum 



I 

1 






Unit area 

(fib) 

Fia. 47*12. — Ionic Velocities. 


( 6 ) 


m(t;+ + vj ) . 96,490 coulomb., 


since there are unlike charges moving in opposite directions. 

To obtain another expression for the flow of electricity per 
second, let a be the conductivity of the solution (the conductivity 
is the reciprocal of the resistivity). Suppose that V is the drop 
in potential per unit length normed to the plane considered. Let 
dx^ Fig. 47*12 (6), be the length of a small element of the solution 
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of cross-section unity. Then the resistance of this element is 
given by 

« 1 


Hence the current is given by 

j _ potential difference __ V . (5 j; 
resistance 6x 



a 


The quantity of electricity passing per second is therefore oV. 


(w+ + »_) 


Direct Determination of the E.M.F. of a Cell. — A coil B, 
Fig. 47*13, whose resistance over a small range of temperatures has 

been determined, is immersed in 
oil which is well stirred. A steady 
current from a battery D is 
passed through this coil and it is 
measured by the copper voltameter 
V. The cell, E, whoso c.Tn.f. is 
required is connected through a 
resistance of 10,000 Q and galvano- 
meter to the ends of B. The 
current is adjusted until the gal- 
vanometer deflexion is zero. The 
10,000/2 resistance serves to pre- 
vent large currents being taken 
from the cell. When an approxi- 
mate balance has been obtained the 
resistance S is short-circuited by 
the key Ki and the balance point 
redetermined. If I is the current 
through V and also through R 
Fio. 47*13.— Direot Domination ^j^en the galvanometer deflexion 

18 zero, the potentjLal difference 
across B is IB where B is the resistance of this coil at the mean 
temperature of the experiment ; this p.d. must be equal to E. 

Current Efficiency. — We have seen that the quantity of elec- 
tricity necessary to produce one gram-equivalent of a substance by 
electrolysis is 96,490 coulombs or 26*8 ampere-hours. Now this 
is always the minimum quantity required. This is not caused 
by any invalidity of Faraday’s laws, for careful experiments 
carried out both with aqueous and non-aqueous solutions and with 
fused salts have shown that one gram-equivalent of a substance is 
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always set free at the electrode when 96,490 ooulomba of eleotricity 
pass through the electrolyte. Frequently, however, the first produot 
of the electrolysis may react with the electrode or electrolyte or 
be separated in a form difficult to collect. These are some of the 
reasons why more electricity than the theoretical quantity is neces« 
sary to liberate a specified amount of substance. As an extreme 
instance we may cite the electrolysis of aqueous potassium chloride 
between copper electrodes. Although potassium and chlorine are 
the immediate products of the electrolysis neither appears, for the 
potassium reacts with the water forming potassium hydroxide and 
hydrogen, while the chlorine attacks the electrode at which it is 
liberated and forms cuprous chloride. 

The ratio of the yield actually obtained to that calculated from 
Faraday’s laws is termed the current efficiency. 

Some Practical Applications. — The process of electrolysis 
plays an important role in many industries. Copper is refined for 
use in electrical cables, aluminium is obtained from its ores, base 
metals are coated with more expensive metals, hydrogen and oxygen 
are prepared electrolytically, chlorine is obtained from sea water, 
and in recent yeafs heavy water has been prepared in bulk, etc. 

Aluminium plays such an important part in modern life that 
its preparation by an electrolytic i)rocess, first described by H 6 roult 
in 1886, will be considered briefly. The electrolyte is a solution of 
alumina (AI 2 O 3 ) in cryolite (NagAlFg) at about 1000° 0. The cell. 



Fig. 47-14. 


Fig. 47*14, is an iron box the sides of which are lined with a 
stamped-in carbon mass, so that a hearth of high electrical conduc- 
tivity is obtained. The iron box serves as the negative electrode : 
the anode consists of many rods of pure carbon. The furnace is 
started by introducing cryolite which is brought to a state .of 
fusion by electrical heating. Pure alumina, prepared from bauxite, 
is fed in gradually at the surface of the cryolite and as it dissolves 
the p.d. across the cell falls to about 5 volts : at this stage the 
current is in the range 15-30 kiloamps. Starting the furnace is 
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facilitated by a contribution of the molten flux from another 
furnace. 

Initial impurities in the cryolite are soon removed and then if 
pure alumina only is added pure aluminium is obtained. This 
collects in the bed of the furnace and is withdrawn at intervals 
through a tuyere or tapping hole. ' 

The reaction which occurs is equivalent to 

2 AI 2 O 3 + 3C 4A1 + 3COa. 

In the solution Al*** and O" ions are present : in the electrolytic 
process just described the Al*** ions pass to the cathode while the 
O" ions move to the carbon anode with which, having lost their 
charges, they react to form carbon dioxide. Some carbon monoxide 
is produced in increasing quantities as the supply of alumina 
decreases. The process is continuous, how’ever, for about eight 
months, for fresh alumina may be added as required. At the end 
of eight months the cell must be relined with carbon. 

In order to silver-plate a copper object, its surface is freed from 
all trace of grease and suspended, as a cathode, in a solution of silver 
cyanide (AgCN) in aqueous potassium cyanide (KCN). 

AgCN + 3KCN KAg(CN )3 + 2KCN. 

The electrolyte deteriorates gradually — ^potassium carbonate is 
formed— so that potassium cyanide must be added. The excess' 
of this substance may help to lower the resistance of the voltameter. 
A current density of less than 0’003 amp.cm.’‘* is used. The 
silver is deposited on the cathode as a dull matt layer which is 
afterwards polished. 

Silver-plating is best carried out at room temperature. For 
gold-plating a solution of AuCN in KCN is used. Objects of intricate 
design are best plated at high temperatures because of the higher 
rate of difliision of the electrolyte into the interstices of the article. 

In the manufacture of electric lamps it is always necessary to 
test the * life ’ of several bulbs selected from a given batch. To 
do this a copper sulphate solution is placed in series with the lamp. 
The current is switched on, and continues until the filament of the 
lamp breaks. The deposition of copper in the electrolytic ceU 
ceases, and from the mass of copper deposited the duration of the 
current is found, i.e. the * life ’ of the bulb is known. Nowadays 
when lamps can be run for at least 1,000 hours, it is better to shimt 
the electrolyte with a small resistance, so that only a known fraction 
of the current through the lamp is available for the electrolysis. 
This procedure enables smaller quantities of copper sulphate solu- 
tion to be used. 

Electrolytic action is also the cause of much annoyance! If an 
electric cable passes through a damp region, electrolytic action is 
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set up, for the water oontainB dissolved salts, and this in time 
eats the cable away. When the cable has only one or two 
strands remaining the electrical resistance is high compared 
with its original value, so that considerable heat may be de- 
veloped at this spot. In extreme cases the heat liberated causes 
a fire. 

Secondary Cells or Accumulators. — ^When one of the primary 
cells described on pp. 801 to 806 has been in use for some time it 
ceages to supply current — ^this process of exhaustion is a gradual 
one, and the coll cannot bo restored to its initial state by the passage 
of an electric current in the opposite direction. In 1859 Plants 
designed a cell, consisting of two lead plates immersed in dilute 



sulphuric acid. Such a cell was found to be almost completely 
reversible and is termed an accumulator or secondary cell. Such 
a coll must be given electrical energy which is stored as chemical 
energy : when the plates of the cell are connected to a load, 
i.e. joined to some piece of electrical apparatus through which 
current may be passed, this chemical energy is released as electrical 
energy. 

To study the action of such a cell let A and C, Fig. 47*15 (a), 
be two lead plates immersed in dilute sulphuric acid. A battery B, 
an adjustable resistance R, a two-way switch, and a voltmeter V 
are connected as shown. With the movable arm of the tWo-way 
switch, S, in the appropriate position, a current is passed through 
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the cell in the direction from A to C. Hydrogen appears at the 
cathode (— ) and oxygen at the anode (+). After a short time the 
surface of A is covered with a brown layer of lead peroxide (Pb02) ; 
the hydrogen at C does not enter into chemical combination ydth. 
the lead so that this plate remains in the metallic state. The cell 
is now in a ‘ charged * condition, i.e. it is capable of suppljdng 
electrical energy. This is easily demonstrated. By altering the 
position of the movable arm of S the voltmeter V is placed across 
the cell. At first its reading is about 2 volts, but after a short time 
the voltage drops rapidly to zero. 

During this experiment it may be noticed that when a current is 
passed through the cell from B, the plate A becomes covered with 
a chocolate-coloured substance : it is lead peroxide, PbOg. The 
plate C is unchanged. When the cell is discharged the lead peroxide 
disappears and both plates are covered with lead sulphate, PbS04. 
The charging process may now be relocated, the oxygen at A con- 
verting the PbS04 into the peroxide, while the hydrogen at C 
reduces the sulphate to lead. During these processes the lead at 
C becomes spongy so that a greater surface is available for use, but 
the mechanical strength of the cell has been impaired. 

In order to obviate the tedious process of forming the lead plates, 
Faube, in 1880, made the plates with a paste consisting of red 
lead and sulphuric acid. This is equivalent to a lead sulphate 
paste, the plates being ‘ formed * by the passage of a suitable 
current. Modern accumulators owe their high efficiency to the 
fact that the plates are now made in the form of a lead-grid, into 
whose openings certain ‘ pastes ’ are pressed. The grids secure the 
pastes more effectively than in the original method. For the plate 
which is to serve as the positive electrode of the accumulator, the 
paste is red lead, Pb304, the ‘ binding material * being sulphuric 
acid. The openings of the other plate contain litharge, PbO, with 
sulphuric acid as the binder. These pasted plates are not ready 
for use but have to be processed so that the litharge is converted 
to spongy h^ad and the red lead to lead x>eroxide. 

When a potential difference is applied to the pasted plates, 
immersed in dilute sulphuric acid— ef. Fig. 47'15 — the sulphions 
(SO4") move towards the anode, lose their charges, and the follow- 
ing reactions occur : — 

2SO4 + 2H2O 2HaS04 + O2. 

Pb 304 + 0a->3Pb0a. 

At the same time the hydrogen ions (H*) move to the cathode 
where the litharge is reduced to spongy lead : the action is given by 

PbO + H2->Pb + HaO. 
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The Discharging and Re-charging of an Accumulator. — 

When the accumulator ia sending current through an external 
circuit as in Fig. 47*16 (a) the e.m.f. causes the hydrogen ions (H*) 



to move to the anode an<l the sulphions (SO4") to the cathode. 
The reactions which occur are 

(а) At the negative electrode. 

Pb + SO 4 " -> PbSO^ + 20 

where the symbol denotes an electron. These electrons pass 
to the positive electrode through the external circuit. 

( б ) At the positive electrode. 

PbOa + 2H* + HjSOi + 2 Q-v PbSO^ + 2Kfi. 

To recharge the cell a current must bo passed through it — 
cf. Fig. 47*10 (b). As when tho plates are ‘ formed ’ the hydrogen 
ions (H-) travel through the electrolyte to the cathode and tho 
sulphions (SO 4 ") to the anode. The following reactions occur : — 

(а) At the anode. 

PbSO* + SO*" + 2H*0 -> PbOa + 211*804 + 2 0. 

The electrons which are liberated pass through the electrolyte. 

( б ) At the cathode. 

PbSO* + 2H' + 2 0 -► Pb + HaS04. 

These equations show that during the process of charging the 
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cell sulphurio acid is set free, i.e. the density of the electrolyte 
increases ; during discharge the density falls. 

The state of a cell is ascertained by observing the density of 
the acid. The acid ^ of a fully charged cell has a density of 1*26 gm. 
om.*’« at room temperature. 

The curves in Fig. 47-17 indicate the way in which the e.m.f. 



of the cell (as measured by a high resistance voltmeter placed across 
its terminals) varies with time during the process of (a) discharging, 
(6) charging. 

The use of accumulators is due to the fact that their e.m.f. is 
large, 2 volts, and their internal resistance is low, so that they can 
supply large currents. Unlike primary cells they may be recharged. 
Against these assets must be set the following disadvantages ; their 
cost is high, they must be treated carefully, and their mass is 
considerable. After'^about two or three years’ use their efficiency 
is very low, i.e. only a small fraction of the electrical energy spent 
in charging them is re-available. It is believed that this gradual 
decline in the efficiency is due to traces of iron in the lead plates. 

How to Charge Lead Accumulators.— Let Ti and Tj, Fig. 47-18, 
be the terminals of the mains supplying direct current. It will bo 
assumed that the negative terminal is earthed and that the main 
switch is on the high potential side of the installation. Suppose that 
B is the battery to be charged. The negative terminal of B is con- 
nected to T^ through an amrrieter A. L^, La> L3, etc., are lamps in 
parallel with one another. Switches Kg, Kg, etc., are arranged 
so that the number of lamps in parallel may be varied and the current 
adjusted to lie within the limits of the charging current specified by 
the manufacturers of the cells. 

A battery is fully charged when, with the current flowing at the 
normal digging rate, all cells are gassing freely and eveffiy, and 


^ Dilute H1SO4 of this strength may be made as follows 1 add 280 om,* 
oono. H1SO4 to 1,000 om.* distilled water. 
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the density of the acid is a maximuni, viz. 1'25 gin.cm,"* at normal 
temperatures. 


d.c.Ma/ns 



Fia. 47*18. — Charging Acoumulatora. 


On the Care of Accumulators,— If the cells arc! received ‘ dry,* 
i.e. without containing acid, they should bo filled with sulphuric acid 
of density 1-25 gm.cm.“^ to the ‘acid-level* lino, i.e. to a height 
about 1 cm. above the top of the plates. The cells should bo allowed 
to stand for twelve hours and sufficient of the above acid then added 
to restore the acid to its original level. Tlie battery should then bo 
charged at its nonnal rate for two days, tho toinporatiiro never being 
allowed to rise above 40® C. During the end stages of this clmrgiiig 
process, gas should bo freely evolved from the colls and the voltage 
across each cell should remain constant. 

Tho cell is then ready for use. Tho state of its charge at subsequent 
times is ascertained from observations on the density of tho acid by 
moans of a hydrometer. It lias already been mentioned tliat the 
cell is fully charged when tho density of the acid is 1*25 gm.cm.“® : 
at half charge tho density is 1*18 gm.cm.-® : the cell is fully discharged 
when tho density is 1*11 gm.cra.~®. Under no conditions should the 
acid density bo allowed to fall below 1*16 gm.cin.”® so that the 
formation of lead sulpliate on the plates — ‘ sulphating * — is thereby 
reduced. 

From time to time distilled water must bo addod to tho coll to 
compensate for evaporation. If a cell is to remain idle it should bo 
fully charged and then ‘ refreshed * every month. 

Groat care should be taken never to short-circuit an accumulator 
since when a heavy current is taken from tho cell its plates tend to 
become buckled. The heat evolved during such a discliarge tends 
to loosen the material on tho plates. 

It is also essential to see that the acid used is free from dissolved 
metallic salts since tho metals would eventually be deposited on the 
plates by electrolysis and local action occur. 

The Edison Storage Cell. — ^In recent years a new form of accumu- 
lator has appeared ; it is known as the Edison storage cell. It was 
designed with a view to being less massive but more robust than the 
lead accumulator. The positive plate is composed of nickel hydroxide 
and flake nickel or graphite ; the nickel hydroxide constitutes the 
active material^ but since it is a non-conductor of electricity the 
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nickel or giaphite is added to render the plate conducting. After 
the plate has been ‘ formed * the nickel hydroxide is replaced by nickel 
peroxide — this latter substance is used in the presence of water, so 
that its formula may be written Ni(OH) 4 , i.e. NiOj + 2HaO. The 
active material in the negative plate is finely divided iron. These 
two plates are immersed in a 20 per cent, solution of caustic potash 
containing a small amoimt of litlfium chloride. 

The active mixture for the positive plate is compressed into a steel 
tube which is perforated over its cylindrical surface so that the alkali 
may have easy access to it. The tubes are made of very thin cold- 
rolled carbon steel which is nickel-plated after the tube has boon 
made. The tubes are about 12 cm. long and 0-5 cm. in diameter. 

The negative plate consists of stool boxes each 7-5 cm. long, 1*2 cm. 
wide and 0*3 cm. thick. They are made of steel and are nickel-plated. 
The finely divided pure iron is placed in those pockets, and a trace 
of mercuric oxide (HgO) added to lower the resistance of the electrode. 

The chemical reactions which occur in the cell may be summarized 
by means of the following equation : — 

“ discharge ~ ““ 

Fe -h KOH + 2Ni(OH)4 ^ 2Ni(OH)a + KOH -1- Fe(OH)a. 
— _ charge _ _ 

It will be noticed that the caustic potash does not vary in amount, 
so that the density of the solution is no indication of the state of 
the cell. The e.m.f. of the Edison storage cell is 1-35 volts. 

To Determine the Polarity of a Cell or the Mains. — ^An aqueous 
solution of potassium iodide is prepared, and a small quantity of 
starch paste is added. A piece of filter paper is moistened with this 
solution. If now two wires joined to the electrodes of a cell are 
allowed to touch this paper, a feeble current passes through the 
solution which is on the paper. Iodine is liberated at the anode 
which, acting on the starcli, produces a dark blue compound. If the 
mains are imder test a lamp must bo placed in series with them. If 
starch paper is not available the oloctrodos may be dipped into salt 
water (in an egg-cup). Bubbles of hydi*ogon appear at the cathode. 
Alteniatively, if a small quantity of i)henolphthalein is added to tho 
sodium chloride solution, a pink colour appears at tho cathode : this 
colour is due to the formation of sodium hydroxide. 

Similarly, red litmus paper moistened with sodium chloride solution 
turns blue at the cathode. 

Depolarizers. — In on earlier chapter [cf. p. 801] it has been shown 
how the polarization may be prevented by the use of a suitably 
chosen depolarizing agent. In addition to the inorganic salts which 
have been mentioned it is found that many organic compounds can 
also bo similarly used. Cathodic depolarizers are those substances 
which either take up hydrogen or yield oxygen, or else do both siinul- 
taneously, i.o. cathodic depolarizers are reduced. Anodic depolarizers 
are substances which can be oxidized. 

Electrolytic Reduction. — ^An electrochemical method of preparing 
an organic compoimd possesses several advantages over a purely 
chemical method, for, by varying the conditions imder which the 
depolarizing agent is reduced, it is possible to prepare a series of 
compounds from one such depolarizer. The electrolytic reduction of 
a depolarizer proceeds in two stages. 
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(а) The positively charged hydrogen atoms lose their charges and 
become atomic hydrogen. H’ @ — IT. 

(б) The atomic hydrogen combines with the depolarizing agent and 
reduces it. 

By such moans as this aniline (CaHgNHa) is prepared from nitro- 
benzene (CaH^Og) ; indigo is fonned from indigo white ; oleic acid 
is converted into stearic acid. 

Electrolytic Oxidation. — ^In this process the negatively charged 
hydroxyl ions lose their charges and oxygon is liberated — 

20H' + 2 ® - HaO O. 

For commercial purposes electrolytic oxidation is used in the 
preparation of formic acid (fi.COOH) from acetylene (CgHa) — 

CaHg + 60H' + 60- 2H.COOH + 2 H 2 O. 

Wlion an aqueous solution of alkali halido containing acetone 
CH3.CO.CTf3 or alcohol CH3.CHa.OH is electrolyst^l, chloroform, 
bromoforrn or iodoform is formed. The first stage of the process 
consists in the formation of CIO' ions [or the corresponding ions with 
bromine or iodine]. 

2Cr + 2 © - 2C1. 

2C1 + 20H' - CIO' h Cl' + HaO. 

Tho CIO' then reacts with the acetone as follows : — 

CH 3 .CO.qH 3 + 3C10' - CHCI 3 -I CH 3 CO 3 ' H- 20H' 

In tho case of alcohol tho equation is 

CH3.CHa.OH + 5C10' - CHCI, + II3O -!- 2Cl' 1 3011' I COa- 


EXAMPLES XLVII 

1. — A tangent galvanometer has 6 turns of wire of mean radius 
10 cm. How much copper will be deposited in 30 mins, by a current 
which produces a deflexion of 46® ? [e.0.0. for copper =» 0*000328 
gm. coulomb-', Hq = 0*18 oersted.] 

2. — When a current is passed through a voltameter and tangent 
galvanometer, a d^osit of 0*32 gm. of copper is obtained per hour and 
the deflexion is 30 . The diameter of the coils is 18 cm. Assuming 
that the above numbers are liable to experimental error, calculate the 
number of turns in the coil. [Hg = 0*18 oersted.] 

3. — A piece of very thin metal measures 8 cm. x 18 cm. It is desired 
to coat it with a layer of silver 0*1 mm. thick. For how long must a 
current of 3*6 amperes be passed. [e.c.o. for silver — 0*001118 
gm. coulomb-'; density of silver = 10*6 gm. cm.-*] 

4. — State Faraday’s laws of electrolysis. How may they be verified ? 

6. — ^Define the terms ampere, electrolyte, cation, ohm, electron. 

6. — What is meant by the statement that the back o.m.f. in an 
electrolyte is 0*2 volts T A battery having a total e.m.f. of 20 volts 
and 1 ohm internal resistance is connected in series with an e]ectrol3rte. 
This is shunted with a 10 ohm coil. If the battery supplies a current 
of 3 amperes and the back o.m.f. in the electrolyte is 0*1 volt deduce 
the resistance of the electrolyte. 

7. — ^Explain what is meant by the statement * the electrochemical 
equivalent of copper is 0*000320 gm. coulomb'"'.* Calculate the cur- 
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rent through a copper voltameter if 0*987 gm. of copper is deposited 
in it in 40 minutes. 

8. — ^Explain Ohm’s law and describe how you would verify it. Discuss 
whether the law holds for electrolytic conductors. 

9. -— Give a short account of the laws of electrolysis. A Daniell cell 
is used to send a steady current through a certain circuit. It is found 
that in half an hour the negative pole of the cell has decreased in 
weight by 0*070 gm. Calculate the increase in weight of the positive 
pole, and the mean value of the cuirent supplied by the cell. [The 
atomic weights of copper and of zinc may be taken as 63*6 and 65*4 
respectively, and the electro -ohezaical equivalent of hydrogen os 
0*0000104 gm. coulomb."^] 

10. — State Faraday’s laws of electrolysis and describe how you would 
proceed to measiure the electrochemical equivalent of silver. 

11. — ^Describe and explain what happens when an aqueous solution 
of copper sulphate is electrolysed between (a) soluble electrodes, (b) 
insoluble electrodes. 

12. — Give an account of the conduction of electricity through aqueous 
solutions of inorganic salts. How does it difier from the conduction 
of electricity through mercury 7 

13. — ^Describe how you would investigate the validity of Ohm’s law 
in the case of acidula^ water and state the results you would expect 
to obtain. 

14. — ^Define the ampere and the electromagnetic unit of current. 
Explain how with the aid of a tangent galvanometer and a copper 
voltameter you would determine the relation between these two units. 
— (L. ’29.) 

16. — ^Explain with the aid of a circuit diagram how an electrometer 
may be us^ in an experiment either to find the resistance of an elec- 
trolyte, or to compare the capacities of two condensers. (N.H.S.C. *29.) 

16. — State Faraday’s laws of electrolysis. 

Describe a lead accumulator and give an outline of the changes that 
probably occur during the process of charging the coll. 

In the electrolysis of acidulated water it is found that 0-116 cm.* 
of hydrogen (at S.T.P.) is liberated per coulomb. Assuming that the 
cliargo can-iod by a hydrogen ion is 1*60 X 10 coulomb, calculate 
the number of molecules in 1 era.* of hydrogen (at S.T.P.). 

17. — If a steady current of 0-25 amp, for 0-5 hr. liberates by elec- 
trolysis 62 cm.* of hydrogen at S.T.P. and 1 mole, contains 6-03 x 10** 
molecules, calculate a value for the charge on an hydrogen ion in 
electrolysis. 



CHAPTER XLVra 


ELECTROTHERMAL EFFECT’S AND 
THERMOELECTRICITY 

ELBOntOTHXBMAI. EFFECTS 

Joule’s Original Experiment on the Production of Heat 
by Current Eiectricity. — ^In this research Joule proposed to in- 
vestigate hov the amount of heat dissipated hy a current flowing 
in a conductor varied, in a given time, with the strength of the 
ounrent. The apparatus, shown in Fig. 48*1, consisted of a tall 
glass cylinder containing water. The wire was passed through a 



Fio. 48*1. — Joule’s first) Experiment on the Heating Effect of a Current. 

thjn glass tube B and then closed upon it. The extremities of 
the coil were then pulled slightly apart so that the wire was not 
short circuited. In some experiments a cotton thread was inter- 
posed between the windings. The current was measured by a 
type of tangent galvanometer, 6, the frame being rectangular ; 
ite indications were standardized by a voltameter — Joule expressed 
his quantities of electricity (current x time) ‘ on the basis of 
Faraday’s great discovery of definite electrolysis.’ Joule used a 
mercury-in-glass thermometer, the scale being graduated on the 

911 
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Btem. Before making an observation on the temperature, the 
water was stirred by means of a feather. Joule took the pre- 
caution of using the thermometer in a vertical position and to 
bring his eye ‘to a level with the top of the mercury.* He 
estimated changes in temperature of 0*1^* F, 

As a result of these experiments Joule found that the heat 
generated in a given time in a specified conductor is directly pro- 
portional to the square of the current ; also, for a given current, 
the heat, Q, produced in a given time was directly proportional 
to the resistance of the wire, i.e. 

Q oc PR. 

The above work was carried out at a time when Joule was not 
acquainted ^ ith Ohm’s law. In fact, if Joule had been aware of 
the validity of Ohm’s law, he could have deduced the above result 
theoretically as wo shall see below. In fact, Joule^s law and Ohm’s 
law are really alternatives. 

The Heating Effect of a Current. — From the definition of 
the electromagnetic unit of potential difference it follows that 
when a current i [e.m.u.] is flowing between two points differing 
in potential by an amount e [e.m.u.] the energy, W, liberated 
in t seconds is eit ergs, since it is the quantity of electricity trans- 
ferred in this time. In practice it is found that inconveniently 
largo numbers occur when the electromagnetic system of units 
is employed. When the current is measured in amperes (I) and 
the potential difference in volts (V) [practical units] the work 
(W) liberated in t seconds is measured in joules and we have 
W = VI^ joules == VI^ X 10’ ergs. The validity of the above is 
established when we remember that one e.m.u. of current - 10 
amperes, and one e.m.u. of potential = 10“® volts, for then W — 
eit = V X 10®. I X 10"^. « = VI X 10’. i ergs, or VR joules. Now 
the work done per second is termed the power, the practical unit 
of which is the watt. Hence the power necessary to send a current 
I amperes through a conductor across which the p.d. is V volts 
is VI watts. 

V 

If R is the resistance in ohms of the above circuit, R = , so that 

YH 

W = PIU, or -g-, joules. 

The above equations give us the energy used in * overcoming the 
ohmic resistance of the conductor All this energy is dissipated as 
heat in the conductor and the amount of heat, Q, generated in t 
W 

seconds is given by Q = y, where J is the mechanical equivalent of 
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heat, i.e. Q = 


VIl 


Q = 




Vlt , 
= 4:18 


Sometimes this is written 


but in precision work it is better to measure V and I 


418R’ 

since the resistance of the conductor depends upon its temperature 
and, in general, this resistance would be measured at room tempera- 
ture and this is certainly not the temperature of the wire when heat 
is being developed in it. 

The formula just obtained may be derived in a slightly different 
way as follows. Let A and B be two points in a wire at potentials 
Vi and V, respectively, (Vi>V,). Suppose that a charge 3q 
passes from A to B. At A the potential energy associated with 
the charge is Vi .3q [the potential energy in such a case is the 
work done in bringing up the charge dq from infinity (zero potential) 
to A]. At B the potential energy of this charge is V| . dq. Hence 
the loss in potential energy associated with this charge when it 
moves from A to B is (Vj — V^l^q = (Vi ~ V,)I . <5^, if I is the 
current flowing for a time dL This energy appears as heat. The 
rate at which energy is dissipated is therefore (Vi — V,)I = VI, 
if (Vi — V,) = V, as before. If V is in volts and I in amperes, 
the product VI is in watts. 

Verification of Joule’s Law, — The apparatus consists essentially 
of a calorimeter containing paraffin oil or aniline [low vapour pres- 
sure to diminish evaporation and 
consequent heat loss, and a small 
specific heat so that the tempera- 
ture rises quickly]. This calori- 
meter is fitted with an ebonite lid 
which supports the heating coil — 
see Fig. 48-2, The current is sup- 
plied by means of a battery and is 
regulated, i.e. it is kept constant, 
with the aid of the shding resistance 
S. An ammeter A indicates the 
magnitude of the current. The 
potential difference across the coil is 
measured by the voltmeter V which 
m parallel with the heating 


IB 


-Wm': 


F 


©- 






element [or a potentiometer may bo 
used]. The heat developed in a 
given time t secs, may be calculated Fia. 48*2. — VeriBcation of Joule's 
„ folk,™ th. r» m tan- 

perature of the oalonmeter and 
ite contents has been determined. 

Let M be the mass of the oil of specific heat a, m the mass 
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of the calorimeter whose material has a specific heat s, and 0 
the observed rise in temperature. Then the heat developed is 

VI^ 

(Ma + ms) 0 cal. ; this should be equal to cal. 

Better results will be obtained if the calorimeter is surrounded by 
a double-walled vessel containing water but insulated thermally from 
it as indicated in Fig. 10*4 (a). This protects the calorimeter from 
draughts and thereby prevents erratic exchanges of heat between 
the calorimeter and ita surroundings. The temperature of the 
water in this outer vessel should remain constant and be equal to 
the mean of the initial and final temperatures of the oil| for then heat 
is gained by the calorimeter from its surroundings during the first 
half of the experiment and an equal amount lost to them during 
the second half. Alternatively, Ferry's method for correcting for 
the heat exchange between the calorimeter and its surroundings 
may be used [cf. p. 208]. 

Definition of Electromotive Force. — Suppose that a generator 
of electrical energy is connected to a resistance R and that I is the 
current supplied. Let V be the potential difference across R. Then 
VI is the rate at which energy is dissipated in R. The total rate 
at which energy is supplied will be VI + a certain quantity pro- 
portional to I, say pL Then V + ^ is the rate at which energy 
is supplied per unit current by the generator. This is termed E, 
the electromotive force of the generator. 

The Laws of Heating. — When a current is passed through a 
wire the rise in temperature of the wire depends on the material 
of the wire and the nature of its surface. It is possible to find a 
very thin wire whose resistance is the same as that of a longer piece 
of thick wire : the wires may be of the same or of different materials. 
If their surfaces have the same radiating powers and the same 
current is sent through them, then an equal number of calories will 
be developed in each in a given time. Since the mass of the thin 



(a) (b) 

Fig. 48-3. — ^The Laws of Heating. 


wire is email its rise in temperature will be much greater than that 
of the thick wire. In addition, the thick wire has a larger surface 
from which heat is radiated so that this tends further to diminish 
the rise in temperature. The ultimate temperature attained by 
such wires is reached when the rate at which heat is being developed 
in them is equal to that at which it is lost from its surface to the 
surrounding air. 
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The following experiments provide us with excellent Illustrations 
of the laws governing the heating effects of currents. Fig. 48*3 (a) 
represents a chain formed of alternate links of iron and copperi each 
of No. 28 S.W.G. If a current of 4 amperes is sent through the 
composite chain the iron links become red hot and even if the 
current is increased until the iron wires are burnt out the copper 
does not emit any visible radiation. The explanation of this is 
to be found in the fact that the resistivity of iron is about seven 
times that of copper and since the specific heats of iron and copper 
are approximately equal the rise in temperature is about seven times 
as great in the iron wire. 

The second experiment consists in placing pieces of copper and 
iron of equal length and gauge [No. 42 S.W.G.] in parallel and 
introducing them into a circuit carrying a current of about 10 
amperes [cf. Fig. 48*3 (6)]. In this instance it is the copper which 
glows. This is because the heat developed in a resistance at con- 
stant voltage is inversely proportional to the resistance. Hence in 
this instance seven times as much heat is developed in the copper 
as in the iron. 


Maximum Power to be obtained from a Given Battery. — 

Let E bo the c.m.f. of a battery with internal resistance B. If a 
resistance R is connected to the battery the current through R is 


E 


(B + R)- 

E^ 

(B + R)2 


Hence the energy dissipated per second in R is 
= P, say. For this to be a maximum or a minimum 


dP 

dR 


must be zero. 


Differentiating we have 


dP E2(B + R)2 - E2R[2(B + R)] 
dR "" * ' (B + R)4 


This is zero when B = R. A second differentiation shows that 
W is a maximum when B = R. This important proposition is 
illustrated by Ex. 7, p. 935. 

The Principle of Least Heat. — Let us consider two resistors 
Rj and Rg in parallel, the current through the combination being I. 
If I^ is the current through R 2 , (I — l^) is the current through Rg. 

Bate at which heat is produced in the two resistors 


= caLscc.-^ [Practical units assumed.] 

J 

= P (say), 

^ - jpijRi + 2(1 - Ii)(- R,)]. 

I.F. 


K K 
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This is zero if + R*) = IRa* and since is positive for 

this value of Ii, the rate of production is a minimum when this 
condition is satisfied. Thus F is a minimum when the current 
through each resistor is inversely proportional to its resistance. 
This, however, is the manner in which the current I does distribute 
itself and hence the division of current is such that the rate of 
production of heat is a minimum. 

The Rise In Temperature of a Wire due to the Passage 
of an Electric Current. — Consider a wire of length Z, radius r, 
through which a current I is flowing. If R is the resistance of the 
wire when steady conditions have been attained, i.e. when its 
temperature excess above its surroundings, is constant, the rate 

I^R 

at which heat is developed in the wire is If Newton’s law of 

J 

cooling is assumed to be true. 


-j- = E,2nrL 0, [cf. p. 319 and p. 342] 
where e is the surface eniissivity of the wire. But R ~ 


where % is the resistivity of the material of the wire at the excess 
temperature 



Thus the elevation of temperature is independent of the length 
ctf the wire, but for a constant current - is inversely proportional 
to the cube of the radius. 

Instead of assuming Newton’s Law of Cooling it may bo supposed 
that the wire behaves as a black body when 


-j- = 27rrZcT(T4 - To^), 

where a is Stefan’s constant, T and Tq the absolute temperatures 
of the wire and its surroundings. If the wire is a filament in a 
lamp T ^ T„ BO that Tq^ may be neglected in comparison with T^. 
yl 

Since R = 




y 

For tungsten ~ is almost constant, so that for wires of constant 
radius, r, 


I» X T». or T X I*. 
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Continuous Flow Calorimetry. — The heating effect of a 
current provides us with an accurate means of determining the 
specific heat of a liquid. The apparatus shown in Fig. 48*2 
may be used for this purpose. The more accurate electrical methods 
of determining the specific heats of h'quids and gases have already 
been discussed and should be revised at this stage. 

A Few Practical Applications. — The heating effects of currents 
have numerous applications in everyday life ; foremost among these 
are the incandescent electric lamps, radiators, cooking ovens, 
furnaces, and wireless valves. 

The incandescent lamp consists of a glass bulb in which there is 
a carbon or tungsten filament, the temperature of which is raised 
when a suitable current is sent tlirough it. It is at once obvious 
that the higher the temperature of the wire the greater its power 
as a source of intense light. In order to attain this high temperature 
a wire of high melting-point must be used, e.g. tungsten or tantalum. 
At these high temperatures carbon or any metal rapidly oxidizes 
in the presence of oxygen, so that manufacturers exhaust the lamps. 
As the temperature at which a lamp was used became higher it was 
found that the metallic filaments began to evaporate ; consequently 
their resistance increased, the temperature rose and the wire melted : 
in addition, the evaporated metal was deposited on the glass walls 
so that the brilliancy of the lamp was impaired. To obviate these 
disadvantages modern bulbs are filled with nitrogen, the pressure of 
which is sufficient to render the evaporation losses negligible. In 
the smaller lamps a small amount of argon is added. 

Electric radiators consist of nichrome wire wound on a fireclay 
support ; the resistance of the wke is such that a temperature of 
about 800® C. is easily obtained when an appropriate current is 
passed along the wire. 

In small electric furnaces, such as are used in a laboratory, 
nichrome wire is wound on a silica tube and then covered with 
* purimachos ’ — a fireclay cement. The whole tube is supported 
along the axis of a cylindrical container, the intervening space 
being packed with asbestos wool. In the very latest type of such 
a furnace the wire is of molybdenum, and the whole is placed in an 
atmosphere of * cracked ’ ammonia, i.e. ammonia which has been 
passed through a red-hot tube so that it is dissociated completely. 
In such an atmosphere molybdenum does not ‘ burn out * even 
at a temperature of 1,800^ C., e.g. steel may be very easily melted. 

In wireless valves and X-ray tubes a tungsten wire is heated to 
over 2,000® 0. when it emits a copious supply of electrons — the 
^ atoms of electricity.’ Under a suitable electric field these can 
be made to move ; they then constitute a current [cf . p. 797]. 

The arc lamp consists essentially of two carbon rods, generally 
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at right angles to one another. They are connected to the mains 
through a suitable resistance, and their distance apart can be 
adjusted by means of a screw. When the carbons touch, there is 
a large current which is sufficient to vaporize the carbon at the 
points where contact is made. The carbons are then separated 
by a few millimetres, and the current continues to flow and a 
temperature of over 3,000^ C. is reached. Modern steel works use 
electric furnaces in which very large carbon electrodes are employed. 
A current of 2,000 amperes at 65 volts is then sufficient to melt two 
tons of steel and alloys. 

In surgery a thin platinum wire heated to redness is often used 
to cut tissue when, if the temperature is suitable, hsamorrhage is 
reduced to a minimum. 

Hot-wire Instruments. — For some purposes, currents are 
employed whose direction is reversed many times per second. 
These are known as alternating currents [cf. p. 953] and it is 
at once apparent that such currents cannot be measured by any of 
the arrangements hitherto described since the current is reversed 
before the moving part of the instrument has changed its zero 
position. Such currents are usually measured by the heating effects 
they produce since these are independent of the direction in which 



F 

Fig. 48-4. — Hot-wiro Animoter. 


the current is flowing. A hot-wire ammeter of the double-sag type is 
indicated in Fig. 48*4. AB is the hot wire, supported at both ends, 
and consists of a piece of platinum-iridium wire about 0*1 mm. in 
diameter. The above material is chosen since it does not oxidize 
readily and therefore doas not deteriorate when subject to high 
temperatures. A second thin wire, CD, made of phosphor-bronze, 
is attached to the centre of AB : to this second wire a fine silk 
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thread S is attached. This passes round a small pulley P and then 
is attached to a spring, R, so that each portion of the system is 
kept in tension. A light aluminium pointer is attached to P. 
When the hot wire expands and the system is made taut by R, 
the pointer is deflected. Connexions are made to the terminals 
Tj and Tg. The scale readings may be checked by passing known 
direct currents through the instrument. V is an aluminium vane 
attached to the pulley and it moves between the poles of a horse- 
shoe magnet M : in this way oscillation is prevented and, moreover, 
sudden changes in the current do not reveal themselves so quickly 
and consequently the wire is never subject to excessive stress. 

Since in an alternating current the current varies periodically it is 
obvious that a hot-wire instrument does not measure the current at 
any instant in the cycle : what it does measure is the effective, 
virtual, or root-mean-square value of the current. This is 
defined as that steady current which produces the same heating 
effect per unit time as the alternating current. 

The Measurement of Power. — The power or rate at which 
energy is being dissipated in any portion of an electrical circuit 
is equal to the jiroduct VI watts, where V is the voltage across 
the portion pf the circuit and I is the current in amperes. Instead 
of measuring the voltage and current separately and deducing the 
number of watts from them, wattmeters have been design^ to 
measure the power directly. The essential features of such an 
instrument are indicated in Fig. 48-6, In a wattmeter there are two 
concentric coils, one being fixed while the other is movable. The 
fixed coil consists of a few turns of thick wire which are connected 
to the terminals AA. These enable the fixed coil to be placed in 
series with the current in the circuit where the consumption of 


energy is being deter- 
mined. The movable 
coil consists of many 
turns of very thin wire 
and it is connected to 
the terminals VV of 
the instrument. These 
permit the movable 
coil to be connected 
across the mains. The 
movable coil is wound 
on a bobbin carrying a 
pointer. The coils are 
arranged so that in 



Fig. 48-6. — Wattmoter. 


their zero position 

their pianos are mutually perpendicular ; hence when currents 
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pass through them there is a couple tending to make the coils 
coplanar. The deflexion of a pointer attached to the movable coil 
is proportional to the rate at which energy is being consumed. 
The instrument may be calibrated with, the aid of a standard 
voltmeter placed in parallel with W and a standard ammeter 
placed in series with AA. 

Note on the Measurement of Electrical Energy. — It has 
already been shown that the power or rate at which, energy is 
produced in a load is VI watts where V is the p.d. across the load 
in volts, and I amp. is the current through it. Engineers use a 
larger unit of power : it is the kilowatt which is equal to 1,000 watts. 
Another unit of power is the horse-power which is the power when 
energy is developed at a rate of 550 ft.lb.-wt.sec.-^ 

/. 1 H.P. = 550 X 30-48 X 453*0 X 980 erg.sec.-i 
= 746 X 10" crg.sec.-^ 

= 746 watt. 


Electrical motors and other appliances have their power stamped 
upon them so that if the time for which they are in use is known 
the energy consumed may be calculated, since 

Energy = power X time in seconds. 

Electric supply companies measure the energy supplied in kilo- 
watt-hours or Board of Trade units [1 KVA-hour]. 

Now 1 KVA-hour == 1 kilowatt-hour 

= 10® joule.sec.“^ X 1 hour 
= 10® joule.ROC.*'^ X 3000 sec. 

= 3-6 X 10® joule. 


Example , — A 2,000 watt heater operated from 240 V. mains raises 
the temperature of 10 litres of water 30" C. If 1 13.T.U. costs 2d., 
find roinirnurn values for thcj cost and time roejuirod. 


Heat required — 10 X 1,000 x 30 cal. ~ 3 x 10® cal. 


Kate of supply of heat by the heater 


2 X 10» 


418 


- cal. sec. 


3 X 10® X 418 . 

.'. Time -= i — sec. 10* minutes. 

2 X 10^ ^ 

Energy consumed -- 2,000 joulo.sec.” ^ for 630 sec. 

- 2 KVA (j^hr, 

63 

- 2 X 3^ B.T.U. 


Coat = 



0-7d. 


Experimental Determination of the Thermal Emisslvity of a 
Wire. — ^A nickel wire [S.W.G.34] and 30 cm. long is suitable. AB, 
Fig. 48*6, is the wire whose emisslvity is required. It is held in a 
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horizontal position and thin copper leads are attached to it at points 
C and D near to its ends. The wire is connected in series with an 
adjustable resistance, a battery, a key K, and a coil S. A small 
current, not sufficient to raise the temperature of the wire appreciably 
above that of the room, is sent through it. The potential differences 
between C and D and across S are measured with the aid of the milli- 
voltmoter MV. Mercury cups, o ... A, in a block of paraffin wax 
enable the connections to bo made easily. From these observations the 
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current in the circuit and the resistance of the portion CD of the wire 
are deduced. A current of about 1-5 amperes is then passed through 
tho wire and the potential differences between the same points deter- 
mined with the aid of the voltmeter V. Tho current and resistance 
are again calculated. From a knowledge of the coefficient of increase 
of resistance with temperature for nickel [0-0052 deg.“^C.] tho tem- 
perature of tho wire may be found. This temperature has become 
steady since tho rate at which energy is dissipated in the wire is 
equal to the rate at which heat is being lost from its surface. The 
thermal emiss vity is calculated as follows. 

Example . — 

(i) P.D. across 0*6 ohm = 47»4 x l(h* volt. 

P.D. „ CD = 72 6 X 10-» volt. 

resistance of CD = 0-766 ohm at 19-6® C. (V ===^i) 


(ii) P.D. across 0*6 ohm = 0*76 volt. .*. current = 1-6 amp. 
P.D. „ CD = 1*76 volt. 

resistance of CD when heatod = 1-17 ohm — R*. 


Since R| = Ro(l + k^) and R^, «= Ro(l -f we have 


Length of wire 
Emissivity 


M7 1 -h 

0-766 1 4- ^ 

= 33*8 cm. Diameter = 0*023 cm. 

Amount of heat (oal.}_emittod pe r se c. 
“ Area of suiiaoe x temp.^iff. 

1*5* X 1*17 

' 4*2 X Ji X 0*023 X 33*8 x 111*6 
» 2*3 X 10“* oal. seo.“‘ omr* deg.“^ C. 
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Thermoeleotbioity 

The Seebeck Effect. — In 1821 Seebeok discovered that an 
electric current could be produced by thermal means alone. He 
showed that a current flows in a circuit consisting of two wires of 
different materials as long as there is a difference in temperature 
between the two junctions. We must note, however, that the 
current ceases as soon as this temperature difference becomes zero. 
Such currents are teimed thermoelectric currents and the electro- 
motive force producing them is known as a thermoelectric force. 

One of the first pieces of apparatus 'whereby Scobock discovered 
how to produce thermoelectric currents is shown in Fig. 48-7 (a). 
The ends of a copper bar were bent as indicated, and soldered to a 


Hot 



bar of bismuth. The plane of this combination of metals was 
placed in the magnetic meridian, and a small compass needle was 
supported near to the middle of the circuit. When the junction A 
was heated the pole N of the magnet was deflected towards tlie 
west (this movement is indicated in the diagram by the © sign), 
i.e. an electric current had been produced and it flowed from the 
copper to the bismuth across the cold junction. If the circuit 
consists of rods of antimony and bismuth, bent for convenience 
to form a circle, the direction of the current is from the antimony 
to the bismuth througli the cold junction [cf. Fig. 48*7 (^») ]. The 
direction of the current may be found by placing the plane of the 
coil in the meridian and observing the motion of a magnetic needle 
at its centre. In each instance the energy necessary to maintain 
the current is derived from the surroundings, i.e., on the whole, 
there is an absorption of heat from them. 

Experiftient . — AHB is a rod of copper 1 cm. in diameter and bent 
as indicated in Fig. 48*8 (a). It is short-circuited by C, a thick piece 
of constontan [Ou 60 per cent., Ni 40 per cent.]. A largo iron block 
is cut in halves, grooved, and fitted round the rod as shown in Fig. 
48*8 (6). AB is insulated from the iron blocks by paper. When the 
end A of the rod is heated whilst B is kept in ice it is almost impos- 
sible to separate the two pieces of iron. This is because the iron has 
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become magnetized by the large current in the circuit HKL. This 
current is produced by the small thermoelectric force in the same 
circuit whicli appears when the two junctions K and L are at 


D 


JT 
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V 


\Heat 
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Fia. 48-8. — Soebeck Effect. 



different teinporatures. The current is large since the resistance 
of the circuit is very small if the jimctions K and L have been well 
made — they should be silver-soldered. 

The Peltier Effect. — ^An effect which is the converse of that just 
described was discovered by PELTiEa in 1834. He noticed that 
when a current passed! across the junction between two dissimilar 
metals there was either an evolution or an absorption of heat, i.e. 
the junction was either heated or cooled. For any two metals 
the condition whether the junction sliall be heated or cooled is 
determined by the direction of the current. This effect is entirely 
apart from the Joule effect which is irreversible, i.e. it does not 
depend on the direction of the current in the conductor, whereas the 
Peltier effect is reversible. In the following experiment the former 
effect is made negligibly small by using thick rods. B, Fig. 48-9, is 
a rod of bismuth soldered at each end to a rod of antimony, A. If 



Fia. 48-9. — ^Peltier Effect, 


a current is passed in the direction indicated there is an evolution 
of heat where the current passes from the antimony to the bismuth. 
At the other junction heat is absorbed. The effects are reversed 
when the current is reversed. These effects are clearly shown if 
coils of thin copper wire are wound round the junctions of the metals. 
Copper is chosen because its coeiHcient of increase of resistance with 
temperature is large. The resistances of these coils are measured 
when a current is passed along the rods. An increase in resistance 
of the coil at the junction where the current passes from antimony 
to bismuth shows that heat is developed at this junction. The 
other junction is cooled for the resistance of the coil round it 
decreases. When the direction of the current is reversed, contrary 
effects are obtained, indicating thereby that the effect under 
investigation is reversible. 
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The existence of the Peltier effect may also be demonstrated in 
the following way. Let T, Fig. 48*10, be a thermopile [cf. p. 326), 
connected through a key, K^, to a sensitive galvanometer, G. 
Further, let us suppose that when heat radiation falls upon the 
right-hand face of the thermopile the current in the circuit 
marked (1) is clockwise. Let B be an accumulator, in series with 
an ammeter A, adjustable resistance R and key Kg, so that a 
current of about 0*1 ampere may be passed for a period of about 
10 seconds through the thermopile T [circuit (2) ]. As arranged 



Fro. 48*10. 


in Fig. 48*10 the current from B passes through T in the same 
direction as did the thermoelectric current produced when heat 
rays fell on the right-hand face of T. When Kg is opened and 
closed immediately afterwards it will be found that Q is deflected : 
the direction of this deflexion will be such as to indicate the presence 
of an anticlockwise current in circuit (1). Thus the. junctions of 
the thermopile on its R.H.S. must have been cooled with respect 
to those on the L.H.S. If the current from B through T is reversed, 
the current through G when Kg is closocl will also he reversed. 

Both the Seebeck and the Peltier effects may be explained if we 
assume that there is an electromotive force at the junction of two 
metals, acting in the case of an antimony-bismuth junction from 
the bismuth to the antimony, i.e. bismuth is electropositive with 
respect to antimony. If a circuit consists of two metals only and 
the temperature is everywhere the same, then the electromotive 
force at one junction is equal and opposite to that at the other and 
the total electromotive force in the circuit is zero. If, however, the 
temperatures of the junctions are different, the opposing electro- 
motive forces are not equal and the difference between them causes 
a current to flow. 

On the other hand, when a current is passed from antimony to 
bismuth work is done in overcoming the electromotive force at the 
junction : this appears as heat and the junction is heated. If the 
current is reversed the junction is cooled. Hence, on these assump* 
tions, the existence of the Peltier effect finds a ready explanation. 



THERMOELBCTRICaTT 925 


In a general way the eidstence of an e.m.f . at the junction of two 
metals can be accounted for from our knowledge of the structure 
of conducting substances. Modern theory suggests that all such 
bodies contain large numbers of free electrons, i.e. electrons free to 
move in the interstices between the constituent particles of the 
conductor. These electrons behave very much like the molecules 
of a gas so that they are often referred to as an * electronic gas.' 
The density of this gas at any fixed temperature of the metal is 
assumed to vary in different metals, so that when two metals are 
placed in contact the electrons diffuse from one to the other. This 
diffusion establishes an electromotive force at the junction which 
increases in value until it is sufiScient to prevent a differential 
diffusion of the electrons from the one metal to the other. The 
equilibrium condition finaUy established is an example of a 
‘ dynamic ' equilibrium as distinct from a * static ' equilibrium, 
for there is no reason to suppose that when equilibrium has been 
attained the motion of the electrons ceases. 


Measurement of the Peltier Coefficient for Two Metals. — 
The energy absorbed when unit quantity of electricity passes 
across the junction of two metals is called the Peltier coeffi- 
cient for those metals (Maxwell). — If the energy is measured 
in jouloH, the current in amperes, and the time in seconds, the 
Peltier coofTicient will be given in volts. Generally, one of the 
metals is lead, and if energy is absorbed when the current flows 
from the lead to the other metal across the junction, the Peltier 
coefficient is considered positive. 

To measure the Peltier coefficient — for a lead-constantan junction, 
for example — the junction is placed in the inner tube of a Bunsen 
ice-caloriinetcr and covered with a small quantity of oil to ensure 
good thermal contact with the calorimeter. Let a current of I 
amjieres be passed through the junction for t seconds. If R is 
the effective resistance of the couple, then 


Heat evolved — 


imt + mt 




where 77 is the Peltier coefficient, J is the mechanical equivalent of 
heat, viz. 4- 18 joules ral.-*, k is tlie constant of the calorimeter 
determined by an electrical method [cf. p. 232] and is the distance 
through which the mercury recedes. 

Now let the current be reversed for t seconds. Then 


I*R^ - mt 


== iiTa, 


■j- — 

where X 2 is the distance the mercury recedes in this instance. Hence, 

rr vnlf. 
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[Note. — ^Although tlie joule heating could be made small and 
perhaps negligible by using thick leads, this would be a very un- 
desirable procedure in practice since the flow of heat by conduction 
along the leads to the interior would be augmented and would be 
very troublesome.] 

The Thomson Effect. — ^From theoretical considerations Kelvin, 
when he was Sib Wm. Thomson, proved that if the only seat of 
potential difference in a thermocouple was at the junctions the total 
e.m.f. in the circuit should be proportional to the temperature 
difference between the junctions. Experiment shows that this is 
not eveii approximately true so that Kelvin assumed that in any 
homogeneous wire there must be an e.m.f. whenever there is a 
temperature gradient in the wire. To test the validity of this 
conclusion, Kelvin sent a heavy current through a homogeneous 
bar. The ends of this bar were kept at a constant temperature, but 
the central portion was heated. Then, with the aid of a sensitive 
differential thermometer, he showed that the amounts of heat 
generated in the two halves of the bar were unequal. He also 
showed that the effect was reversible. 

ExpeHment , — A long thin U'-shaped piece of iron wire is supported so 
that the bend dips into a considerable amount of mercury and a 
ourrent of such strength that the wire is just visible in a darkened 
room is sent down one limb and up the other. The wire is cooled by 
the mercury so that there is a temperature gradient in the wire. The 
two portions of the wire glow unequally, showing that there are opposite 
Thomson effects in the two limbs. 

Electron Theory and the Thomson Effect. — Since the electron 
density is greater at low temperatures than at high, it follows that 
we may expect an electromotive force whenever a temperature 
gradient exists in a conductor. Thus the simple electron theory 
accounts for the existence of the Thomson effect. Unfortunately, 
however, this theory would indicate that the e.m.f. is always 
directed from the region of high temperature to that where it is low, 
i.e. electrons move from the cold to the hot region, whereas experi- 
ment shows that this direction depends upon the material 
investigated. 

Experimental Determination of Thermal e.m.fs. — (a) 
Approximate method. Let us suppose that wo have to investi- 
gate the manner in wliich the e.m.f. of a coppor-constantan * 
thermocouple varies with temperature, one junction being main- 
tained at the temperature of melting ice. A constantan wire is 
hard soldered to two pieces of copper wire to form two copper- 
constantan junctions as shown in Fig, 48-11 {a). The copper 
wires are then connected to the terminals of a high-rosigtance 

* Constantan : 60 Cu, 40 Ni. This alloy is also known as eureka. 
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galvanometer G. It will be remembered that the coil of wire 
inside a galvanometer is made of copper : hence there are still 
only two different metals in the circuit. The thermocouples are 
placed in two different 
test-tubes surrounded 
by melting ice and 
by water respectively. 

One of the junctions 
is maintained at the 
temperature of melt- 
ing ice throughout the 
experiment, while the 
temperature of the 
other may be altered 
by heating the water. 

When the temper- 
atures of the two 
junctions arc different 
the electromotive force 
which is developed in 
the circuit causes a c\ir- 
rent to jmss through 
the galvanometer. 

Since G has a high 
resistance its deflexion 



may be taken aS pro- 
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portional to the e.ru.f. 
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48*11. — Experiiuontal Determination of 
Thermal e.m.fs. 


current sensitivity, i.e. 
the current required 
to produce a given 
scale deflexion (1 mm. when the scale is at a distance of 1 metre 
for galvanometers used in conjunction with a lamp and scale), is 
stated on the instrument, but if the resistance of the galvanometer 
is known the volt sensitivity is easily deduced. 

(b) Simple potentiometer method . — Since the thermal e.m.f. 
which it is proposed to measure is small, a wire with a small potential 
drop per unit length along it is requii'ed. Suppose that the poten- 
tiomet^er wire AB, Fig. 48-11 (6), has a resistance r ohms and it 
is plaoed in series with a resistance R ohms and a battery D of 
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6.m.f. E. The potential drop across the wire is equal to the 
current along the wire multiplied by the resistance of the wire, viz. 

Er 

R + f 

If E is of the order 2 volts, r of the order 10 ohms, and R of the 
order 2,000 ohms, the potential drop across the potentiometer 
wire will be 10"“® volt, or 10"* volt.cm."^ if the wire is one metre 
long. One end of the thermocouple is connected to A through a 
galvanometer G. The other end is connected to a jockey C which 
slides along the wire AB. The position of C is adjusted until the 
galvanometer deflexion is zero. The e.m.f. of the thermocouple 
is then equal to the potential drop across the portion AC of the 
potentiometer wire, and is given by the expression 

Er AC 
R + r ‘ AB 

An objection to this method is that the battery D supplies an 
electric current and therefore its e.m.f. on open oiicuit is not 
the e.m.f. available for sending the current through the circuit. 
The correction is small, however, for the current supplied by the 
battery is not large. This available e.m.f. may be measur^ by 
placing a voltmeter, V, in parallel with D. Another objection, 
and one which is more serious, is that there is no moans of main- 
taining a constant current in the circuit. This difficulty is over- 
come by proceeding as in (c). 

(o) Using a standard cell , — The reeistonoe box R is replaced by 
two boxes, Ri and Rst Fig. 48-11 (c), the sum of their resistances being 
of the same order as that of R, so that the fall of potential along tiie 
wire shall still be comparable with that of the thermocouple. S is a 
standard cell placed in series with a liigh-resistonce X( 10,000 ohms) 
to prevent large currents from being taken from the cell. These are 
arranged as shown. 

With the keys and K, closed, the values of R^ and R, are ad- 
justed so that there is no deflexion of G. The potential drop across 
Ri is then equal to the e.m.f. of S on open circuit since this cell is 
supplying no current. If necessary, when an approximately correct 
bailee 1^ been obtained, the key K, may be closed to short circuit 
X ; this permits the galvanometer to be used at its maximum sensi* 
tivity. and Kg cure then opened. 

The e.m.f. of the thermocouple is determined by finding the point 
O on the wire AB corresponding to no deflexion of the galvanometer. 
If E is the e.m.f. of the standard cell, the fall of potential across R| 
is E, BO that the current in the main circuit is E/R^. The drop in 
potential across the potentiometer wire is therefore 



so that the potential difference between A and C is therefore 

E AC 

This is the e.m.f. of the thermocouple. 
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[N.B. — ^It is not necessary to know R, and when once the potential 
drop across R^ has been made equal to the e.m.f. of S on open circuit, 
the constancy of the current along the potentiometer wire may be 
tested and maintained by keeping R^ constant and adjusting Rg so 
that the deflexion of G is zero when K| is closed.] 

^s before one junction of the thermocouple is placed in a test-tube 
and surrounded by melting ice. The other is heated to different 
known temperatures and in each instance the position of the sliding 
contact C when the galvanometer deflexion reading is zero noted. 
The thermal e.m.f. in the circuit is in each instance equal to the 
potential drop along the corresponding portion of the wire AC. 

The Laws of Thermoelectricity. — Let A and B be two metals 
forming a t)iermocoiii)le ; 0 ^ and Og temperatures of the cold 
and hot junctions respectively. The e.m.f. in the circuit will be 

denoted by considered positive u'hen the current flows 

from A to B across the hot junction. The laws of the thermo- 
electric circuit are : — 


(i) The law of intermediate temperatures : For a given 
pair of metals the e.m.f. when the junctions are at and 
63 is equal to the sum of the e.m.f s. when the junctions are 
at 61 and 63 arid then at 62 and Og, 

w: 

(it) The law of intermediate metals : When the tempera-- 
tures of the junctions are fixed, the e.m.f. for two metals 
A and C [denoted by is equal to the sum of the e.m.f s. 
for the thermocouples A, B and B, C, ue. 

= ^ab "i’ ^bV 


.The first law may be verified experimentaUy : the method is 
so simple that no description is necessary. It is important practi- 
cally, for if observations are made with a given thermocouple for 
various temperatures of the hot junction, the cold one being kept 
at 0° C., then the e.m.f. appropriate to other temperatmres of the 
junctions may be obtained by subtraction, for 




The validity of the second law may bo tested experimentally b5^ 
the following null method. Metals A, B and C, where C is copper, 
are arranged to form a ‘ star-pattern * as in Fig. 48 - 12 . Copper 
is selected as one of the metals so that a moving-magnet galvano- 
meter (all coils made of copper) may be inserted to detect any current 
without introducing a different metal. If the ‘ outer ’ or hot 
junctions are all raised to the same temperature and the ‘ inner * 
or cold junctions aU kept in melting ice, no current flows. Since, 
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however, the circuit is equivalent to three thermocouples [A, C], 
[B, A], [C, B] in series, we have 

= 0 , 

^ac = ^ab + Efcg. 

The importance of the law of intermediate metals is that when a 

thermocouple is constructed 
it is immaterial whatever 

A alloy is used as a solder to 

join together the dissimilar 
metals. [In some instances 
the metals are twisted to- 
gether, but this practice 
sometimes leads to trouble 
if oxidation occurs, for the 
resistance of the oxide may 
bo very high.] Further, if 
the third metal forma the 
leads to a galvanometer no 
elfect whatsoever is pro- 
Fig. 4 8- 12. duced provided that the 

junct ions of these leads with 
the other two metals arc at a constant temperature — generally 
0® C. in practice. 

The e.m.f. of a Thermoelectric Couple. — Experiment shows 
that for a wide range of temperatures the e.m.f. of a given thermo- 
couple, when one junction is at the temperature of melting ice, 
is given by the equation 

E = aO + \f}0\ 

where (0 + 273) is the temperature on the gas-scale, and a and p 
are coiLstants for a given i)air of metals. 

To determine the constants a and ft for, say, an iron-constantan 
thermocouple these metals must be joined together with ‘ easy- 
flow ’ solder, and then the free end of each metal must bo soldered 
to copper. The copper-iron and copper- constantan junctions must 
then be maintained at the same constant temperature, (0*^ C.), 
while the iron-constantan junction is i^laced in baths at known 
temperatures — say steam, under a known pressure in the region 
of 76 cm. of mercury, tin at its melting-point, etc. The e.m.f, in 

E 

each instance must be determined as on p. 928. Then if is plotted 

against 0, a straight line will be obtained, for the above equation 
becomes 
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■pi 

which is a straight line — slope and intercept on the ^ a-yis is a. 

[N.B. If a mercury thermometer is used in this experiment a 
correction table must be used to convert its readings to those on 
the gas-scale]. 

Thermoelectric Curves, — Let us consider a copper-iron thermo- 
couple one of whose junctions is maintained at 0®C. while the 
other is raised in turn to a series of known temperatures. Suppose 
the e.m.f. is measured in each instance and a graph drawn show- 
ing the relation between the e.m.f. in the circuit and the tem- 
perature of the hot junction. The curve is known as a thermo- 
electric curve — see ’Fig. 48*13. In practically all instances it is 



Fia. 48-13. — Themioolectric Curve for a Copper-Iron Thermocouple. 

Eca Fo = [ 10*34 d - 0-0183 0*] fiV. 

a parabola with its axis vertical [in some instances only a portion 
of the curve is obtainable — one of the wires may melt]. 

If the temperature of the cold junction is raised to 100° C. (say) 
the corresponding thermoelectric curve is obtained by transferring 
the axes of co-ordinates to OxXi, O^yi as shown, where the abscissa 
of Oi is 100° C. 

Thermoelectric Inversion, — study of the thermoelectric 
curve for a copper-iron thermocouple shows that at a certain 
temperature of the hot junction the thermoelectric e.m.f. in -the 
circuit is a maximum. This is termed the neutral temperature. 
As the temperature is raised the e.m.f. decreases, becomes zero, and 
then reverses its sign. The temperature corresponding to the 
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neutral point is the mean of the temperatures of the cold junction 
and the temperature at which the above reversal of sign begins. 

Experiment, — ^Tlio above facts are very easily obtained by using a 
copper-iron thermocouple in series with a high resistance galvanometer. 
The galvanometer deflexions are proportional to the thermal o.m.f. 
in the circuit. 

Thermocouples used as Thermometers. — Since the e.m.f. 
of a thermocouple, with one junction at 0® C., depends upon the 
temperature of the hot junction, it is clear that when the con’e- 
sponding thermoelectric curve has been obtained that curve may 
be used to determine an unknown temjierature within the range 
of temperature covered by the curve. For such a purpose a 
copper-iron couple Avould not be chosen on account of the ambiguity 
which arises when the temperature is in the neighbomhood of the 
neutral point. For temperatures up to about 500® C. (gas scale) 
thermocouples made from copper-constantan, and iron-constantan, 
are satisfactory : the e.m.f. is large so that the temperature may 
be estimated accurately. Other pairs of metals must be used at 
higher temperatures : these will be discussed later. 

Meanwhile it must bo noted that any pair of metals may be used 
to construct a centigrade scale of temperature. The metals selected 
for such a purpose may be constantan-copper. Lot us suppose 
that the e.m.f. is measured by the first experimental arrangement 
show’ll in Fig. 48-11 (a), although (6) and (c) may be used. The 
junctions of the thermocouple are placed in melting ice and steam 
produced under a pressure in the neighbourhood of 76 cm. of 
mercury, respectively. The resistance R is adjusted until the 
deflexion on the galvanometer scale is about 200 mm. : it is 
advantageous to make it equal to 2.9, where s is the steam tempera- 
ture on a centigrade scale as calculated from the barometric height. 
The galvanometer deflexion is then such that 2 mm. corresponds 
to one degree on a centigrade scale of temperature. It must be 
, remembered, however [cf. p. 152], that temperatures on such a 
scale will not in general be identical Avith those on any other centi- 
grade scale. 

Experiment — Set up a thennocoupie as above and use it to construct 
a centigrade scale of tomperatm*e ; then place one junction in molten 
wax, observe how the deflexion varies as the wax cools, and from a 
suitable graph obtain a value for the melting-point of wax on the 
scale of temperature you have constructed. 

Some Applications of Thermoelectricity. — ^Thomiocouplos are 
widely used in industry, since they provide a ready and sufficiently 
accurate means of measuring temperatures over a wide range. For 
temperatures below 1200^^ C. base metals may be used. Tiie con- 
struction of a nickel-nichrome thermocouplo is indicated in Fig. 48-14. 
AC and BC are the two wires welded together at C to form the ' hot 
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junction.’ The whole is protected by an iron sheath, the wires being 
insulated from it and one another by fireclay insulators. The wires 



Fig. 48-14, — A * Base-Metal * Thermoeleotrio Pyrometer for use to 1200® C. 


are comiocted to terminals T\ and Tj fixed in the head of the pyrometer 
— made from insulating material. 

For use at liighor temperatures the wires are mado from metals of 
the platinum group, since at these temperatures it is necessary that 
the metals should be highly infusible and nob affected by air. The 
wires should bo very thoroughly armcaled beforo use, and, after pro- 
longed use, re-annealed at a higher temperature than the maximum 
at which they have boon used since platinum readily absorbs gases. 


Hot 
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Dissimilan 

I/Vires 



Temperature Cold 

Indicator on\ Junction 
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Fig, 48-15. — ^Thermoelectric Pyrometer. 


The sheatli and insulators are mado of silica. For tomperatui'os from 
1400° C. to 1700° C. a couple made from molybdenum and tungsten 
wires is suitabl e. At tlioso tomperatui’os, however, the wires are 
brittle and luiist tlioroforo bo protected froia s=hock ; moreovop, they 
rapidly oxidize unless used in an atmosphere of ‘ cracked * ammonia, 
i.e. a mixture of nitrogen and hydrogen produced by passing ammonia 
through a tube heated to 1000° C. Such couples are used to determine 
the temperature of molten iron and stool. 

When used with a temperature indicator, the arrangement is as 
in Fig. 48-15. ‘ The cold end ’ Ls brought from the head of the 

thermometer to the indicator, where the temperature is reasonably 
constant. The leads are made of copper. Since the e.m.f. of a ther- 
mocouple depends on the temperature of the ‘ cold junction,* the 
needlo of the indicator [really a millivolt-meter] is adjusted to ‘ room- 
temperature* beforo being connected to the pyrometer. For accurate 
work Ti and T^ must be kept at the temperature of melting ice. 

The use of thermocouples in thermopiles has already been described 
[cf. p. 326]. Thermopiles, it must bo noted, are only used to detect 
heat radiations : they are not used to measure temperatures. 

The Radiomicrometer. — A very sensitive instrument for de- 
tecting feeble thermal radiations is known as a radio-miorometer — 
it was invented by d’Absonval and by Boys, and is shown dia- 
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grammatically in Fig. 48*16. CD is a loop of copper or silver 
wire [No. 36 S.W.G., diameter 0*2 mm.]. The circuit is closed at 
itii lower end by an antimony-bismuth 
junction, A, B. A piece of the same wire, 
about 5 mm. long, is soldered to the loop 
at its upper point, and attached by 
shellac varnish to a glass capillary tube G. 
M is a plane mirror, edge about 3 mm. 
in length. It is a piece of cover glass, 
selected by optical trial for planeness, and 
silvered at the back. The loop is suspen- 
ded by a line quartz fibre [0*004. mm. in 
diameter], between the poles of a strong 
magnet. Since antimony and bismuth are 
very diamagnetic, they .must be screened 
from the infiuence of the magnet by sur- 
rounding them with a large block of soft 
iron [not shown in the diagram]. A hole 
drilled in the iron block permits radia- 
tion to fall on a very small piece of 
blackened copper foil attached to the 
junction between the antimony and the 
bismuth. The sensitivity of this instru- 
ment is such that when the temperature 
of the copper disc is raised only by a few 
millionths of a degree the current in the 
loop is sufiScient for it to be deflected. 
M enables these deflexions to be measured by a lamp-and-scale 
method, and it is placed about 3 cm. from the lower end of G, so 
that the heat falling on M from the lamp shall not be trouble- 
some. The wire canying the loop is torsionally infinitely rigid 
compared with the quartz fibre, so that any deflexion of the 
loop is truly measured by the deflexion of M. With such a 
sensitive instrument great precautions must be taken to screen 
it from thermal changes — it is enclosed in a wooden box — and 
one also notices that there are no outside leads which might cause 
an induced current in the circuit should they * cut ’ the earth’s 
magnetic field [cf. p. 936 et seq.]. In fact, the current is detected 
without the aid of any additional galvanometer 1 Moreover, with 
this instrument Boys experienced no trouble due to variations in 
the external magnetic field, as did Langley, and others, who used 
bolometers in conjunction with moving magnet galvanometers. 

The sensitivity of the above radiomicrometer is such that the 
radiant energy from a candle flame two miles away may be detected. 



Fio. 48-10. — Boys* 
Radiomicrometer. 
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EXAMPLES XLVni 

1. — Two wires of 3 and 4 ohms resistance respectively are joined to 
a battery of negligible resistance, first in parallel, and then in series. 
Calculat^o the ratio of the heats developed in the two systems. 

2. — A current of 4 amperes flows through a resistance of 6 ohms for 
3 mins. If the heat developed is sufficient to raise the temperature of 
600 gms. of liquid 7° C., calculate the specific heat of the liquid. 

3. — The polos of a battery are connected in turn to two wires o£ 6*2 
and 4-3 ohms resistance respectively. The heats developed in the two 
wires are equal. Calculate the resistance of the battery. 

4. — ^How would you show that the rate at which heat is developed in 
a conductor carrying a current is proportional to the square of the 
current ? 

6. — How would you demonstrate the Seebeck and Peltier thermo- 
electric effects ? Describe how you would use a thermocouple to 
measure temperatures up to 1000"^ C. 

6. — Compare the heat generated in each of the four arms of a balanced 
Wheatstone bridge, if the resistances of those arms are 100, 10, 660, 
and 66 ohms respectively. 

7. — Derive an expression for the rate at which electrical energy is 
dissipated in a coil of wire of resistance R olims carryng a steady 
current of I amperes. 

A battery, of o.r^.f. 10 volt, and internal resistance 2 ohm., is con- 
nected in series with an adjustable resistance R. Plot a graph showing 
how the rate of dissipation of energy in R varies with the value of R. 
What information is obtained from such a graph ? 

8. — Indicate by means of diagrams the modifications and additions 
required to use a simple potentiometer (a) to measure a current of 
about (i) 0-1 amp., (ii) 2 amp., (iii) 10 amp.; (6) to measure the o.m.f. 
of a thonnocouplo. 

Give reasons why it is iiormissible to use a potentiometer to measure 
potential differences in an experiment to verify Ohm’s law fora metallic 
conductor but fallacious to use it to measure currents in the same 
experiment. 

9. — A tangent galvanometer and a coil of insulated resistance wire 
immersed in a calorimeter containing water are joined in series and 
a steady current, which gives a deflexion of tan“^ 0*4 on the galvano- 
meter, is passed for 6 min. 58 sec. The temperature of the calorimeter 
and its contents rises from 16-80® C. (room temperature) to 22-51® C. 
while the current is passing and begins to fall at a rate 0-16 deg. C. 
min.-^ when the current is switched off. If the galvanometer has 
2 tiui'ns of wire of 16-7 cm. radius, Hq = 0-20 oersted and the calorimeter 
of thermal capacity 9-6 cal. deg.-^ C. contains 90*5 gm. of water, 
calculate a value for tho resistance of the coil. Give a diagram of the 
electrical circuit and suggest any modifications which would lead to 
a more accurate result. 
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ELECTROMAGNETIC INDUCTION 


Faraday’s Discovery of Electromagnetic Induction.— In 
1831 Fahapay discovered that induced currents were sot up in a 
closed circuit whenever a current in a neighbouring circuit was 
made or broken, i.e. when there was a change in the number of 
lines of magnetic induction threading the closed circuit. For several 
years previous to this Faraday had failed to detect the presence 
of these currents, a fact due to the low sensitivity of the galvano- 
meter he used. From his published account of this work it appears 
that his first successful attempt was carried out on the following 

lines. About 200 feet of copper 
wire were coiled round a large 
block of wood ; a second long 
length of similar wire was then 
interposed as a spiral between 
the turns of the first coil, twine 
serving as an insulator. One 
spiral was connected to a galvano- 
meter and the other to a battery. 
When the battery circuit, the 
60 -callcd primary ^ircuitf was 
closed, * there was a sudden and 
very slight effect (deflexion) at the 
galvanometer " — ^i.e. there was an 
induced current of a transient 
nature produced in the galvanometer circuit — ^the so-called 
secondary circuit There was also a similar effect, but in a con- 
trary sense when the primary current was broken. Faraday is 
very careful to emphasize the fact that the current in the 
secondary circuit is a transient one and that no current exists 
there when the current in the primary is fully established. 

The above results may be verified in the laboratory in the follow- 
ing manner. P, Fig. 49*1, is the primary coil connected to a 
battery and a key E. Q is the secondary coil connected to a 
ballistic galvanometer G. It will be found that when R is closed 

93e 



Fio. 49*1. — Faraday's Discovery of 
Electromagnetic Induction. 
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there is an induced current in the secondary circuit : also when 
the primary current is broken. Both these currents are of short 
duration but opposite in direction. It will also be noticed that 
there is no current in the secondary circuit when that in P is fiilly 
established. If, however, the current in P is increased there is a 
transient current in Q — it is in the same direction as that established 
when the primary is first closed. If the primary current is reduced, 
an induced current in the opposite direction is temporarily estab- 
lished in Q. 

Let us suppose that the current in P is such that to an observer 
at E it appears to flow in a clockwise direction. Then the lines of 
magnetic induction are as indicated. Then the current in Q, when 
that in P is being established, is such that it appears to flow in an 
anti-clockwise direction to an observer at E — ^the lines of magnetic 
induction are shown by the dotted curves. The induced current 
is such that it tends to maintain constant the number of lines of 
magnetic induction threading the primary coil — this is a general 
principle applicable to all induced currents. 

Faraday then modified his secondary circuit as follows — ^the 
galvanometer was\replaced by a small hollow helix of copper wire 
wound on a glass tube. In this he inserted an unmagnetized steel 
needle, the primary circuit being open. The primary circuit was 
then closed, and on removing the steel needle it was found to be 
magnetized. This was further evidence that a current had been 
established in the secondary circuit. He varied the experiment 
by first establishing the primary current, then placing the needle 
in the helix, and afterwards breaking the primary circuit — the 
needle was again magnetized but with the direction of the magnetic 
axis reversed. 

Faraday also showed that if the secondary circuit was closed 
after the current in the primary had been established, or varied 
in any way, no effects were obtained. 

Further experiments on electromtignetic induction were as follows. 
Several feet of copper wire were stretched on a board in the form 
of a letter W. A similar wire was then erected on a second board, 
so that when the two were brought together there would have been 
contact at all points had not a thick sheet of paper been interposed. 
One wire was connected to a battery and the other to a galvano- 
meter. On causing one circuit to approach the other a transient 
current was established in the galvanometer circuit — a transient 
current in the opposite direction was obtained when the distance 
between the two circuits was increased. 

In later experiments by Faraday a small permanent current was 
introduced Into the galvanometer circuit— the deflexion being about 
30®. Transient currents, shown by the temporary excursion of the 



038 MAGNETISM AND ELECTRICITY 

noodle from the above position, oould be established by any of the 
methods he had previously described, but in all instances the needle 
returned to its standard position when the change in the primary 
current was complete. From all these experiments Faraday had 
not the least doubt concerning the true nature of the effect he had 
discovered, but states that he was not able to detect the presence 
of these currents by his tongue, by a heating effect, or by a chemical 
effect, though the contacts with the metallic or other solution 
were made and broken alternately with those of the battery so 
that the second effect of induction should not oppose or neutralize 
the first.’ He surmised that failure in this respect was due to 
the brief duration and the feeble intensity of the induced current. 

Further Experiments on Electromagnetic Induction : Fara- 
day * On the Evolution of Electricity from Magnetism.’ — 
One part of a soft round iron ring — six inches in external 

diameter — cf. Fig. 49*2 
— ^was covered with a 
hehx, P, of copper wire, 
twine separating the 
coils in any one layer, 
and calico separating 
one layer from the next. 
A second helix, S, was 
wound on the other 
portion of the ring. P 
was connected to a 
battery, B, and S to a 
galvanometer, G. When the current in P was established the 
galvanometer was immediately affected ‘ to a degree far beyond 
what has been described when the helices without an iron core 
wore used, but although the current in the primary was continued, 
the effect was not permanent, for the needle soon came to rest in 
its natural position, as if quite indifferent to the attached electro- 
magnet.* When the primary current was broken, the needle was 
defiected in the opposite direction. 

Faraday continues by saying that if matters were arranged so 
that the direction of the primary current was reversed, the induced 
currents were contrary in direction to those obtained above, in fact 
he writes, ‘ but the deflexion on breaking the battery circuit was 
always the reverse of that produced by completing it.’ 

Similar effects were then produced by using ordinary magnets. 
Among the various experiments carried out by Faraday in this 
connexion, only the following will bo described. A copper helix 
was wound on a pasteboard cylinder, 8*5 in. long and 0*75 in. in 
diameter. This coil was connected to a galvanometer. On intro- 



Fiq. 49*2. — ^Apparatus for Producing Induced 
Currents (after Faraday). 
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ducing a cylindrical magnet into the helix— cf. Pig. 49-3— the 
galvanometer needle being stationary, the needle was deflected, 
but having been thus introduced, the needle returned to its zero 
position. When the mag- 
net was withdrawn the 
deflexion was in the oppo- 
site direction. 

In the above experiment 
the magnet must not bo 
passed entirely through the 
helix for a second action 
then occurs. When the 
magnet is introduced the 
galvanometer needle ex- 
hibits a certain deflexion, but, being in, a deflexion in a direction 
contrary to that obtained initially occurs when the magnet is 
withdrawn, or if it is pushed right through the helix. If the 
magnet is passed right through in one continuous movement, the 
needle moves one way, is stoj^ped, and finally moves the other way.^ 

The above experiment may bo repeated using the apparatus 
shown in Fig. 49*4 (a). The diagram also shows the direction of 
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Fia. 49*3. — Faraday's Apparatus for Pro- 
ducing Induced Currents by the Motion 
of a Bar Magnet near to a Closed Coil 



(a) . ih) 

Fig, 49-4. — Induced Currents Produced by the Motion of a Bar Magnet near 
to a Closed Coil. 


the lines of magnetic induction due to the magnet NS and also 
the lines of magnetic induction due to the induced current when 
NS approaches the coil. The direction of the induced current is 
such that the number of lines of induction threading the coil tends 
to remain constant. Fig. 49*4 (6) shows the direction of the induced 
ourrent and its associated lines of magnetic induction when NS is 
being drawn away from the coil. 

Experiment, — Fig. 40:6 (a) represents schematically an apparatus 
by means of which the production of induced currents is strikingly 
shown. A is a closely wound coil consisting of about twelve turns of 

^ If a magnet is passed very rapidly through a coil connected to a galvano- 
meter, no deflexion is obtained — the two eflects associated with the entrance 
and exit of the magnet are over before the magnet (or coil) of the galvanometer 
has had time to move. The two impulses received are equal and opposite, 
and the galvanometer does not respond. 
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thick copper wire. 



W 


The coil is about 1*5 cm. in diameter. Its ends 
dip into mercury cups, B and C. A 
second Similar coil, L, with its axis at 
right angles to the plane of the diagram 
and its ends dipping into the same 
mercury cups is supported by a glass 
rod, D, resting on two other rods, F 
and H. These are normal to D so 
that the suspended coil is free to 
oscillate in a plane at right angles to 
the aiagram. To increase the inertia 
of the moving system a lead weight, 
K, may be placed on top of the lower 
coil, a piece of cardboard serving to 
prevent the coils from being short- 
circuited. M is a cobalt steel magnet 
placed as shown. When the coil L is 
caused to swing there is a change in 
the number of lines of magnetic in- 
duction linked with it, so that an 
induced current is produced in the 
coils which form a closed circuit. 
Since these consist of thick copper 
wires their resistance is small and the 
current large, so that a small magnetic 
needle, N, placed near the upper coil 
oscillates with a period of swing equal to that of L. 

Magnetic Flux. — ^If B„ is the normal component of the mag- 
netic induction at every point of an area A, then B^A is the flux 
of magnetic induction [or the magnetic flux] across that area, 
and is denoted by <P. If is the permeability of the medium, 
Bn = whore is the normal component of the magnetic 
intensity. Hence, if the medium is air [strictly, a vacuum], the 
flux is since the permeability of air is unity. 

If the magnetic induction is not uniform, the flux is given by 
JB„. dfS, where the integral extends over the area in question. The 
unit of magnetic flux is the maxwell. 

Magnetic Flux across a Closed Boundary due to an Isolated 
Pole. — ^Let a magnetic pole of strength m bo situated at 0, Fig. 
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Fig. 49*6. — Experiment on 
Induced CurrentB. 
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49'6 (a) and suppose that F is the closed boundary of a surface 
across which the flux is to be evaluated. Consider any small 
element 3S of the surface — enlarged in Kg. 49*6 (b) — r being the 
distance of any point in this element from 0. Let AM be the 
projection of AC on a plane through A normal to OP. Let the 
normal to the element make an angle a with the direction of the 
magnetic induction B. Then 

iitt = IS cos a = -^.cos a. 

Bn.()8 = cos a. 38 = m.doy, [V AM = AC. cos a] 

where dco is the solid angle 3S subtends at O. 

/. Jb^.^S = = mcOy 

where co is the solid angle which the boundary F subtends at O. 
If the surface surrounds the magnetic pole, m, completely, co = 47c, 
so that 0 = 4jim, 

Magnetic Flux, and Linkages. — ^Thc flux through a boundary 

has already been defined as Jb^.cIS. Wlien the circuit consists 

of N turns, very close together, the flux through each is the same, 

but the effective flux is NjB„.rfS. This is denoted by N(?, or 

and is called the number of linkages associated with the circuit ; 
it Ls expressed in maxwell-turns, 

Lenz*s Law.-^The facts stated previously with regard to the 
production of induced currents were summarized by Lbkz in a 
law bearing bis name. As modified by Maxwell, it may be stated 
as follows : The e.m.f. induced in a circuit, when a magnet 
moves in its neighbourhood or the current in an adjacent 
circuit varies, tends to produce a current, the magnetic fleld 
due to which opposes any change in the value of the magnetic 
flux linked with that circuit, 

Lenz’s law may also be expressed as follows : When the mag- 
netic flux linked with a closed circuit is changing, there is 
set up in the circuit a current which tends to keep constant 
the magnetic flux linked with it, 

Fleming’s Right-hand Rule. — ^When a conductor moves in a 
magnetic field the directions of the motion, the field, and the 
induced e.m.f. are given by the following statement due to 
Flemjng :—If the thumb and first two fingers of the right 
hand are spread out so that they point in three directions at 
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right angles to one another, the First finger giving the direction 
of the magnetic Field, the thumb indicating the direction of 
the Motion of the conductor, then the second finger indicates 
the direction of the induced e.mf. — of. Fig. 49*7 (a). 
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due to Induced Current 
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Fig. 49-7. 
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[Striotly speaking, this rule is only applicable when the magnotio 
field is normal to the plane in which the displacement occurs. 
When it is not, the first finger must point in the direction of the 
component of the field normal to the plane in which the conductor 
moves.] 

Fleming's Right-hand Rule deduced from Lenz's Law.--* 
Lot PQRS, Fig. 49-7 (6), bo a system of long wires, connected as 
indicated, and lying in a plane normal to the lines of magnetic 
induction in the medium. Let XY be a conductor bridging the 
arms of the above system. Suppose XY moves to the right. 
Then there is a tendency for the flux of magnetic induction through 
the closed circuit XQRY to increase. The induced current, by 
Lenz’s law, will bo such that the magnetic flux due to it tends to 
prevent the above increase, i.e. the lines of induction [magnetic 
intensity if the system is in a vacuum] will be downwards [dotted 
in the diagram]. The current in XY must therefore flow from 
X to Y — cf. Pig. 49-7 (c). This direction coincides with that 
expressed by Fleming’s right-hand rule. 


Faraday’s Law of Electromagnetic Inductions.— Faraday, 
by 1831, had established experimentally the conditions under which 
electromagnetic induction occurs. In 1845 Neumann expressed 
the results of Faraday’s work by means of a formula giving the 
magnitude of the induced e.m.f. In words, it states that the e.m.f. 
in a circuit is equal to the rate at which the number of linkages, N0, 
associated with that circuit is diminishing. Faraday’s law, as 
given by Neumann, is 


e 



dW 

dt' 


where e is the induced e.m.f. 
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Deduction of Faraday's Law from the Principle of the 
Conservation of Energy. — ^Helmholtz, and a little later Kelvin, 
showed that Faraday's law was a direct consequence of the principle 
of the conservation of energy. Their work appeared about 1850. 
Ijet us suppose that a single magnetic pole, of strength m, lies at a 
point O on the north side of a closed circuit of one turn in which 
there is a current i (e.m.u) — cf. Fig. 49*8 {a). If co is the solid aiigle 
subtended at 0 by the periphery of the circuit, then the magnetic 
potential at 0 is ico [cf. p. 813 et seq.]. This, of course, means that 
io) is the work done in bringing a unit pole from infinity to O. 
Consequently the work done in bringing up a polo m from infinity 
to 0 to mwo, and this is the potential energy of the system. Now 
the flux, 0, through the circuit is nuo [cf. p. 941]. 

Suppose that the pole m is moved in time dt to a point such that 
0 ) becomes m -j- The work done on the pole is the increase in 


z 



the potential energy of the system, viz. mi.dco ; the rate at which 

work is done is therefore mi,^. As the pole moves, let the current 

in the circuit be maintained constant by increasing the e.m.f. of 
the generator from E to (E + s). The additional rate of supply of 
energy from tlie generator is si. By the principle of the conserva- 
tion of energy wo have, therefore. 


or 


. dco 

mi.-rr ^ s% 

at 


(ki) 


d0 


where 0 = mm, the magnetic flux. The electromotive force of 
induction, e, which is equal and opposite to E, is therefore equal 

to jT. Further, if there are N turns in the circuit, the above 

at 

e.m.f. will be induced in each of the N turns, so that 


Induced e.m.f. = e = 


dt^ dt* 


where V = N0, the effective flux or number of linkages associated 
with the circuit. 
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It will be observed that tiie induced e.m.f. is independent of t, 
and therefore has the same value when i = 0, i.e. when the initial 
current is zero. 

The above analysis applies when the circuit is fixed and the 
magnetic field is changing. Now let us consider the instance of a 
coQstant field and a moving circuit. To make the analysis as 
simple as possible we shall assume that the circuit is a plane one 
and that the magnetic field is normal to this plane at all points. 
Moreover, the field will be in air, so that B = H, the magnetic 
intensity. Let XY, Fig. 49*8 (6), be a light conductor of length I 
bridging the arms of a circuit in which there is a cell of e.m.f. 
(e.m.u). The mechanical force, F, on the wire is KH acting in the 
Erection shown. Suppose that this force causes the wire to move 
to XiYi, a distance dx in time dL The work done by the ceU in’ 
effecting this displacement is 

F.^j; — im.dx. 


Now in time dt, the energy supplied by the cell is and 

if r is the resistance (e.m.u) of the circuit the heat generated therein 
is ih.dt (in work units). By the principle of the conservation of 
energy 

e^i.dt = ihr.dt + 


H - 


SO that 


% = 


dt Co VRv 


r r 

where v is the velocity with which XY is moving. [If the circuit 
lies in a medium of permeability /«, H must be replaced by B, the 
magnetic induction.] , 

In other words, in addition to the electromotive force of the cell 
there is an additional e.m.f. equal to — ZHv, which is minus the 
rate at which the flux through the circuit is increasing. In this 
instance flux = number of linkagas, so that again we may write 


If the moving conductor is not part of a circuit with finite resist- 
ance and it moves across a magnetic field as above, there will be 
a potential difference — ZHv between its ends. To establish this, 
let r be the resistance of the moving conductor and suppose its 
ends are joined to a high resistance r^. The current in the circuit 

will be — ^(N<P) -r (»■ + ^i). so that the potential difference across 

fi is 

This establishes the proposition. 
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Note on Units. — The expression e = — ^(N<P) = — IHt; gives 

the induced e.tn.f. in e.in.u. To obtain the value in volts, the 
expression must be multiplied by 10“® [cf. p. 841]. 

An inspection of the diagrams shows that the direction of the 
induced e.m.f. is correctly expressed by Fleming’s right-hand rule. 

The Quantity of Electricity that flows round a Circuit 
when the Effective Magnetic Flux linked with a Circuit 
changes. — It has just been shown that if the effective magnetic 

dW 

flux linked with a circuit is changing at a rate there Ls an 


induced e.m.f. in the ciicuit equal to 


df 
dt ‘ 


If r is the resistajice 


of the circuit [in e.in.u. of resistance], the induced current will 
bo given by 

^ r ~ T dt* 

The quantity of electricity set in motion in time dt is i.dt ^ bq, 
say. Hence 

. 1 dW 6W 

^ r dt r 

^ __ ) 
r 

When is the total change in the effective flux of magnetic induc- 
tion linked with a circuit and this change occui-s m a time t, we 
may imagine this interval divided up into a large number of small 
intervals. If is the change in }P in the i-th interval the 

corresponding quantity of electricity which passes is q^ =- ■ 

Hence g, the total charge of electricity which passes in the time t 
is expressed by 


r r ’ 


Alternatively, the total quantity of electricity set in motion when 
the number of linkages changes from }Fi to W 2 is given by 

rw. ~ _ y 

r r 


r W ^ 
Ji^' " 


[if y = yi-ya] 


[These expression^ are only valid if e.m.u. arc used. If r is in 
ohms, it must be remembered that 1 ohm ^ 10® e.m.u. of 
resistance.] 
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The above expressions for q show that the total quantity of 
electricity induced is independent of the rate at which the linkages 
change, but inversely proportional to the resistance of the circuit. 
Moreover, if this quantity is to be measured with the aid of a 
ballistio galvanometer the change must bo completed before the 
suspended magnet (or coil) of the galvanometer has moved from 
its zero position. 

The Production of a Continuous Current (d.c.) by means 
of Electromagnetic Induction, — Faraday placed a copper plate 
or disc A, Fig. 49-9 (a), capable of rotation about a horizontal axis, 
so that a portion lay between the poles of a strong magnet. The 
rim of the disc and its axle were well amalgamated so that there 
was good metallic contact between these parts and copper wires 



Fio. 49 0. 

(a) Froduotlon of d.c. by means of a Rotating Dlso. 

(5) Dlao Rotating at Right Anglos to a Magnetio Field. 

leading from them to an astatic galvanometer. When the disc was 
stationary * the galvanometer exhibited no effect. But the instant 
the plate moved, the galvanometer was influenced, and by revolving 
the plate A quickly the needle could be deflected 90® or more. Here, 
therefore, was demonstrated the production of a permanent current 
of electricity by ordinary magnets.’ When the direction of the 
disc’s rotation was reversed the current was also reversed. This 
was a very important experiment for Faraday had really made the 
first dynamo. 

In 1832 Faraday modified the above experiment by dispensing 
with the magnet, NS, and using the earth’s magnetic field. The 
disc was rotated in a plane perpendicular to the direction of the 
total magnetio intensity and Faraday detected the induced current. 

To follow the production of this current more closely, let A, 
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Fig. 49*9 (6), be a ciroular metal rim of negligible resistance. Sup- 
pose that a ‘ spoke,* B, of length r , revolves with uniform angular 
velocity, co, about an axis normal to the plane of the rim and passing 
through its centre. Let the free end of the spoke be in contact 
with the rim. Suppose that there is a uniform magnetic field, H, 
normal to the plane of the rim. Let Cj and C* be two brush contacts 
connected to a galvanometer Q. If the spoke rotates with uniform 
angular velocity o), the increase in linkages through the closed 
circuit comprising the spoke, a portion of the rim, the galvanometer, 
and the leads to it, is, in time t, 


. t) = ^(say). 

[H is numerically equal to the magnetic induction, B, if the disc 
is in air.] 


dV 

,-r = iHrW 


If the disc makes N revolutions per second, a> = 27cN, and 

^ == NH(;ir*) = NHA, 

where A is the area of the disc. The magnitude of the induced 
o.m.f. is therefore expressed by 

I 6 1 s NHA o.m.u. of potential difference, 
or I E I = NHA x 10“® volt. 

In practice there is no difference between the above and a solid 
disc revolving with its plane normal to the magnetic field H. 

dW 

A Quantitative Study of Faraday’s Law e = — — A 

long solenoid, carrying a steady current, is placed normal to the 
magnetic meridian. At its centre there is a copper disc C, Fig. 
49’ 10, rotating about a horizontal axis OiOg. The plane of C lies 



000c g gs ssi sg^^ 

Fig. 49 - 10 . 


in the meridian and its area is A. Copper brushes touch the 
periphery and axle of C and are connected to a known resistor R 
and microammeter G. 

If H is the magnetic field due to the current in the solenoid, A 

I.P. L L 
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the area of the disc, n the number of revolutions per second, it has 
been shown above that 

|E| = wHA X 10“* volt. 

. ^ wHA X 10-» 9iHA X 10-2 

•• 1 = R = R M. 

where R denotes the total resistance of the circuit. If for different 
values of n, H, and R, this agrees with the current indicated by 6, 
dW 

the expression |E| = X 10“® vclt., will have been verified. 

Some Calculations Based on Lena's Law. — (i) A copper disc 
20 cm. in diameter rotates about an axis in a plane normal to Hq* the 
horizontal component of the earth’s magnetic field. If the disc makes 
6 revolutions per second, calculate the p.d. between the axle and the 
periphery of the disc. 

From the above theory 

1 E 1 = 6 X 0-18 X X 10* X 10“* volt 
« 2*8 X 10"« volt. 


(ii) A vertical copper rod 60 cm. long moves in a piano normal to 
H and from east to west with a velocity of 100 Km.hr. What is the 
p.d. between the ends of the rod t 

An application of the right-hand rule shows that the potential is 
greatest at the upper end of the rod. 

Now in 1 sec. the conductor sweeps out an area 


60 X 10» 
3600 


cm*. 


Since Hq » 0*18 oersted (this is numerically equal to the magnetic 
induction if we suppose the motion is in air), 


e.m.f. 


60 X 10* 
3600 


X 018 X lO-* = 2-6 X 10-« volt. 


Eddy Currents. — Currents are not only induced in closed wire 
circuits when the number of lines of magnetic induction threading 
them varies but also in any conducting material placed in a varying 
magnetic field. These are termed eddy currents. These currents 
are frequently the source of much trouble in metal apparatus placed 
in a varying magnetic field. They may oause the metal to become 
very hot. This may be avoided to a great extent by building up the 
apparatus from flat metal strips insulated from one another so that 
the currents are reduced in magnitude. 

In recent years advantage has been taken of these eddy currents 
to melt metals. The specimen is placed in a magnetic field which may 
pass through from 2000 to 10^ cycles per second. The field of lower 
frequency is produced mechanically while the latter is obtained 
with the aid of a thermionic valve. Not only does the melting take 
place rapidly, but alloys hitherto unobtainable may be prepared by 
placing the constituent metals in a high vacuum. Under such 
conditions the metals do not oxidize and an alloy may be formed. 
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Experiment (i ), — Place an aluminium ring over a solenoid through 
winch an alternating current is parsing. If the ring is free to move 
it is thrown violently off — if it is fixed it becomes considerably heated. 

Experiment (H ). — Suspend a copper 
disc between the poles of an electro- 
magnet. When the magnet is excited 
the disc may only be moved with diffi- 
culty and one experiences the sensation 
of forcing the disc through a very viscous 
medium. If the disc moves downwards 
as indicated in Fig. 40*11, the currents 
produced have the directions indicated, 
llie magnetic fields associated with those 
are such that they oppose the cause 
producing them, i.e. they are such that 
the electromagnet tends to check the 
motion of the disc. 

Experiment f/ii>.~Ailow a magnetized 
needle to oscillate in turn over a glass sheet and then over a sheet of 
copper. ITie oscillations die away more rapidly in the second instance 
owing to the eddy currents induced in the metal. 

Arago’s Disc. — ^The last experiment is due to Araqo who is also 
responsible for tjio following : — copper disc, Fig. 49*12 (a) 
situated below a magnetized needle NS, was made to rotate rapidly 
about a vortical axis through its centre. The disc was placed in 
a box so that the needle was screened from air currents caused by 
the motion of the disc. The needle was mounted on a pivot fixed 
to the glass lid of the box. On rotating the copper disc the magnet 
was deflected from its zero position and tended to move in the 



Fio. 40*11. — Eddy CurrentB 
produced in a Motel Diao 
moving in a Magnetic 
Field. 



Fio. 40*12. — Arago’s Disc. 


direction of rotation of the disc : if the speed of the latter were 
increased sufiiciently the needle rotated continuously. The motion 
of the needle was caused by the eddy currents produced in the 
disc. These are shown in Fig. 49*12 (6). Now the magnet NS 
was acted upon by a couple due to its presence in the horizontal 
magnetic field of the earth and by a couple due to the magnetic 
field caused by the induced currents in the copper plate. For 
continuous rotation of the needle this latter couple must be greater 
than the former, i.e. the plate must be given a high angular velocity. 
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If the angular velocity were below a certain critical value, the needle 
was only deflected from its standard position and did not rotate 
continuously. 

Arago flrst carried out this experiment in 1825, i.e. before Faraday 
had discovered how to induce currents in a circuit. Faraday gave 
the correct explanation. 

As a modifloation of this experiment, the copper disc may be spun 
about an axis normal to its plane and passing through its centre, 
between the poles of the electromagnet : when the magnet is not 
excited the disc spins easily, but it can only be made to revolve with 
difficulty when the fleld is present. This is because the eddy currents 
in the disc tend to stop its motion and if the disc is made to rotate 
its temperature increases considerably. 

Method Adopted to Diminish Eddy Currents. — ^Fig. 49*13 (a) 
shows an apparatus devised by Waltbnhofkn. It is essentially 
a pendulum and a strong electromagnet. The former consists of a 
copper plate supported so that it may move in a plane between 
the polos of the magnet. When this is not excited the pendulum 
swings fipeely after being displaced. If, however, a fleld of about 
2000 oersted is established between the poles the motion of the plate 
is very highly damped — ^in fact it may be dead-beat. Suppose now 
that a similar plate of copper is cut up into thin strips and that 
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these, mounted in a wooden frame [cf. Fig. 49*12 (&)],are supported 
as before. The motion of the pendulum is less damped, i.e. the 
formation of large eddy currents has been prevented. 

Similarly, if an iron rod forms the core of a solenoid carrying 
alternating current, the iron is rapidly heated ; when the core con- 
sists of sheets of iron, insulated from one another by paper, the 
heating effect is diminished. [The solenoid should bo made from 
thick copper wire to diminish the Joule effect in it, and the frequency 
of the current high to mcrease the magnitude of the eddy currents.] 
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The Earth Inductor. — When a closed coil is rotated in a magnetic 
field there is a continuous change in the number of magnetic linos of 
induction linked with it, so that a current flows in it. This current 
only lasts whilst the coil is moving and varies from one instant to the 
next. 

Theory , — Let A be the eflectivo area of the rotating coil, i.e. the 
area of each turn times the number of coils if they are all equal, or 
the sum of the areas of all the turns if they are unequal, and let this 
coil make an angle 0 with a direction at right angles to that of a uniform 
field H — cf . Fig. 49*14 (a) . Then the number of linkages through the coil 
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is BA. cos 0 ~ T. The instantaneous value of the o.m.f. is therefore 
d d 

— — — ^^(HAoosO) = — HA^(cos0). If r is the resistance in 

o.m.u. of the circuit [the coil and detecting galvanometer, etc.], the 
instantaneous current is 

1 d 


The quantity of electricity flowing in time dt is 


% . dt 


IIA 


d{co8 0), 


To determine the quantity of electricity, q, passing as the coil is 
rotated through half a complete turn from a position at right angles 
to H we must integrato the above expression from 0 = 0 to 0 «= ;r, i.e. 


3 = 



d(ooa 0) = 


2AH 

r 


If a is the throw of the ballistic galvanometer when the coil is rotated 
as above, 


2AH 

r 


= #c(T, or H 


Kor 

2A 


where k is the reduction factor for the galvanometer. 

To determine the direction of the induced current when the 
rotating coil is in the position shown in Fig. 49-14 (6), Lenz*s law 
may be applied. Now the magnetic flux through the coil at this 
instant is decreasing, so that, by the above law, the induced current 
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must be sueh that it tends to inorease the flux. The current will 
therefore be as shown. 

When the coil is as in Fig. 49-14 (c), the flux through it will be 
increasing; the induced current iAn tend to diminish this flux 
and therefore be as shown. [These directions may also be deter- 
mined by Fleming’s right-hand rule.] 

Measurement of the Earth's Magnetic Field.— The earth 
inductor provides us with a ready means of measuring the dip 
at a point on the earth’s surface. The coil is connected to a baUistio 
galvanometer [and a series'resistance if necessary to limit the throw] 
and placed with its plane at right angles to the earth’s horizontal 
flcld. The coil is rapidly rotated through half a complete turn and 
the throw Ox observed. The coil is then placed so that it is hori- 
zontal and the throw Oi noted. If <f> is the angle of dip, we have 


ta,n<f> = ^== oT- 


Cfl 


The determination of the actual values of and is a little 
more difficult since another equation containing k and B must be 
obtained. A long solenoid, P, Fig. 49-15, is connected through a 
reversing key, K, to a battery, 0, an ammeter, A, and an adjustable 
resistance. Over the centre of P there is wound 



a coil, S, of many turns of fine wire which is con- 
nected to the earth inductor El and baUistio 
galvanometer, G. The galvanometer kick when 
the inductor is rotated in the usual manner is 
first obtained, and we have, if Ho is being 
measured, 



Ho- 


KOiT 

2A 


( 1 ) 


The current in the primary is then established 
and adjusted until when it is reversed there is a 
galvanometer throw approximately equal to ctx. 
Let it bo ( 7 a. This throw is due to the fact that 
there is linked with each tmn of the secondary 
4jtnia lines of magnetic induction, where a is the 
__ area of one turn — generaUy taken to be equal to 
* Measurement primary on which it is wound — and 

of Ho and H, 47tni is the field due to the current i in the 
^^^^^Earth which has n turns per unit length. When 

Inductor." current is reversed STtnia is the change in the 


magnetic linkage with each turn of the secondary. 
If there are N turns in the secondary, the quantity of electricity 

passing through the galvanometer is ... (2) 
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4:7tnNia oi _ 27inNIa Oi 

‘ 
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Ho-* 


A ' Oo 6A ’ Oa 
where the current, I, is measured in amperes. 

Similarly may be found. 

Previously we have measured magnetic fields with the aid of 
magnets oscillating in them. The method just described possesses 
several advantages : — (a) Fields of all magnitudes may be measured, 
for if they are weak the galvanometer throw may be increased by 
using coils with a large effective area, whilst if they are strong this area 
must be reduced ; (6) with osciUating or deflecting magnets only 
the horizontal component of a field may be measured but the electro- 
magnetic method enables the field in any direction to be measured. 

Alternating Currents of Sine Wave-Form. — It has been 
shown that the cuiTcnt in an earth inductor at any instant is given 

by i =r - - ^ (cos 0), i.e. sin cot, where o) is the angular 

velocity of the coil and t the time measured from that instant 
when the coil pasaca through a position at right angles to the field. 
The current will therefore be zero when cot = 0, and reach its 


maximum value 


HAru 


when cot is n/2, i.e. when the coil is parallel 


(O 


to the field. The frequency of the current ~ expres- 

sion for the curKuit, whicli is termed an alternating-current 
may therefore be written i = '5:^'^. sin 2nft, The quantity 2nf is 

denoted by co, [To measure the frequency of an a.c. supply, 
cf. p. 622.] 

The above expression for the instantaneous value of the current 
may be written t = 1 sin cot^ where X is the maximum value of the 
current, and m --= 27r/. If the time is measured from the instant 
when the coil makes an angle ^ with the lines of induction, the ‘ t ’ 
in the above formula must be increased by the time required for 

the coil to rotate through an angle viz. 


CO 


Then 


= 1 


sinco^^ f == t sin (cot 0). 


The angle 0 is termed the initial phase of the current. Alternating 
currents may also be represented by i = 1 cos (cot — ^ is then 

initial phase. 

Measurement of Alternating Currents. — Moving-coil am- 
meters cannot be used to measure an alternating current since the 
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moment of ineitia of the coil about its axis of suspension is too 
largo for the coil to follow the vajiations in current. Use must 
therefore be made of some effect which is independent of the 
direction of the current. The heating effect, being proportional 
to the square of the current, fulfils this condition and may therefore 
be used to measure alternating currents. The instrument must 
be calibrated , by using direct currents of known value. 

Lot < = I cos(eu^ — <l>) be the instantaneous value of the current 
flowing through a resistance R. Then in time, dt, the heat, dH, 
produced is given by 

J.dH = R.i2.d^. 

In a cycle of period T, wliere (oT = 2n, the heat generated will be 
J.H= COS {(ot — 

„ E|I,.£P 

Tlius the heating effect is the same os if a direct current of value 

1 

passed through R. Tliis is called the root-mean^square 

(r,m.s.) current equivalent to the alternating current of maximum 
amplitude I. The r.m.s. current is denoted by I and is given by 



The principle of a hot-wire ammeter has already been described 

[cf. p. 918], In general 



the whole of the current 
to bo measured is not 
passed through the hot- 
wire : a shunt is used. By 
removing the shunt and 
placing a high resistance 
in series with the wire, the 
instrument becomes a volt- 
meter, suitable for use on 
a.c. circuits. 

Very small alternating 
currents cannot be meas- 
ured with an instrument 


Hidh Resistance 
Gahanometep 

Fio. 4916. 


of the type just indicated. 
A so-called vacuum-junc- 
tion must bo used — ^it is of 


special value when the frequency of the a.c. is high. It consists 
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of a thermocouple DCE, Fig. 49*16, with one junction C in close 
proximity to a fine wire AB carrying the current to he measured : 
it is insulated electrically from it. The junction and the hot wire 
are enclosed in a highly exhausted glass bulb, R, which prevents 
loss of heat by conduction and convection and so increases the 
sensitivity of the arrangement. The thermocouple is in series 
with a sensitive galvanometer, 6, whose deflexion is observed. 
This deflexion is interpreted in terms of the initial value of the 
current by standardizing the instrument with small direct currents 
of known magnitude. 

A Simple Test for Alternating Current. — If it is necessary to 
discover the nature of the current in the mains a very simple test is 
as follows : — a carbon filament lamp is connected to the nnA.in<^ and 
held between the poles of a horse»shoe magnet. If the current is 
alternating the filament oscillates very rapidly [if the magnet — i.e. 
field — ^is strong the filament may be fractured]. No such oscillatory 
movement is observed if direct current is used to light the lamp. 

Faraday's Dynamo. — ^The simplest dynamo, a machine for the 
conversion of mechanical energy into electrical energy, for the pro- 
duction of direct current was first described by Faraday — ^it con- 
sisted of a copper wheel rotating in a uniform magnetic field normal 
to its plane and parallel to the axis of rotation. The apparatus 
and method have already been mentioned [cf. p. 946], but it suffers 
from the disadvantage that only small potential differences can be 
obtained at speeds which are practically possible. 

The Principle of an Alternator.— A coil, PQRS, Fig. 49*17 (a), 
normal to a uniform magnetic field- rotates about its horizontal 
axis with constant angular velocity. The ends of the coil are 
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joined to two metal rings each touching a carbon * brush/ i.e. a 
carbon plate against which the ring slides. It has already been 
shown that the instantaneous value of the c.m.f. in this circuit is 
given by 

► — cos 0 = HAm sin 0, since co = 

The e.m.f. therefore alternates between extreme values + HAm 
and — HAo), and becomes zero twice in each complete revolution 
of the coil. Such an e.m.f. is termed an alternating one — ^it is 
represented by the sine curve shown in Fig. 49'17 (6). The direction 
of the current at any instant is determined by applying Lenz’s law 
[cf. p. 041], or the right-hand rule. When PQRS is parallel 
to the field, the induced current fiows firom P to Q in PQ — cf. 
Fig. 40-14 (c) ) but when PQ occupies the position now occupied 
by SR, the current in it will be from Q to P, i.e. the current is an 
alternating one. 

Tx and T, are terminals by means of which the potentials at 
the brushes may be appUed to an external circuit in which an 
alternating current then fiows. 

Rectification of an a.c.; The Generation of a d.c. from 
an a.c. — ^In order to produce a direct current from the alternating 
current obtained with the above apparatus a split commutator is 



^ [p^ppta^qf^ I' \' _ V_ V \ ^ 

^ofco// ^ ^ 

Flo. 49*18. — d.o. produced by Rectifying a.c. 

used. This is shown in Fig.49*18 (a), and the apparatus is then 
known as a dynamo for the production of direct current. The 
carbon brushes Bj and Bg are alternately in contact with the 
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sections C and D of the split commutpitor as the latter revolves. 
The brushes are so placed that at the instant when the e.m.f. is 
changing its sign D leaves and makes contact with B 2 . The 
current in the external circuit therefore flows in the same direction 
always, but it becomes zero twice in each revolution of the armature. 
Such a current is said to pulsate or to have a ‘ ripple ’ — ^it is repre- 
sented graphically in Fig. 49*18 (6). These ripples may be smoothed 
by using a number of coils and a commutator with twice that 
number of segments. Fig. 49*18 (c) sliows how two such coils may 
be arranged. It will be seen that the brushes are only in contact 
with two opposite segments in turn while the e.m.f. is in the neigh- 
bourhood of its maximum value, i.e. only the upper portions of 
the c.m.f. curves are effective. Fig. 49*18 (d) shows how the 
voltage across the terminals varies with the time. 

Further Remarks about Dynamos .—Figs. 49*19 (a) and (6) 
show arrangements for the production of a.c. and d.c. respectively 
by rotating a coil in a magnetic field. The e.m.fs. will be greater 
than those obtainable with the simple d 3 aiamos hitherto considered, 
since the fields in which the coils rotate are increased by the use of 
permanent magiiets as shown. But the field is no longer uniform, 
so that a steady rotation of the coil no longer produces an alternating 
current having a sine wave-form. 

In actual machines the field in which the armature rotates 
is provided by a large electromagnet, excited by the current from 




Fig. 49 * 19 . — Production of a.c. [non sine wave-form] and d.c. 

the dynamo itself. When a dynamo is started up there is usually 
sufiSlcient magnetism remaining in the magnet for a small current 
to be produced. If this current or a portion of it is allowed to 
flow through the coils of the electromagnet, the magnetic field 
increases. When the whole of the current generated flows through 
the coils of the electromagnet the machine is said to be series 
ivound. When only a portion of the current is used to excite 
the electromagnet the machine is termed a shunUwound 
dynamo — of. Fig. 49*20. The current from a series-wound 
djmamo varies considerably with the type of external circuit to 
which it is connected. If the resistance in this circuit is increased, 
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the magnetic field is reduced since the exciting current is reduced. 
With a shunt-wound dynamo, however, an increase in the resistance 
of the external circuit causes a larger fraction of the current to 
pass round the magnet’s coils ; this in^ 
creases the field so that the current 
from such a machine tends to remain 
constant. 

The output from either type of machine 
is limited by the power available for driv- 
ing it, for we must remember that as the 
current increases an augmented effort is 
necessary to turn the armature. This is 
due to the fact that the induced cur- 
rents are in such a direction that they 
tend to stop the motion. 

The potential difference between the 
brushes of a shunt-wound dynamo when 
the load is continually changing — as in a 
lighting circuit-— changes slightly but nevertheless sufficiently to 
render this machine unsuitable for purpose of lighting. The defect is 
remedied by using a compound-wound dynamo, i.e. a shunt-wound 
machine in which a few series windings have been introduced. 

The Gramme Armature. — ^The arrangements hitherto described 
for the conversion of mechanical energy into electrical energy have 
been chosen on account of their simplicity. The currents produced 
are very weak : they could be increased by augmenting the angular 
velocity of the armature but in practice this is impossible, partly 
on account of excessive wear in the running parts. In order to 
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(O.) (b) 


Fig. 40*21. — A Gramme Armature. 


increase the output it is necessary to use iron to increase the varia- 
tion of magnetic flux through the rotating coil. Only the essential 
features of one such arrangement, due to Gramme, will be mentioned. 
A circular iron ring is placed between the semi-cylindrical pole 
pieces of an electromagnet N and S, Fig. 49*21 (a). The lines of 
magnetic induction tend to pass through the iron ring as shown. 
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Suppose that a closed coil, P, is fixed to the ring and that the ring 
rotates about an axis through 0, tho oentre of the ring, perpendicular 
to the plane of the diagram. Then the magnetic fiux through the 
coil is zero when it is in the positions (ii) or (iv), and a Tnaximum 
when it is at (i) or (hi). It follows, therefore, that as the armature 
rotates an alternating e.m.f. will be produced in the coil. It will 
only be approximately simple harmonic in character. 

If the coil is furnished with leads to a split commutator direct 
current may be obtained — it will, of course, pulsate. 

To obtain a direct current suitable for ordinary use the armature 
is wound as in Fig. 49-21 (6). The ring is wound uniformly with 
copper wire and at regular intervals contacts are taken to separate 
segments of the commutator. Tho whole system comprising the 
ring, windings, tappings, and the commutator rotates with the axle 
to which the system is attached. Tho brushes are carbon plates 
fixed in space so that the difierent segments slide past each brush 
in turn once in each revolution. Leads attached to the brushes 
allow direct current to be taken from the generator to an external 
circuit. Let us see why the o.m.f. no longer pulsates. 

If we consider any one of the segments of the commutator as it 
rotates, its potential will vary — fact, twice in each revolution 
it wi^ be zero and twice attain a maximum value (but with a 
different sign). The fixed brushes are arranged so that contact is 
made with each pair of opposite segments in turn when the potential 
difference between them is in the neighbourhood of its maximum 
value. If there is a large number of segments the potential differ- 
ence between the brushes remains practically constant. 

D.C. Motors. — It has already been shown [cf. p. 827] that a 
conductor canying a current moves when placed in a magnetic 
field if the conductor is free. This is the basio principle of all 
electric motors. Any of the direct current dynamos just described 
will run as motors if connected to a suitable supply of direct current. 

Back e.m.f. in Motors. — Suppose that B is the resistance of 
the armature windings and the coils of the field magnets. Let a 
battery of o.m.f. V be connected to the terminals of the machine. 

V 

If the armature is at rest the current through it is given by I = g. 

Since B is small this current is large. But if the armature is allowed 
to rotate an induced e.m.f. will be set up in its windings. It will 
oppose the e.m.f. of the battery. This back e.m.f. (or counter 
e.m.f.) will increase as the armature rotates more quickly. Sup- 
pose that it is V at any instant. Then the current in the circuit 
at that instant is given by 
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If the machine is frictionlesa and no external work is performed, 
the angular velocity of the armature will inorease until V = v, i.e. 
no ourrent is then being supplied by the battery. The armature 
would then revolve with constant velocity. 

Suppose, however, the machine does work. If I is the current 
supplied by the battery, energy is theif being dissipated at a rate 
VI watts, if the current and voltage are expressed in practical 

V — e 

units. Now I is equal to — g—. The rate at which heat is 


developed in the armature windings is therefore 
PR = 


R 


w^att. 


Hence the rate at which external work is done is 




watt. 


V(V 


R 


• e) (V - v)^ 
R 


R 


. e == W watt. (say). 


This expression shows that the external work done is zero if 
V = V, or if v = 0. The first condition has already been discussed : 
the second applies when the armature is at rest. 

To find the condition that the power developed should be a 


dW 


maximum we obtain and equate it to zero, V and R being 


constant. We have 


i.e. the back e.m.f. is half the applied e.m.f. 

It does not follow, however, that this is the most economical 
condition for running the motor, for y ^ 

. V 

Energ y converted into useful work per second 

Energy sup^ied per second yf 


’(t) 


j; 

"r 


If V = JV, the above ratio is 0*8. The speed at which a motor is 
run is generally such that v = 0*9V, when the above ratio is 0*9. 

Mutual Inductance. — It has been shown that whenever an 
electric current changes in a circuit (primary) there Is established 
an induced electromotive force in any neighbouring closed circuit. 
The two circuits are said to possess mutual inductance* Let 
us exanijne this phenomenon more closely. It is well known that 
when a current flows in the primary circuit that there is present 
a magnetic field in the region round the circuit. Consequently 
there will be a definite number of lines of magnetic induction 
linked with any closed circuit situated in the magnetic field due to 
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the current in the primary. Now as long as .the primary current 
remains constant and the positions of the circuits relative to one 
another do not change, the number of lines of magnetic induction 
linked with the secondary circuit is constant, and there is no induced 
electromotive force in that circuit. But if either the current in 
the primary, or the distance apart of the two circuits, varies, then 
there is at once produced an electromotive force in the secondary, 
and this continues to exist for as long as the number of lines of 
magnetic induction linked with the circuit is varying. Now the 
number of lines of induction linked with the secondary circuit 
depends on the strength of the current in the primary and on the 
relative positions of the two circuits, i.e. it depends on the current 
in the primary and on the geometry of the circuits. 

If i is the current in the primary" circuit, the number of linkages 
in the secondary is mi, where m depends only on the geometry of 
the system if no ferromagnetic material is present. When i varies, 
we have 

Electromotive force in the secondary = 

The quantity ^ is termed the mutual inductance or the co- 
efficient of mutual induction of the two circuits. It can be 
proved that for two given circuits m is constant ; i.e. it does not 
matter which is the primary circuit and which is the secondary. 
The numerical value of the mutual inductance of a pair of coils 
is equal to the number of lines of magnetic induction linked with 
one of these coils when one e.m.u. of current flows in the other. 

From the equation given above it is seen that the mutual in- 
ductance of a pair of circuits may be defined as 

the electromo tive force in the secondary 
the rate of change of the current in the primary* 

When the e.m.f . and the current are measured in absolute units 
of electromotive force and current respectively, the mutual induct- 
ance is measured in absolute units of inductance. The practical 
unit of inductance is the henry, and a pair of circuits has a mutual 
inductance of one henry when, if the current through one circuit 
is changing at the ra^e of one ampere per second, an electromotive 
force of one volt is induced in the other circuit. The value of a 
mutual inductance in practical units will be denoted by M. 

Since 1 volt is 10® e.m.u. of potential difference, and 1 ampere 
is 10“^ e.m.u. of current, 

. _ , 1 volt 

1 henry = z iri 

1 ampere . sec.“* 

10® e.m.u. of potential difference 
10“^ e.m.u. of current . sec.^^ 

== 10® e.m.u. of inductance. 
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When Faraday oonstruoted the apparatus shown in Fig. 49*1, he 
had really constructed the first mutual inductance. The mutual 
inductance of two coils is increased several hundred times when 
the primary is wound upon an iron core, but the mutual inductance 
is no longer a constant. Such an inductance is essentially a trans- 
former if the primary is connected to an a.c. supply. 

Practical Standard of Mutual Inductance. — practical standard 
of mutual inductance — cf. Fig. 49*22 — ^is constructed by winding a coil 
of many turns of wire (the secondary S^Si) on the middle portion of 
a long uniformly wound solenoid (the primary PiPi). Let this solenoid 
have tij turns per unit length, and suppose that the current through 
it is i. Then the magnetic field inside the solenoid is 47m and is 
uniform over any cross-section near the middle of the coil. If the 
cross-sectional area of the coil is Trr®, then the flux through each turn 
in the primary is Now outside the primary the magnetic 

field is very small so that if the secondary coil is very closely wound 
on the primary wo are justified in stating that the flux through each 
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turn of the secondary is also 4n^nirH : if there are n.^ turns in the 
secondary, the total magnetic flux linked with that circuit is 

fit 

If the current i is changing at a rate the o.m.f. in the secondary 

circuit is equal to the rate at wluch the number of linkages through 
it diminishes, i.o. 

- ^(in*nin^H) = - 4n«»in»r*. 
di 

But this is equed to — m . where m is the mutual inductance of 
the two circuits. Hence 


m » absolute or e.m. units of inductance, 

or M =» 47i*nin,r* x henry. 

It cannot be emphasized too strongly that in an iron-free circuit 
the ooefiicient of mutual induction depends only on the geometry of 
the system, a fact which is at OTice apparent from the value of m deduced 
for the above pair of coils. Such an inductance is used to standardize 
the throws of a ballistic galvwometer [cf. Fig. 49-15, p. 952.] 


Self Inductance. — ^When a ourrent flows in a circuit there will 
be a definite number of linkages for that circuit due to the current 
in the circuit itself. This number depends only on the geometry 
of the circuit and the current, if no ferro-magnetio material is 
present. We may therefore write. 

No. of linkages = }P = li, 
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where I is a ooDstant for the oircuit, and % the ourrent in it. Now 
when the current changes there will be a variation in the number of 
linkages and consequently an induced electromotive force. In 
virtue of this there will be superimposed on the main current an 
induced current. By Lenz’s law, the direction of this current is 
such that it tends to diminish an increasing current and to maintain 
one which is decaying, i.e. it tends to keep the magnetic flux linked 
with the circuit constant. It is owing to this fact that a current 
does not assume its final value at once ; the interval of time may 
vary from a small firaction of a second to several minutes. 

From Faraday’s law of electromagnetic induction we may derive 
a value for the induced e.m.f. in a circuit due to changes in the 
current through it. We have 

Induced e.m.f. = 37 = — = — I 

(U dv di 

if Ms a constant, i.e. if ferromagnetic materials are absent. The 
quantity I is termed the self-inductance or coefficient of self- 
induction of the circuit. 

The units for self-inductance are the same as those of mutual 
inductance and h, circuit has a self-inductance of one henry when, 
if the ourrent is changing at the rate of one ampere per second, 
an opposing e.m.f. of one volt is set up in the circuit. 

The coefficient of self-induction of a circuit is numerically the 
same as the number of lines of magnetic induction linked with it 
when the ourrent through the circuit is 1 e.m.u. of ourrent. 

Effects of Inductance. — ^The presence of induction in a circuit 
or between a pair of circuits effects the current in several ways ; 
it must be remembered, however, that the inductance has no effect 
as long as the strength of the current remains constant, but when 
it is growing or decaying the inductance plays an important part 
in determining the magnitude of the ourrent at any instant. In 
all instances, the effects of induction are to oppose any variation 
in the current — ^when the current is increasing the inductance tends 
to make it increase more slowly ; when the ourrent is diminishing 
in intensity the inductance of the circuit tends to maintain it. 

The presence of self-inductance in a circuit manifests itself by 
the so-called extra current appearing as a spark when an inductive 
circuit is broken. If the inductance is very big the spark is very 
bright and a person holding the ends of the wire which is fractured 
may receive a severe shock due to the high e.m.f. induced in the 
circuit. The formation of a spark is accounted for as follows. 
Initially the air in the gap is a non-conductor, but as the potential 
across it rises a stage is reached at which ionization sots in. The 
potential continues to rise and the ions become ionizing agents 
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thcmsolves. The current increases and a spark passes. To avoid 
the effects of self-inductance in measuring resistances with a P.O. 
box, the coils are wound non-inductively, i.e. for each coil the free 
ends of the wire are soldered to the terminals, the wire made into 
a loop, and then wound on the bobbin. 

Self- Inductance of a Solenoid. — ^Let ua calculate the self-induct- 
ance of a long uniformly wound solenoid in air. The solenoid must 
bo narrow compared with its length A, so that we may neglect any want 
of uniformity in the magnetic field insido the solenoid. The magnetic 
intensity in such a coil is 4;im, where i is the current in e.m.u. and 
n the number of turns per cm. If r is tho radius of the coil, the 
magnetic flux through each turn is \nni.nr^. The number of linlmges 
associated with tho coil is 47t®nr*i.nA = ^n^nh'Vd, Wlien tho current 
varies the o.m.f. induced in tho coil is 

di di 

Hence I =» 4ji *n*r*A e.m.u. of inductance 

L* 47i*n*f*A X 10-* henry, 
where L denotes tho self-inductanco in practical units. 

Faraday's Ring Transformer. — transformer is an instrument 
whereby an alternating current supplied at one voltage may be 
changed to one at another — there is no change in frequency, how- 
ever. If the voltage is raised and the current diminished we have 



a step-up transformer : if the voltage is reduced, the current being 
increased, we have a step-down transformer. In each instance the 
principle is the same and we shall confine our attention to simple 
transformers ; they were invented by Fabaday. In a step-up 
transformer the primary coil consists of a small number of turns 
of thick copper wire wound on an iron ring or core and insulated 
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from it and one another — cf. Pig. 49*23. The secondary then 
consists of a large number of turns of thin insulated wire. When 
an alternating current passes through the primary the iron is mag- 
netized so that the lines of induction are first in one direction and 
then in the other ; hence there is a continuous changing of the 
linkages with the secondary. The e.m.f. induced in the secondary 
is approximately n times that across the primary if n is the 
ratio of the number of turns in the secondary to that in the 
primary. 

A very simple but inefficient transformer may bo made as follows 
— cf. Fig. 49*24. A rod of soft iron, XY, is wound at one end with 
a coil, PiPtf consisting of 
several turns of thick wire. 

This is connected through a 
lamp, L (this acts as a re- 
sistance), to an a.c. supply. 

The other end of the rod is 
wound with a coil,SiS„ con- 
sisting of many turns of 
thin wire ; the ends of this 
coil are connected to a tele- 
phone T. A note of the same 
frequency as that of the a.c. 
supply is heard in the phones. 

If no a.c. supply is available a battery may be used — a distinct 
click win be heard in the phones each time the battery circuit is 
made or broken, but when the current is established the phones are 
silent. 

Further Notes on Transformers. — ^Transformers supplying 
electrical energy at 100,000 volts are in frequent use. In them 
good insulation of the turns of wire from each other and from the 
iron core is very essential. To satisfy these requirements aU such 
transformers are immersed in oil, the dielectric strength of which 
is much greater than that of air. 

The cores of transformers are not solid, but are laminated, i.e. 
they consist of strips of soft iron — or iron with a certain amount 
of silicon on account of t}io high permeability of this aQoy — in- 
sulated from one another. In this way loss of energy due to the 
formation of large eddy currents is avoided ; moreover, the tem- 
perature of the core does not become excessive when these currents 
are reduced in magnitude. 

It is also important to select a material for the core in which the 
hysteresis loop is narrow, i.e. the loss of energy due to hysteresis 
in the core will be small. 

For use with high-frequency ottrrents, e.g. currents at radio 


jir 



Fia. 49*24. — A Simple Transformer. 
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frequency, transformers cannot be wound on an iron core since the 
molecular magnets in the latter are unable to respond to variations 
in the magnetizing field by altering their orientation sufficiently 
rapidly. Such transformers have an * air core ’ and the support 
for the wires must not contain any metal on account of the eddy 
currents which would be produced in them. 

The Transmission of Electrical Energy.— Let G, Fig. 
49*25 (a), be the generating station for the supply of electrical 
energy to a town T. Let R be the resistance of the leads from 
G to T and back. Lei V be the voltage developed at the generator, 
and I the current to be delivered. Then the generator is developing 
energy at a rate of VI watts. The rate of loss of energy due to the 
Joule effect in the wires is PR watts. Hence the power available 
at T is VI - PR = I(V - IR) = W (say). 

From the above equation it appears that W will be practically 
equal to VI if PR is made smaU. One method of doing this is 
to make R small, i.e. the cable must have a large diameter. The 
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Fio. 40*25. — ^Transmission of Electrical Energy.^ 


initial outlay for a long cable of this type is prohibitive. Another 
method of reducing the losses due to heat developed in the wires 
is to make I small. Bqt when this is done the voltage must be 
raised in order that the wattage supplied shall still be equal to W. 

If V is to be large several considerations have to be noted. In 
the first place the insulation between the component parts of the 
generator would have to be almost perfect — ^practically this is 
impossible. Then again it is not desirable to supply current at a 
high voltage for domestic and factory use in general on account 
of the danger from shocks. Transformers supply the means whereby 
the current may be generated at a relatively low voltage, stepped 
up for the purposes of transmission, and then stepped down before 
being used by the consumer at a low voltage — ^240 volts is now the 

^ 240 V. since 1946. 
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standard voltage in Groat Britain. Nowadays the energy is trans- 
mitted at 300»000 volts— cf. Fig. 49-25 (6). 

Small Household Transformers.-r-For ringing eleotrio bells 
current supplied from a 6- volt source is necessary^ Instead of using 
cells a step-down transformer may bo used if an a.c. supply at a 
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higher voltage is available. Fig. 49*26 shows the wiring of the 
necessary circuits when a bell may be operated from two different 
positions. 

Example , — Givo a diagram showing iho essential features of a 
tronsforiuor suitable for supplying 4 V at 2 A and 1000 V at 100 mA 
when used on a 240-V a.c. main. Estimate a value for the current 
in the primary. 



Fig. 49-27. 


The scheme of wiring is shown in Fig. 49-27. If there is no loss 
of magnetic flux, i.e, all the lines of induction are confined to the 
iron core, then we may assume that 

E.m.f. in secondary Appli ed p.d . 

NoT of turns in secondary No. of turns in primary' 

Thus, with the notation indicated, 

*4 


1000 


n 

240’ 


or ng ^ 4n. 


and 
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An estimate for the primary current I, cm be made if it is assumed 
that 

Kate of supply of energy in primary sum of the rates of supply 

in both socondaiies, 

i.e. 2401 = (4 X 2) 4- (1000 x 0 1) = 108. 

I 0-6 A. 

Energy Losses in Transformers. — The reason why the 
numerical answers in the above problem are given only approxim- 
ately is that energy is lost when transformers are used to transfer 
energy from one circuit to another : this loss is accounted for as 
follows : — 

(1) There is a leakage of magnetic flux, i.e. some of the lines of 
induction due to the current in the primary circuit do not pass 
entirely through the iron core but take shorter paths, partly in air, 
as indicated in Fig. 49*23. 

(2) Loss of energy also occurs because eddy ciuTcnts are produced 
in the iron core. These are diminished by using laminated cores, 
i.e. the core consists of a number of thin sheets of soft iron (or 
stalloy) laid together and insulated from one another by sliellac 
varnish, tissue paper, or both. The effect of this arrangement is 
to cause the eddy currents to flow in high resistance circuits, so 
that the eddy current in each sheet is small. 

(3) In addition, during each alternating current cycle the core is 
taken through a complete cycle of magnetization [cf. p. 984] and 
it is known that this entails a loss of energy proportional to the area 
of the cycle. This area is smaller for soft iron than for steel 
[cf. p. 9^], and still smaller if an alloy of iron with 15 per cent, 
of silicon, kno^vn as stalloy, is used. 

(4) Every transformer winding possesses resistance so that energy 
will be lost according to Joule’s law [I^R joule. sec. The 
thicker the wir^ the smaller the loss of energy on this account. 

The Induction Coll. — ^The induction coil is a typo of transformer 
whereby a comparatively strong current [direct] at a low voltage 
may be transformed into a weak current [intermittent] at a very 
high voltage. Essentially such a coil consists of a few turns of 
insulated thick copper wire, wound on a laminated oore of soft-iron 
wire, surrounded by many turns of thin copper wire (double silk 
covered) on an ebonite or bakelite tube. This latter coil is termed 
the secondary. The oore is not solid to reduce the magnitude of the 
eddy currents produced in it. When the current is switched on, and 
while it is reaching its final value, the iron becomes magnetized ; 
during this process the effective magnetic fiux across the secondary 
coil varies continuously so that a large p.d. is established between 
its ends, and if these are sufficiently close together an electric dis- 
charge takes place across the intervening space. If the primary 
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ourrent is then broken an e.m.f. (of opposite sign) is produced in 
the secondary circuit. The subsidiary adjuncts on a modem coil 
are merely there in order that the primary ourrent may be repeatedly 
made and broken very rapidly. The manner whereby thie is 
accomplished is indicated in Fig. 49*28 (a). The primary current is 
supplied from the battery B, and after traversing the upright and 
screw D it flows along the primary coil, P. The iron becomes ex- 
cited and attracts the soft-iron hammer H, whereby the platinum 
contact A is withdrawn from D and the current is broken. The 
hammer, being supported at the extremity of a steel spring, and 
no longer attracted by the magnet, flies back, and the primary 
circuit is again closed. After each make and break the potential 



Fio. 49*28. — (a) An Induction Coil. (6) Diagrammatic Representation. 


in the secondary assumes a very high value. It has been found 
that this arrangement works well if the sparking at A is reduced to 
a minimum. This is achieved by placing a condenser, 0, in parallel 
with the spark gap. The condenser usually consists of sheets of 
tinfoil, paper being the dielectric, alternate sheets of the foil being 
connected together. The spark gap is furnished with platinum 
points, and since this is not easily vaporized the sparking is less 
persistent. 

A diagrammatic representation of an induction coil is shown ia 
Fig. 49*28 (6). 

The relation between the primary current and the e.m.f. in the 
secondary of an induction coil is shown in Fig. 49*29. It will be 
noticed that the above e.m.f. is a maximum just after the primary 
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current has been broken. Where high voltages are essential this 
is the useful part of the e.m.f.» and since it is large compared with 
the induced e.m.f. at other stages of the cycle of changes, it follows 
that the e.m.f. in the secondary is almost unidirectional but inter- 
mittent. A factor helping further to increase the secondary e.m.f. 



Fio. 49*29. — ^Relation between E.M.F. in Secondary and Current in Primary 
of an Induction Coil. 

after the breaking of the primary current is the small reverse current 
in the primary due to the discharge of the condenser through it. 
Thus the condenser not only diminishes sparking at the ‘ make 
and break/ but also helps to increase the useful part of the secondary 
e.m.f. 

Notes on the Construction of an Induction Coil. — In a 
modem large induction coil the main details of construction are 
as follows. The secondary coil is made, up of a number of flat 



sections 3 mm. to 5 mm. thick. Generally, these sections are 
wound separately and then assembled, the en^ of the wire between 
adjacent sections being soldered together so that one continuous 
winding is formed. Each section is known as a * pie.’ To con- 
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struct one of these, a piece of ebonite is turned in a lathe until 
it has the shape shown in Fig. 49*30 (a). This is then supported 
on the ‘ former ’ shown in Fig. 49*30 (6), so that it may be wound 
with wire. While the winding is in process the wire is run through 
molten paraffin wax : this not only improves the insulation but 
helps to make each pie a solid entity. 

The primary consists of a core of soft-iron wire mounted in a 
bakolite tube. The primary current is carried by a double layer 
of insulated thiek copper wire wound on the above tube : the whole 
of this is mounted in another bakelite tube. The pies are then 
assembled on this as indicated in Fig. 49*30 (c). The soldering is 
done as each pie is added. When the requisite number of pies has 
been added, the whole is pressed firmly together, preferably while 
it is immersed in molten wax in a vacuum, so that all air bubbles 
shall bo removed from between the wires. 

The main advantage of constructing the secondary in this way 
is that high potential differences between neighbouring parts of the 
secondary are avoided — the risk of a breakdown of the insulation 
is thereby diminished. 

The Coil-Ignition Set for a Motor-car. — B, Fig. 49-31, is the 
battery supplying current to tho primary, P, of a small induction 
coil, wlion tho spark gap is closed. A condenser is placed across 
this gap as in an ordinary induction coil. By moans of a rotating 
shaft, a cam is driven so that the spark gap is opened and closed 
many times per second. In consequence of this a large p.d. is estab- 
lished between the ends of the secondary, S, of tho coil, one of whicli 


Distributor 



Fxo. 40-31. — A Coil-Ignition Set for a Motor-oar. 


is earthed. The other end is connected to a rotating ai*m A, forming 
port of the so-called distributor. Dj, Dg, and D 4 , are metal studs 
fixed in an insulating material. Each stud is connected to one .end 
of a sparking plug, the other end being earthed. When, for example, 
A touches Dg, there is a large potential difference across the second 
plug and a spark passes igniting the petrol-air mixtiue in the second 
cylinder of tho car. In t\u*n the mixture in each cylinder is fired. 
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Wehnelt Electrolytic Interrupter. — ^Li order that the circuit on 
an induction coil shall be broken rapidly so that the secondary e.m.f. 
may be as great as possible, the mechanical make and break described 
above is frequently replaced by a Wehnelt interrupter. A and B, 
Fig. 49*32, are two electrodes upping into dilute sulphuric acid con- 
tained in a glass vessel. A is a large plate of load connected to the 
negative pole of a battery, while . B is a plat- 
inum wire, mounted in a porcelain sleeve, so 
that only its extreme point is in contact with 
the acid. The extent to which the platinum 
projects from its sheath may be controlled by 
a screw S. When the potential diiference 
across this apparatus exceeds 30 volts the cur- 
rent density in the region of the electrolyte 
near the platinum point is very great and 
a considerable amount of heat is produced 
locally. Moreover, the amoimt of electrolyte 
decomposed here is large. A gas-layer covers 
the point of the platinum wire and the cur- 
rent is broken. A spark passes at this point 
— if necessary the energy of the spark may 
be increased by placing a coil possessing self- 
induction in the circuit — and this causes the 
bubble to detach itself from the wire. Contact is then re-established 
and the process repeated. With the aid of this interrupter, the 
circuit may be made and broken 1000 times per second. No con- 
denser should bo placed in parallel with the interrupter, for this 
diminishes the energy of the spark, thereby impairing the efficiency of 
the instrument. 

Mercury Interrupter. — ^An interrupter capable of making and 
breaking a circuit 1500 times per second but entirely different in 
principle from that designed by Welinelt, is shown in Fig. 49-33 (a). 
A is a narrow metal tube whose upper end is made horizontal, while 
its lower end is connected to a metal sphere provided with several 
small holes, so that the mercury 
into which it is placed may pass 
freely towards the tube A. The 
whole is covered with an insulating 
oil and one which does not decom- 
pose when heated locally by a spark. 

B is a pulley by means of which 
the tube A may be rotated rapidly 
about a vertical axis. When this 

occurs a fine jet of mercury emei^es 
from A and strikes C, a cylindrical 
‘ mat ’ made of pieces of metal and 
ebonite arranged alternately — cf. 

Fig. 49*33 (6). These metal pieces 
are connected together and to one pole of a battery while B is 
joined to the other pole. Current will only pass from A to C when 
the mercury jet is in contact with one of the metal pieces. In this 
way a means of makmg and breaking the circuit rapiffiy is provided. 
A condenser placed across A and G diminishes the energy of the sparks 
occurring when the circuit breaks, i.e. the actual bro^ takes place 
in a shorter interval of time. 





(h) 


Fig. 49*33. — ^A Men^ury Break 
(Meobaniool Interrupter). 



Fig. 49*32.— a Wehnelt 
Electrolytio Interrup- 
ter. 
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Telephony.— Graham Bell, about 1876, invented a telephone 
which first embodied the essential features of the modem instrument. 
It could be used both as a transmitter and as a receiver. The 
essential features of a modern form of telephone receiver are shown 
in Kg, 49*34 {a), A thin iron diaphragm D, varnished to prevent 
rusting, is situated behind the mouth-piece A, and immediately 
behind the diaphragm are soft iron pole pieces, P, fastened to the 
poles of a permanent horse-shoe magnet, M. This is held in position 
by the conical-shaped piece of brass C. Many turns of fine insulated 




wire are wrapped round the pole pieces. Those turns are arranged 
as in Fig. 49*34 (6) so that the pole strengths are each increased 
or decreased together, i.o. the pull on the diaphragm due to each 
pole is always increased or decreased. [The arrows in Fig. 49*34 (6) 
indicate the direction of the current when the numerical value of 
the strength of each pole is being in(jreased.] H is an ebonhe 
cover which serves as a holder. The leads from the magnetizihg 
coils pass through a small aperture 0 in H. The permanent 
magnet M keeps the pole pieces magnetized in a condition corres- 
ponding to a point P on the steep portion of the hyteresis curve 
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shown in Fig. 49-34 (c). Hence any small change in the magnetic 
field causes a considerable variation in the pole strength of these 
pieces. If, therefore, rapid fluctuations of current, or intermittent 
unidirectional currents, are passed through the windings wound 
round the pole pieces, the diaphragm, whose natural frequency is 
somewhere in the range of audition is caused to vibrate, and if the 
frequency of the vibrations is within the limits of audibility, the 
sensation of sound will be produced. Moreover, it happens that 
the amplitude of the variations in current and of the displacement 
of the diaphragm are practically proportional to the amplitude of 
the soundwaves, i.e. there is little or no distortion. 

To transmit a verbal message two such instruments were in- 
stalled and connected by a wire and also to earth. No battery was 
used. When words are spoken into such an instrument the pressure 
fluctuations in the air cause the diaphragm to vibrate. There is 
then a piece of iron [the diaphragm] alternately approaching and 
receding from the poles of a magnet, so that the density of the 
number of lines in the magnetic field between the pole pieces under- 
goes corresponding fluctuations. 
Induced currents in the coils 
round P are thereby set up 
and these are transmitted to 
the second station. These 
cause identical variations in 
the field round the pole pieces 
of a similarly constructed in- 
strument so that its diaphragm 
executes vibrations almost identical with those of the diaphragm 
at the transmitting station. This throws the air surrounding it 
into vibration and the sound is reproduced without distortion. 

In Fig. 49*35 there is shown a section of an ear-phone. Its mode 
of action is similar to that of the telephone just described. 

The Microphone. — ^Nowadays the above instruments are only 
used as receivers, for the currents transmitted when they are used 
for that purpose are too weak to enable the message to be 
conveyed across long distances. The microphone, invented by 
Huohxs, is an essential part of all modem transmitters. The 
following experiment enables us to understand the action of such 
transmitters ; — 

Experiment , — A pointed piece of carbon B, Fig. 49*36, rests in two 
notches out in two carbon plates A, G. These are fixed in an insulating 
stand and connected to a telephone receiver R and a 4 -volt battery. 
Any slight mechanical vibration causes the resistance at the carbon 
contacts to vary considerably and the current in the circuit will vary 
accordingly. If a watch is plcused near to the instrument its ticks 



Fia. 49*36. — Earphone. 
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Fia. 49*36. — Microphone. 


appear like the strokes of a blacksmith’s hammer if the telephone 
included in the circuit Is placed close to one's oar. 

Modern Single -Button Carbon Microphones.— -A simple 
carbon-granule microphone is shown in Fig. 49*36 (6). D is a thin 
carbon diaphragm, or rubber diaphragm coated on one side with 
powdered carbon. This is attached firmly at its edges to an outer 
ebonite case A to which a terminal is fixed: this terminal is 
connected to D. The case A also carries a second terminal Tg 
which sui)ports a carbon block C. The space between C and D 
is filled with loosely-packed carbon granules and under normal 
conditions these granules press lightly against one another. Tlio 
terminals T^ and Tj are connected to an adjustable resistor, suitable 
battery, and ammeter, so that the steady current may be adjusted 
to the maker’s stipulated value — ^this cun*ent is indicated in 
Fig. 49*36 (c) by the straight line parallel to the time axis. When 
sound waves are incident upon D it vibrates and the pressure 
between adjacent carbon particles alternately increases and 
decreases causing a corresponding increase and decrease of current 
through the circuit, i.e. the current is no longer steady but has 
superimposed upon it a fluctuating current whose frequency is 
identical with that of the incoming acoustic signal. If, for example, 
a tuning fork is held in front of a microphone, the total current 
varies as shown by the wavy curve in Fig. 49*36 (c), i.e. a sinusoidal 
current is superimposed on the normal steady current. 

The Transmission of Speech.^ — In the preceding paragraph 
it has been shown how a microphone is used to produce electrical 
oscillations of the same frequency as the acoustical waves falling 
upon it. To transmit speech a microphone, M, Fig. 49*37, is arranged 
in series with a 4- volt battery, adjustable resistor and the primary 
of a step-up transformer, Tj. The secondary coil, Si, of Ti is 
connected [through the telephone exchange] to the secondary of 
the step-down transformer, Tj, the primary of which is connected 
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to a carbon-microphone Mg and the necessary battery and resistor. 
Telephone receivers and Rj are included at either end of the 
‘ line ' so that each station may transmit or receive signals. [The 
vibrations of the mocrophone’s diaphragm at the transmitting end 
cause fluctuations in the value of the primary current so that a 
small current at a high voltage is produced in the secondary, and 
this is transmitted along the line and detected by the receiver at 
the other end of the system. It is necessary to use a return wire 

i 



in this instance, for if it is dispensed with the inductive action of 
neighbouring circuits creates such a continual hum in the ’phonos 
that the reception of speech becomes impossible.] 

If transformers are not used the system will only be operative 
over short distances for, in other instances, the changes in resistance 
of the granules will be very small compared with the total resistance 
of the circuit which means that the fluctuations in current become 
too small to affect the diaphragm of the receiver. 


EXAMPLES XT.Tir 

1. — State and explain the meaning of Faraday’s law of electro- 
magnetio induction. Describe an indi^tioii ooil and explain how it 
works. 

2. — ^Describe and explain the action of (a) an induction coil or a 
transformer, (6) a microphone. 

3. — ^Write a short essay on Faraday’s discovery of electromagnetic 
induction. 

4. — ^Describe the oanstruction and explain ihe action of an alternating 
current transformer. Discuss its uses. 

5. — ^A copper disc, 20 cm. in diameter, rotates on its axis normal 

to its plane 60 times a second iz| the earth’s horixontal Asstuamg 

to be 0*18 oersted and the dip tan’^^ 2*5, calculate the potential 
diffensnoe between the circumference of the disc and its centre. 

6. — A circular copper disc of radius 20 cm. rotates on its axis 80 
times a second. If the plane of the disc is nonnal to a magnetic field 
of strength 600 oersted, calculate the current when copper brushes 
touch t& axis and periphery of the disc and the resistance of the 
external circuit is 10 ohms. 

7. — Calculate the potential difference between the ends of the axle 
of a carriage wheel when a train is travelling at 60 kilometres per hour 
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across a horizontal plane where Hq is 0*2 oersted and the dip 46®. The 
length of the axle is 1*2 metres. 

8. — State Lenz*s law of induction of currents. Calculate the maxi- 
mum electromotive force induced in a circuleur coil of wire rotating 
6 times per second about a diameter and at right angles to a magnetic 
field of strength 0*2 oersted, the effective area of the coils being 
20,000 cm. a. 

9. — What is known concerning the electromotive force in a circuit 
placed in a magnetic field of varying intensity 7 A metal rod 1 metre 
long rotates about one end in a plcuie at right angles to a magnetic 
field of intensity 0*2 oersted. If the rod makes 2 revolutions per 
second, what is the difference in potential between its extremities ? 

10. — ^Under certain conditions a sphere of soft iron tends to move 
at right cmgles to the lines of force in a magnetic field. Describe the 
conditions and account for the phenomenon. (L. *23.) 

11. — ^Describe and give the theory of the method by means of which 
the vertical component of the earth’s magnetic field may be found. 

12. — State Lenz’s law of electromagnetic induction, and describe 
experiments to illustrate it. 

Explain the essential features of a simple form of dynamo for pro- 
ducing * direct ’ current. 

13. — A coil of wire of 6 turns, each 1 cm. • in effective area, is connected 
to a ballistic galvanometer of the moving magnet type, tho total resist- 
ance in the circuit being 20 ohms. On introducing the coil into a strong 
magnetic field, the^ maximum deflexion recorded by the galvanometer 
is the some as tliat recorded when a condenser whose capacity is 6/iE, 
and whose plates have a potential difference of 1 volt between them, 
is discharge through the galvanometer. What is the strength of the 
magnetic field 7 Would your result be correct if a moving coil gal- 
vanometer were employed 7 

14. — ^Define the absolute and the practical unit of inductance. What 
is the relation between thorn 7 

What is the self inductance of a solenoid of length A cm. consisting 
of n turns of wire of cross-sectional area a cm.’, the core on which the 
solenoid is wound having a permeability 

15. — Define mutual inductance. 

Derive an expression in practical units for the mutual inductance of 
two coaxial coils of wire, the inner one of 250 turns of wire wound on 
a wooden core 50 cm. long and 2 cm. in diameter, while the outer one 
consists of 1,000 turns wound closoly round the inner coil. Would 
you regard such on inductance as an absolute standard of mutual 
inductanco 7 

16. — ^A circular disc 20 cm. in diameter rotates 5 times per second 
about an axis tlirough its centre in a magnetic field normal to its plane. 
If the field has an intensity of 100 oersted, calculate tho potential 
difference in volts between the axis and the periphery of the disc. 

17. — ^A ballistic galvanometer, whose sensitivity is 200 divisions 
per micro-coulomb, is connected in series with a coil. A, and a resistance 
box which is adjusted to make the total resisteuice of the circuit 
2,000 ohm. When a current is suddenly started in a neighbouring co3 
the galvanometer spot shows a tlirow of 95 divisions. Obtain a value 
for momentary change in effective flux (linkages) associated with the 
coil A. 

Give a diagram to show how the quantity -sensitivity of the galvano- 
meter can be determined if a standard coll and suitable condenser are 
available. 



CHAFTEB L 


THE MAGNETIC PROPERTIES OF IRON AND 

STEEL 

When a rod of soft iron is placed in a magnetic field the con- 
figuration of the field is changed for the lines of induction tend 
to oonceutrate themselves in the iron. In addition, north-seeking 
polarity is exhibited by the iron spooimen at the end where the 
lines of induction leave it, and south-seeking polarity at the end 
where the lines of induction enter, i.e. the magnetic axis of the 
iron tends to point in the same direction as the magnetizing field. 
The iron has been magnetized by induction. 

Intensity of Magnetization. — ^It is assumed that a magnetic 
material consists of a large number of very small elementary magnets, 
all orientated at random when the substance is not magnetized. 
When placed in a magnetic field the orientation of the elementary 
magnets is disturbed, the tendency being for their axes to be 
parallel to that of the field. As this field is increased the number 
of magnets with their axes parallel to the field becomes greater, 

until finally all their axes 
are parallel and the sub- 
stance is said to be mag- 
netized to saturation. 

Let 6v, Fig. 60*1 (a), be 
a small volume of a .mag- 
netic material, and let H 
be the magnetic field acting 
in the direction indicated. 
Now each elementary magnet has a definite magnetic moment : 
let eadi of these moments be resolved into components normal and 
parallel to H. If the small volume is large enough to contain a 
large number of elementary magnets the sum of the components 
•normal to the field will be zero, since an initial random distribution 
was postulated. Let dM be the sum of the components parallel 
to the field. Then 





(I 



(b) 


Fig. 601 . 
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is called tho intensity of magnetization, J, for the material 
under the conditions considered.^ 

Now let Fig. 60-1 (6) represent a small cylindrical element of a 
magnetic material with its axis parallel to H, and its dimensions as 
indicated. If J is the intensity of magnetization, then 

= = J.aS.da;. 

Let J:: or be the surface density of the magnetism which must bo 
placed on the ends of an equal small cylinder so that its magnetic 
moment shall be 3M. Then its moment is ((y.dS).daj. Comparing 
these equations, we obtain o •= J. 

Magnetic Intensity and Magnetic Induction.— Tho magnetic 
intensity at a point in air [strictly speaking, in a vacuum] has 
been defined as the force per unit positive pole on a small positive 
pole placed at the point. When it is desired to measure the force 
on such a pole inside a piece of iron, or other magnetizable sub- 
stance, a cavity must first be made in the specimen so that the 
small pole may be introduced into it. Now tho walls of tho cavity 
will exhibit magnetic polarity which will, in general, contribute to 
the total force on\tho small pole in the cavity. This contribution 
will be determined, in part at least, by tho shape of the cavity, 
which must therefore be carefully specified if the physical inter- 
pretation of this force is to have a definite moaning. 



(a) (h) 


Fia. 60'2, 


Let US consider tho forco per unit positive pole on a small positive 
pole, 6m, at the point P, Fig. 50*2 (a), the centre of a cylindrical 
cavity, whose diameter is small compared with its length, and 
whose axis is in the direction of the magnetization at F. Then 
induced magnetism will appear on tho ends of this cavity. If J 
is the intensity of magnetization, and a the cross-section of the 
cavity, tho charges of magnetism at the ends of the cavity will 
be Ja and — Ja, respectively. If 21 is the lengtii of tho cavity, 
the force on the^small pole at P, due to the magnetism on the 


/Jflc Ja\ 

walls of the cavity, is f pp + ^ \6m. This is zero, since the cavity 
is very long compared with its width. The force per unit 


^ Should it be necessary to distingoish this symbol from that for the 
mechanical equivalent of heat, we may use Jq =4*18 joule. cal. 
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positive poie at P is therefore due to the magnetizing field. Call 
it H. 

Now consider the force on 6m when this is at P the centre of 
a cavity whose length is small compared with its diameter — ^the 
cavity resembles a disc — ^Fig. 60*2 (6). Again let the axis of the 
cylinder be parallel to the field. Let fi be the area of each plane 
face of the disc. It is only on these faces that induced magnetism 
will appear. Now the contribution to the force per unit positive 
polo on dm due to these induced charges of magnetism is 4jtl, a 
result obtained from analogy with the corresponding problem in 
electrostatics [of. p. 708]. 

The actual force per unit positive pole on the small pole in the 
cavity is obtained by adding together the two quantities H and 
47 iI. This total force per unit positive pole on the small pole is 
a measure of the magnetic induction, B, of the material. Hence 

B = H -f“ 4jtJ • 

The unit of magnetic induction is the gauss. 

Magnetic Susceptibility and Magnetic Permeability. — ^The 
quantity defined by the equation J = ;fH, is termed the 
susceptibility of the material of the specimen. 

The permeability, fi, of the medium is defined by the equation 
B = /M. Since B == H + 4jtJ, it follows that 

/I = 1 + 4jix. 

Strictly speaking, the equation B = H -f 4jzJ, should be written 
B = //qH + 4jtJ, where I is the permeability of a vacuum. 
The units for B and J are necessarily the same. 

The Magnetic Permeability of Iron and Steel — Experi- 
mental Determination by a Magnetometer Method.— Let an 
iron rod of uniform cross-section be placed so that its axis is parallel 
to the lines of force of a magnetic field. The iron is magnetized 
by induction. Suppose that m is the strength of the induced 
poles, and 22 the Stance between them. The magnetic moment 
of the rod is 2ml, Hence, J, the intensity of magnetization in the 
rod is given by 

J — — !? 

where t; is the volume of the rod and a its cross-sectional area. 
Since the intensity of magnetization is not uniform throughout the 
rod, the above value for J must be regarded as that value which 
the intensity of magnetization would have if, while the product 
2ml remains constant, the poles are considered to be at the ends 
of the rod. In other words this method measures m and we say 
that m is Ja. 
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In tho relation B = H is tbo intensity of the field causing 
the iron to become magnetized. Hitherto we have assumed that 
this has the same value as the field which would bo present if the 
iron were removed. In general, this is not true, for the induced 
magnetic poles in the specimen react on the original field and 
produce what is termed a demagnetizing field. The effect of this 
field is negligible if the length of the specimen is 600 times greater 
than its diameter : hence very long thin wires must bo used. 

Tho experimental method then consists in subjecting such a 
wire to a uniform magnetizing field and determining the polo 
strength of tho magnet produced. The uniform field is produced 
by passing a current through a long solenoid surrounding tho wire, 
and in order that tho wire may lie entirely within a uniform field, the 
length of the solenoid must be such that its ends project considerably 



F'i(3. 50-3. — Mcasuivinoui of Magnetic Permeability of a Forromagnotic 

Subatauco. 

beyond those of the specimen when the centres of this and of the 
solenoid coincide. The strength of an indueed polo is m(3asiired 
by noting the deflexion of a magnetometer needle placed in a con- 
venient position : a correction will bo necessary for the effect of 
tho more distant pole. 

The specimen in tho form of a rod about 40 cm. long and 1 mm. 
in diameter is placed centrally in a long solenoid SS, Fig. 50'3, 
so that when a current is passed tlirough tho coil the iron is in 
a uniform magnetic field. The axis of the solenoid must point 
east and west — then tho horizontal component of tho earth's 
magnetic field has no effect on the iron. The current tlirough the 
solenoid is supplied from a battery of three or more cells, and its 
magnitude is controlled by means of a continuously adjustable 
carbon resistance R. An ammeter A measures the current and 
the direction of the current through SS may be changed with the 
aid of the reversing key K. The magnetometer M serves to 
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measure tlio x)ole strength of the iron when this is magnetized. 
The effect on the magnetometer of the field duo to the solenoid 
itself may be compensated by means of a small coil C. This is 
placed in series with SS and its position adjusted so that the 
miignetomotor deflexion is always zero when there is no iron in SS. 
This adjustment should be made with a large current in SS. To 
determine whether or not it is possible to obtain this adjustment 
when the apparatus has been set up, the coils S and C should be 
short-circuited in turn. Correct connections have been made if the 
deflexions given by M are opposite in the two instances. Initially 
the iron must bo demagnetized by raising its temperature to that 
of a bright red heat or by subjecting it to an alternating magnetic 
field which is gradually reduced in strength to zero [cf. p. 984]. 
If the iron has been jiropcrly demagnetized the hysteresis curve 
finally obtained [cf. p. 984] wiU be symmetrical. 

To Gomnience the experiment a small current is passed through 
SS and corre.sponding readings of the current and the magnetometer 
deflexion observed. The current is increased stej) by step by 
adjusting II and tlic above observations made at each stage. This 
process is continued until the current reaches its maximum value. 
The permeability of tlie iron may be calculated as follows: — If J is 
the intensity of magnetization in the rod, a its cross-sectional area, 
and 21 its length, the magnetic moment of the rod is 2/Ja, since the 
intensity of magnetization is the magnetic moment per unit volume. 
If r is the distance from the centre of the rod to the magnetometer 
needle, Hj, the intensity of the magnetic field at M, is given by 

2(21Ja)r 4Ja/r 
- (^2 _ ^2)2 -= p _ i'iji 


If G is the angle of deflexion of the needle, and Hq the horizontal 

component of the earth’s magnetic field, tan 0 = Hence 

^ Ho tan 0(r* - 1*)* " 

~ ■ 4air 


The strength of the magnetizing field due to a current I amperes 
in the solenoid is H = where n is the number of turns 

per unit length of tlie solenoid. Hence 



Ho tan 0(r* - l"Y 
4alr 


]■ 


. .. B , . 6 Ho tan 0 . (r* - I*)« 

.. fi- , 2 


The main advantage of this apparatus is that the specimen is 
not affected by the comiionents Hq and Hy of the earth’s magnetic 
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field since its axis is normal to each of them. Unfortunately, 
however, the distance of either pole from the centre of the magneto- 
meter cannot be determined easily for their exact location is un- 
known. This difficulty is avoided by placing the specimen in a 
vertical solenoid, but this necessitates that Hy should be com- 
pensated for othenvdse the specimen is not completely demagnetized 
initially. 

When corresponding values of B and H are plotted as in Fig. 50-4 
the curve, OACD, obtained is termed a curve of magnetic in- 
duction. The dotted curve shows how the permeability varies 
with the field. We are not justified in drawing this curve in the 
neighbourhood of the origin since it is in this region that the 
experimental errors are large. 



Fio. 60*4. — Curves of Magnetic Induction (B, H) and of Magnetization 

(J. H). 

(a) At Eelatlvely Low Values of If. (t) In a Strong Field. 


A curve similar to the above is obtained by plotting J against 
H. This is known as the curve of magnetization [cf. Oacd, Fig. 
50*4 (a)]. There is one very important difference between the two 
curves, however. When the magnetizing field H becomes large, 
the curve J -H tends to become parallel to the H-axis — cf. Fig. 
60-4 (6), and when these conditions have been attained tlic iron 
is said to be saturated. The upper portion of the B-H curve 
never becomes parallel to the H-axis, for B is a function of H, 
viz., B = H + 4:7rJ, and even if J were absolutely constant, B 
would still increase with H. It must be remembered, however, 
that B and H are plotted on very different scales, so that from 
the diagram it would appear as if B tended to reached a saturation 
value. 

Hysteresis. — ^A more complete investigation of the behaviour 
of iron under the infiuence of a magnetic field may be obtained as 
follows : — When the current has reached its maximum value in 
the previous experiment the current is gradually reduced to zero 
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and the value of the current and the corresponding deflexion of 
the magnetometer arc recorded at convenient intervals. It will be 
observed that even when the current is zero the magnetometer 
needle is still deflected, a fact showing that there is a certain amount 
of magnetism left in the rod. This is termed the remanent mag^ 
netism or remanence. 

If the current through the solenoid is then reversed, increased 
from zero to its maximum value and then reduced to zero, reversed 
again and increased to a maximum, the specimen wOl have been 
taken through a complete cycle of magnetic changes. Fig. 60*5 
shows how th(^ intensity of magnetization varies with the magnetiz- 
ing field for samples of iron and steel. Such curves are known 
as hysteresis curves, and the inter(*opt 00 on the J-axis measures 



the remanent magnetism in the specimen. This is called its 
retentivity. The interc‘ei)t OD on the negative H-axis measures 
that magnetic field which is necessary to reduce the remanent 
magnetism to zero. This field is termed the cocrciVe force.^ The 
curves in Fig. 50-5 indicate that soft iron has gi’cator retentivity 
than steel when both materials have bocm magnetized to saturation 
but that the coercive force for steel is greater than for iron. When 
a hysteresis curve is plotted to show how the magnetic induction 
varies dpring the cycle, the intercept on the y-axis is known as 
the remanent induction. The negative intercept on the .r-axis 
is not important for when B — 0, J 4= 

If a piece of iron is subjected to a series of hysteresis cycles, in 
which an initiaDy large current is gradually reduced to zero, each 

^ or coercivity. 
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hysteresis curve gradually shrinks until finally the specimen is 
free from magnetism. This is most easily carried out with the 
aid of an alternating current — cf. p. 743. 

Energy must bo expended in order to magnetize a given specimen 
of iron or steel, but all the energy is not recoverable. When a 
magnetic material is taken through a complete cycle of magnetiz- 
ation, more energy is spent iix>on it than is returned to the so iree 
of energy (the battery). The difference appears as heat in the 
specimen. It may bo shown that 

^ (area of a hysteresis curve) 

represents the energy lost xier cycle per unit volume of the material. 
The corresponding rise in tomperatiiro may only bo 0-001® C., 
but if the sx)ccimen is subjected io an alternating field of, say, 
50 cycle.sec.^, the rise will bo 0-05® C. soc."^, or 3° C. min.~^ 

Temperuture and Magnetization. — When a steel magnet is 
warmed its i)o\g strength and therefore its magnetic moment 
decreases. Its original strength is re- 
gained in part a^v the tern])enituro re- 
sumes its initial vahio. Iron and Bieel 
are not attracted by another magnet 
when they are raised to a iemx>craturc 
above red heat. To show this an iron 
wire is made into a short coil and 
suspended near to one polo of a mag- 
net. It is attracted by the magnet and 
finally rests in contact with it. A cur- 
rent is then passed through tho iron 
wire so that it glows— it falls away 
from the magnet. 

With pure iron it is found that at 
temx)eratures above 900® C. it ceases to 
bo ferromagnetic but that it can be re- 
magnetized when its temperature lias 
fallen below this value. Tin's temx>craturo 
is termed the recalescence point for 
iron, for when a piece of iron is allowed 
to cool after being heated to a tempera- 
ture greater than this then the wire 
glows suddenly as it passes through this 
temperature, i.e. heat is evolved in the 
specimen. Other abrupt changes occur 
in other properties of iron at this tempera- 
ture, e.g. its resistivity changes suddenly, lienee an iron wire could 
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Fig. oO'G. — E xperiment 
on Kecalesceuce. 
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not be used as a resistance thermometer at high temperatures. 
Recent research has shown that at the recalescence temperature 
there is a sudden change in the arrangement of the atoms in the 
iron crystals. At temperatures below this point iron exists as 
a-iron, the atoms being arranged at the corners of cubes with other 
atoms at their centres, i.e. the atoms are arranged on a body- 
centred cubic lattice. At temperatures above the recalescence 
point iron exists as y-iron and the atoms are arranged on a 
face-centred cubic lattice, i.e. atoms appear at the corners of the 
cubes and also at the centres of the faces of the cubes. 

This rearrangement of the atoms is accompanied by a change 
in the length of the specimen which may be demonstrated as fol- 
lows : — AB, Fig. 50*6, is an iron wire surrounded by a glass tube 
to protect it from air currents. It is supported from an insul- 
ated clamp and its lower end is attached to a pointer moving 
about a pivot C. mass of load, D, servos to keep the wire 
stretched. When a current is sent through the wire it is heated 
and its expansion is indicated by the downward motion of the 
pointer. When the recalescence temperature is reached there is 
a sudden contraction in length and the pointer moves upwards. 
As the temperature is increased beyond this point the length again 
increases. Opposite effects are noticed when the wire is allowed to 
cool. In addition to these opposite effects, when the recalescence 

point is attained — as re- 
vealed by the jerk in the 
motion of the pointer — the 
wire glows brightly for a 
few seconds. This is due 
to the large amount of heat 
liberated when tlie iron 
changes from y-iron to a- 
iron. 

Shelf or d Bid well ’ s 

Pendulum — ‘ A Magnetic 
Engine/ — This is an in- 
teresting experiment, due 
to Bidwell, based on the 
fact that nickel, a ferro- 
magnetic material, loses its 

L \ magnetism when the tem- 

Fio. 60»7, — Sholford Bidwell’s Pendulum, perature is above 340® C. 

— the critical temperature^ 
for nickel. A nickel ‘ tongue,^ 2 cm. x 1 cm., is soldered to a 
copper disc 3 cm. in diameter, the thickness of the materials being 
^ i.e. the Curie point, cf. p. 988. 
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about 2 mm. This forms the ‘ bob ’ of a simple pendulum of 
length 2 metres. If necessary, a lead weight may he attached to 
the system to keep the suspension stretched. NS is a straight 
electromagnet arranged in line with the nickel. The pendulum 
is set in motion, and the nickel would remain attached to the 
magnet were it not for the presence of the bunsen burner placed 
as indicated in Fig. 50*7. This heats the nickel, which loses its 
magnetism, and falls away from the magnet. The heat is eon- 
ductod away from the nickel by the copper whicli is blackened 
so that this heat is quickly dissipated as radiant energy. By 
the time that the pendulum returns the nickel is below its (Jurie 
point temperature, it becomes magnetized as it approaelu'S the 
magnet NS, and the process is repeated. [A long pendulum is 
selected so that the period sh?dl bo large.] 

Tueop.iics of Maon’rtization 

Ferromagnetics, Paramagnetics and Diamagnetics. — Lot 
us briefly recapitulate the main facts which iire known coiujcrning 
magnetism. Faraday discovered tliat man\^ substances, and con- 
cluded that all, could bo divided into two classes in so far as their 
behaviour in a magnetic field was conooriicd. Ho found that 
mombors of the first class, tlio so-called paramagnctics, wlieii in 
the form of cylindrical spoeijnens, arranged themselves with their 
axes parallel to tlie magnetic field in which they were freely sus- 
pended. On the other hand, members of the second class — the 
diamagnetics — in vsimilar form, sot with their axes normal to the 
field. Amongst tlie paramagnetic^, iron, cobalt, nickel, and certain 
of thfur alloys, were capable of becoming very strongly magnetized. 
Diamagnetism and paramagnetism arc the general phenomena of 
magnetism, wdioroas ferromagnetism is a special case of para- 
magnetism. Ill passing, mention must bo made of a series of 
alloys — the so-called Heusler alloys — which do not contain any 
iron at all, and yet exhibit marked ferromagnetic properties. One 
of these alloys contains 10 per cent. Al, 24 per cent. Mn, and 00 
per cent. Cii. 

Any satisfactory theory of magnetization must exi)lain the 
following : — (i) The peculiar collection of properties known as 
ferromagnetism occurring in a few' elcraents and their alloys. 

(ii) The curve of magnetization, i.o. the curve exhibiting the 
relation between J, the intensity of magnetization, and II, the 
magnetic field. It must also account for the hysteresis loop. In 
the case of paramagnetics there is a linear relationship between 
H and J : for ferromagnetics, the relation is linear for low fields 
— this corresponds to the portion Oa of Fig. 50-4 (a) ; then there 
is a sharp rise, ao, and finally the approach to magnetic saturation 
— represented by the portion cd of the curve. 



988 


MAGNETISM AND ELECTlilOlTY 


(iii) The ‘ residual magnetism * or permanent magnetism of 
ferromagnetics must also be explained. Paramagnotios do not 
show this phenomena. Modern work, at very low temperatures 
and with very strong magnetic fields, now indicates that under 
these conditions there is an approach by paramagnetics to satura- 
tion, i.e. the J-H curve is not linear. With ferroinagnotics the 
condition of saturation is easily approached with relatively low 
magnetic fields, at ordinary temperatures. No paramagnetic sub- 
stance showing residual magnetism or hysteresis is known. 

(iv) The properties of a given specimen of iron depend on its 
past magnetic history. 

(v) Magneto-striction, i.e. the change in the linear dimensions 
of a body occurring when it is magnetized. 

(vi) 111 ferromagnetics, there is a temperature above which the 
residual magnetism disappears and the substance beliaves like a 
paramagnetic body. This temperature is known as the Curie point. 

(vii) The susceptibility, x = J/H, of a paramagnetic substance 
is inversely proportional to its absolute temperature, i.e. 



For ferromagnetics above the Curie point, i.e. when they behave 
like paramagnetic bodies, the suscexitibility is inversely proxiortional 
to T — 0, where 0 is the Curie point, i.e. 


The Molecular I'heory of Fcrromagiietizatiun. — In this 
theory, due to Webbr, Maxwell, and Ewing, no iiostulate is 
made as to whether the elementary magnets considered are in- 
dividual molecules or molecular aggregates. The demagnetization 
of a substance by heat or by rough mechanical treatment is explained 
by assuming that the elementary magnets are ‘ jostled ’ and re- 
arrange themselves with their axes orientated at random in space. 
Ewing has adapted his theory to make it fit experimental results 
quantitatively as well as qualitatively. 

To account for the magnetic properties of iron and kindred 
materials it is assumed that the molecules of these substances are 
all small elementary magnets each having its own north-seeking and 
south-seeking poles. In an unmagnetized piece of iron, for example, 
these elementary magnets form closed chains for the elemen- 
tary magnets that are near together must be arranged so that one 
pole of a molecular magnet is near to another of the opposite kind 
in a second molecular magnet. Wlion all the molecular magnets 
form such closed ohiains the iron, as a whole, will exhibit no magnetic 
properties. When the iron is subjected to a magnetizing field each 
molecular magnet will experience a couple tending to rotate it so 
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that its axis is in the direction of the field. These couples will be 
balanced by the couples between the magnets which become operative 
when the molecular magnets are displaced from their zero positions. 

To account for the main features of the magnetization curve Oacd 
shown in Pig. 50*4 (a) let us consider a group of four molecular mag- 
nets. Initially they will be arranged somewhat as in Pig. 60-8 (a). 
When a weak field is applied these magnets assume positions as in 
(6), and until the field is increased beyond the stage represented by 
Fig. 60*4 (a), the rotations of the magnets will bo proportional to the 
field, i.e. the shape of the portion Oa of the curve is explained. As 

(«) »> (C-) 

Fig. TiO 8 . — Molecular Magnets 

the field is still further increased a stage m soon reached in which 
the equilibrium, of the magnets becomes unstiil)lo and they tend 
to arrange themselves with their axes in the direction of the field. 
This accounts for the sharp rise ac in the curve. On increasing 
the field beyond this only small changes are protluced in the align- 
ment of the molecules and the specimen reaches the stage of 
saturation — od. 

The above theory contain.s no suggestion as to the reason why 
the molecules are magnetic. Modern theory attributes the magnetic 
properties of a!l suljscances to the motions of the electrons in or 
among their constituent atoms. The magnetic effects caused by the 
motions of the positively charged nuclei are probably very small. 

Theories of Panmiagnetizatlon and Diamagnetization.— The 
fact that the susceptibility of a paramagnetic substance is inversely 
proportional to its absolute temporatiurc, whereas that of a diamagnetic 
substance is indi?penderit of tlie temperature, makes it clear that the 
phenomena must have different causes. Experimental results lead to 
the following concluaious. 

Diamagnetism is a fundamental property of all substances, whereas 
paramagnetism is a possible feature, and when it occxirs its effects are 
superposed on those attributable to the diamagnetism in the substance. 
Paramagnetic effects are very much larger than diamagnetic ones, so 
that the latter are masked considerably. Suppose that a body is strongly 
diamagnetic and that its paramagnetic properties are weak ; the body 
will appear to bo diamagnetic. When the tomperaturo is raised, the 
paramagnetism disappears and only diamagnetism is left. Actually 
the amount of diamagnetism is unchanged but it will appear to have 
increased. This is the generally accepted explanation of the fact that 
the susceptibility of some diamagnetic bodies does apy)ear to vary 
with temperature. 

i.e. NN* 


Diau.=3 BOKim 
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Tho variation of the susceptibility, Xf among the elements shows a 
periodicity agreeing with that of the Periodic Table. This suggests 
that magnetism is an atomic phenomenon. 

Suggested Theory of Paramagnetlzatlon. — Suppose the elec- 
trons move round the nucleus of an atom in circular orbits. Then 
each electron is equivalent to a circular current which may be replaced 
by its equivalent magnetic shell of magnetic moment M. The direction 
of the axis of the equivalent shell is normal to the plane of the orbit. 
Now, for most atoms, the resultant magnetic moment of the equivalent 
magnetic shells is zero, or else very &mall. There are some atoms, 
however, such os sodium, in which the size of one orbit is very much 
larger than any of the others, i.e. there is an electron with a large 
orbit, and hence the magnetic moment of such an atom will not be 
zero. Such atoms will tend to align themselves with the axes of their 
resultant magnetic momenta in tho direction of the applied magnetic 
field ; the material as a whole will become magnetized. Such bodies 
are the paramagnetics. 

Now suppose that we have a large number of such atoms the direc- 
tion of the magnetic moment of each being parallel to that of the 
applied magnetic field. As tho temperature is raised, the atoms will 
acquire considerably more kinetic energy and the above alignment 
will tend to be destroyed. This accounts, in a qualitative way, for 
the decrease of the susceptibility of a paramagnetic substance with 
rise in temperature. It also shows that any agent tending to alter 
the orientation of the atoms will have a marked effect on the magnetic 
state of the substance, e.g. mechanical shocks. 

Suggested Theory of Diamagnetlzatlon. — ^The electron theory, 
and also experiment, shows that a conductor carrying a current in a 
magnetic field is acted upon by a mechanical force — if the magnetic 
field is normal to the conductor, the direction of the mechanical 
force is normal to them both, its sense being given by tho left-hand 
rule. 

Now an orbital electron of an atom may bo regarded as an electric 
current — in an atom with many extra-nuclear electrons there are many 
such orbits. It may be shown that the ofTeot of a magnetic field on 
such a system is as if all tho charges, as well as moving in their orbits, 
also rotated about the direction of the field. The electron would thon 
describe a ‘ rosette.’ Such a superimposed rotation of electric charges 
will give rise to a magnetic moment in a direction normal to tho piano 
of the superposed rotation, i.e. normal to H. The sign of the effect 
is such that the field inducing it is opposed (general phenomenon in 
electromagnetism). The axis of the induced magnetic moment will 
therefore be opposed to the direction of the magnetic field, and the 
substance will therefore appear diamagnetic. Such phenomena will 
be common to all substances, if we assume that all atoms contain 
electrons. Paramagnetism is only shown by atoms having a par- 
ticular type of electron orbit present in them. 

The above is only a somewhat crude picture, but it appears to 
show that magnetism is a derived quantity due to electrons in motion, 
and the natural unit of magnetism would appear to be the magnetic 
moment of an orbital electron. Such a unit is termed the magneton. 

Ferromagnetism is of an entirely different order and its occurrence is 
rare. It must be connected with some peculiar atomic constitution — 
probably an inter-atomic effect. 
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EXAMPLE L 

L — Diatingiiish between the terms intensity of a magnetic field and 
intensity of magnetization. How would you investigate the relation 
between the magnetizing force and the intensity of magnetization for 
a soft iron wire T What difEorence would you expect to obtain if a 
sto(3l wire woro used ? 

2. - - A cavity of width 0-1 cm.® in the direction of the field used to 
magnetize a ferromagnetic mafc<»rial is made within that material but 
the cavity is vtjry largo in a direction normal to its width. If 
120 org.unit-polo.~^ is the work done per unit pole in transftjrring a 
small magnetic ]>oIe across the cavity when tlie strengtli of the 
magnetizing field is 20 oersted., calculate values for (o) the permea- 
bility, (6) tho sus(jopt.ibility of tho material. 

3. - -A rod of soft iron, initially unmagnetized ami 0*20 cm. in 
diameter, lies in an K.-W. direction. Tlie rod is I metre long and is 
siluatod inside a uniformly wound solcnoi(^i consisting of one layer of 
insulated wire of 1,020 turns and its length is 120 cm. If a steady 
current of 0*1 arnp. is sent through the coil, calculate a value for tho 
pole strength of tho magnet using the following data - 

TI fOersLodJ 15 [guvias] *; II [OorHteiJl , 15 [^juisk] 

0-5 « ' 2,000 2*0 10,000 

I 10 ; 7,000 , 6*0 13,000 

4. — Three metros above a laboratory bench is a horizontal stool 
girder, 4 metros long and of cross-sectional area 50 cm.®, lying in the 
magnetic meridian. Calculate a value for tho apparent value cf Hq 
at a point vertically below tho centre of the girdf^r, if tho susceptibility 
of steel may be taken as (K) o.in.u. and tho Jiorizontal component of 
tlio earth’s magnetic field as 0*200 oersted. 

5. — a thin iron wire (50 cm, long and 0 02 cm.® in cross-soetioii is 
placed vertically so that its ujjper polo is level with and 10 cm. due W, 
of a inagnetcmetop, Tho needle is detlectod 15°. Given that Hq, 
the horizontal component of tho earth’s magnetic field is 0-200 oorstofl. 
and that tho dip is tan“i 2*40, calcidato a value for tho induction in 
tho iron, assuming that its magnetism is duo entirely to tho earth’s 
magnetic field and that tho eftbet of tho lower pole on the magiif^tometor 
may bo neglected. 

6. — A magnet 12 cm. long and 0*5 cm.® in cross-section has a magnetic 
moniciit 900 org.oorsted.-^ Assuming that tho magnetic length of 
tho magnet is five-sixths its geometrical length, calculate a value for 
the intensity of magnetization of the material of tJio magnet. 

7. — A steel rod 36 cm. long (magnetic lengtli - 30 cm.) and 0*05 cm.® 
in cross-soction lies inside a long solenoid hfiving 9 turns per cm. 
length. Tlio axis of tho rod lies in an E,-W. direction and is initially 
unmagnotizod. A magnetic needle, 30 cm. from tlio centre of tho 
rod and due east of it, is deflected 20° when tho steady cuiTcnt through 
the solenoid is 0-5 amp. If Hq, the strength of tho earth’s horizoiwal 
magnetic field, is 0*20 oersted., calculate values for (a) tho polo strength 
of the magnet, (b) the intensity of magnetization, (c) tho magnetic 
induction and (d) tho permeability of tho steel. 

[Assume that the field duo to tho solenoid has been compensated in 
tho usual manner.] 
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THE DISCHARGE OF ELECTRICITY THROUGH 
GASES; X-RAYS; RADIO-ACTIVITY 

The Spark Discharge. — When a potential ditTerence of 20,000 
volts is catabh’shed between two terminals separated by about 
1 cm . in air a spark passes. The actual potential d ilfercnce necessary 
for the spark to pass depends upon the pressure and nature of the 
gas, the shape of the terminals, and their distance apart. The 
discharge is facilitated if a sharp, metal point is attached to one 
of the terminals. While the spark lasts there is a considerable 
increase in the electrical conductivity of the gas, and a largo current 
may pass. 

The Discharge of Electricity in Gases at Low Pressures. — 
If a p.d. of a few thousand volts is placed across two electrodes 
sealed into a glass tube about 1 metro long and 5 cm. in diameter, 
no visible effect is seen and a sensitive galvanometer placed in the 
circuit fails to detect any current. A side tube leading from the 
above tube to a pump enables the pressure in the apparatus to bo 
lowered and w'hen this reaches a pressure equal to that of several 
cm. of mercury a long tliin zigzag spark li^uises between the 
electrodes. When the pressure is reduced to about 1 cm. of mercury 
this spark widens and the tube is nearly tilled with a bright column 
of light estending from the anode, the colour depending on the 
nature of the gas in the tube. It is known as the positive column. 
When the pressure is about one half-millimetre of mercury the 
appearance of the discharge undergoes an entire change. The 
cathode is covered with a soft pale light known ns the cathode 
glow, .lust beyond it is a region where colour is practically absent ; 
it is termed the Crookes* dark space, C, Fig. 51-1. Beyond this 
appears a luminous column known as the negative glow. Its 
position is not influenced by that of the anode so that if this lies 
in a side tube the negative column is not directed towards it but 
goes straight on. A second dark space, F, generally appears beyond 
this column ; it is called the Faraday dark space. It separates 
the negative column from the positive one which has now receded 
from the cathode and exhibits many striations. If the cathode 

002 
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and anode have small holes at their centres luminous effects will 
now be seen in the regions beyond them. These will bo discussed 
later. 

When the conditions are such that the effects just described are 
seen, the p.d. necessary to send a current tlirough the tube is a 
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Fig. 51- 1. — Discilinrgo of Eleotririiy through Rarofic^J OasoH. 
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minimum. When llie ])reasnre is about 1 x 10 ^ mm. of meicury 
the positive oohimn disappears and a patch of green fluorescent light 
is observed on the glass wall opposite the cathode. It has been 
shown that this ciJcct is due to something omitted from the cathode 
and traveiling in straiglit lines along the tube. This latter fact 
may bo demonstrated by ])lacing a metal cross paralhJ to the 
cathode, wlnm a sharply dcsOned shadow is seen oJi the walla — 



cf. Fig. 51-2. If a magnet is placed near to the discharge tube the 
position of the shadow changes, showing that the path of this 
something in tho tube has become curved. If an insulated metal 
plate is placed in tho path of this something the plate acquires a 
negative charge. From these experiments one concludes that 
negatively charged particles travelling from the cathode must be 
responsible for these phenomena. Thej^ are electrons moving with 
a considerable velocity dowm the tube and are termed cathode rays. 
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Cathode Rays. — ^Tlio chief characteristics of these rays arc as 
follows : — 

{a) They travel in straight lines. 

(b) When they strike soda glass they cause it to glow with a vivid 
green fluorescent light. 

(c) When they are allowed to fall upon certain fluorescent 
materials many brilliant hues are produced. 

(d) They can pass through thin sheets of aluminium foil without 
causing them to be punctured. Lbnai-d first showed that this was 
possible and found that the rays were able to travel a few centi- 
metres in air. The air glowed with a reddish violet light. The 
distance travelled by the rays in air could bo determined with the 
aid of a fluorescent screen. When the screen was moved away 
from the aluminium window in the tube a point was reached when 
the screen failed to fluoresce. It was assumed that the cathode 
rays had then been brought to rest owing to frequent encounters 
with the air molecules in their path. 

(e) The rays exert a mechanical force on the object with which 
they collide. The following experiment used to be cited in ])roof 
of tliis statement. If a small paddle with mica vanes is iflaccd in 
the path of the rays and mounted on glass rails the x^addle moves 
away from the cathode. This olfect, however, is j)ractically nothing 
more than a radiometer effect, for the actual force duo to the 
elections is loss than one dyne. 

(/) When the rays strike an object the temperature of the latter 
may rise considerably. 

(g) They are deflected both by a magnetic and bv an electrostatic 
field. 

The Nature of Cathode Rays. — The fact that cathode rays 
were deflected by magnetic and electrostatic fields finally enabled 
the nature of these new rays to be established. For a long time one 
school of thought had maintained that they were a kind of invisible 
light travelling in waves through space, whereas another main- 
tained that they were streams of negatively charged particles 
shot off from the cathode with considerable velocity. The pioneer 
work on this subject was carried out by Sm J. J. Thomson who 
showed that they were negatively charged particles — or electrons. 
Their mass was about that of an atom of hydrogen and 

their velocity, depending, among other things, on the applied p.d. 
between tlio electrodes, ranged from one-thirtieth to one-third that 
of light, i.e. from 10* to 10^® cm. sec.”^ 

Fig. 61'3 is a diagram of an apparatus used by Sir J. J. Thomson, 

to measure the velocity, v, and — , the ratio of the charge to the 
mass of an electron. This ratio is sometimes termed the specific 
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charge of tho olootron. C is the cathode and A the anode, 
with a slic 1 mm. wide in it. Some of the cathode rays shot 
off from C when a suitable p.d. is applied to the tube which 
is filled with air at an appropriate pressure pass through A. 
Tho end S of the tube is covered with zinc sulphide which 
fluoresces at the point whore the cathode rays sti’ike it. 
Arranged on either side of tho apparatus is a solenoid through 
which a current is passed. When these solenoids are excited tho 
position of the bright spot on S changes. From tho deflexion of 
this spot when the current through the solenoid is reversed, tho 

ratio ~ is determinable when the strength of the magnetic field is 

known. H and K are two parallel plates in tho tube and a known 
potential difference is applied to them. This electrostatic field also 
causes the spot of liglit to be displacivl. It will be seen that the 



Fia. 51*3. — Apparatus for Determining c/m for Elocl rons, 

electric and magnetic fields are at right angles to one another 
Whichever type of field is applied the deflexion is then in the 
same straight lino. The directions and magnitudes of the fields 
are then selected so that the spot of light remains in its zero 
position when the fields are simultaneously applied. Tho velocity 
of tho rays may then be determined. Ry combining these results, 
e/w may be calculated. 

The dotted circle, M, with its anticlockwise current is merely 
a conventional way of showing that the north pole of the ‘ deflect- 
ing magnet ’ is above the 
plane of the paper. 

Millikan's Method for 
the Determination of the 
Charge on an Electron.— 

The experimental arrange- 
ment used by Miluxan 
for the purpose of deter- 
mining the charge on an 

electron is shown diagram- « . i. r * 

.. n . ^ A Fig. 61-4. — ^MiUikon’fl Apparatus for Deter- 

matically m Fig. 61 *4. A mining the Electronic Charge. 

cloud of very small oil 

droplets was produced in tho chamber A containing very pure 
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air. The drops were produced by means of a spray or nebulizer. 
These drops acquired a negative charge through friction and fell 
slowly downwards. A few of the drops found their way through 
a small opening in the base of the chamber. This base constituted 
the upper plate of a parallel plate condenser BC. These plates were 
horizontal, so that when they were charged the electric field at 
the centre was directed along the line of action of gravity. The 
above plates were insulated from one another by quartz rods Qi 
and Qj accurately ground so that the vertical distance between 
the plates was constant and the field at the centre of the condenser 
therefore uniform. A telc8Coj)C enabled individual drops — such as 
D — to be observed when they were suitably illuminated by an arc 
lamp. This lamp was at a considerable distance from the appar- 
atus so that the air between the plates of the condenser should 
not be heated, and any heating effecit was further reduced by 
placing a water cell between the lainj) and the experimental chamber. 
Moreover, to diminish the effect of convection currents in BC these 
were made negligibly small by placiijg the apparatus in a thermostat. 

The telescope was })rovided with horizontal cross-wires and the 
time of fall of a droplet pUvSt these wires could be measured. 
The electric field was then suitably directed, and its magnitude 
chosen so that that the drop rose slowly : the time of transit 
across the wires was noted. Ihe field could tlicn be made zero 
(it is necessary to use a specially designed switch so that both 
plates of the condenser are automatically earthed when tliey arc 
disconnected from tlic charging battery) and the experiment re- 
peated, All this was done with one and the same drop and the 
charge on the drop could then be determined. 

If in the course of the oxj^crinuiiit th(^ chai-ge on the drop altered 
accidentally, or was altered ])y exposing the air between the 
plates to an ionizing agent — ^X-rays for example — the charge on 
the particular droj) was always found to be an integral multiple of 
a certain elementary cliarge, c, which is the charge carried by one 
electron. The atomic nature of electricity was thereby established. 

Millikan found that 

c = — 4-774 X 10""^® c g.s. electrostatic unit c»f cliarge 
= - 1-691 X 10-i» coulomb, 

[In passing we note that since the charge on a gram -ion is 
90,450 coulombs, it follows that L, the number of atoms in a 
gram-atom, is given by 

L =r 6-06 X 10*». 

Tliis is termed Loschmidt^s or Avogadro's number,] 
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Positive Rays. — If the cathode C, in Fig. 51*1, is drilled by a 
hole about 2 mm. in diameter rays will bo seen in the region CD. 
These are termed canal or positive rays. They are deflected by 
electric and magnetic flelda in directions contrary to those in 
which electrons are deflected. The magnitudes of tlio deflexions 
are much smaller for canal rays than for electrons. It has been 
shown that, in their simplest form, these niys consist of atoms which 
have lost an electron, i.c. atoms with a positive charge. By observ- 
ing these deflexions Sir J. J. Thomson was able to calculate the 
mosses of the atoms in tlie discharge tube. About 1010 Aston 
improved this method of investigating the nature of a sub- 
stance and si lowed that the vaiues of the atomic weights of tlie 
elements as determined by chemical analysis were only average 
values. For example, chlorine with an atomic weight 35*46 as 
determined by chemical means, was found to be a jiiixture of two 
diffeicnt chlorine atoms having atomic weights 35 and 37 rcspcc- 
tively. Substances having difTorent atomic woiglils but (jhemii^ally 
indistinguishable from one another are iernuMi isotopes. 

Rontgen Rays or X-rays. — In 1805 Bontojcn discovered that 
in ad<lition to the green fluorcsccMit light emitted from the ])oint 
wlicrc glass was hit by cathode rays, tiiis jioint was also the source 
of some invisible rays. Those rays, unlike t-h(^ cathoih* and j)ositivc 
rays, were not deflected hy electric and magnetic fields. Moreover, 
he w^as unable to cause them to bo diffracted or to produce inter- 
ference effects. It was not until 1912 that Sir \V. JI. Braoo and 
his son (now Prof, Sir W. L. Bkauo) 
showed that tliose rays did produce 
diffraction jiatterns when the structure of 
the diffraction grating was sufficiently fine. 

Crystals were the gratings they used. 

They proved that Rbntgen rays were very 
short electromagnetic waves and there- 
fore only differed from other light waves 
in the shortness of tlieir wave-lengths. 

The Gas -filled X-ray Tube. — An 
X-ray bulb of the type generally in use 
until about 1910 is shown in Fig. 51-5. 

The tube was cxiiausted until the pressure 
in it was about 3 X 10"^ mm, of me^cu^3^ 

C is the cathode, slightl}'^ convex, and A 
is the anode or anticathode as it is now 
generally termed. B is a second anode 
connected to the first. The exact part 
played by this electrode is not known 
and sometimes it is not fitted. When A and C are connected to 



Fig. 51-5. — Gas-fillod 
X-Ray liulb. 
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the terminals of a large induction coil so that C is at a negative 
potential with respect to A [the discharge from an induction coil 
is practically unidirectional] a beam of cathode rays converging 
upon the anticathode is produced. This becomes the seat of X-rays, 
which are produced whenever the motion of a swiftly moving 
electron is suddenly arrested. 

When such a tube has been in use for some time it may fail to 
act. This is because the gas in the tube, which is essential for its 
operation, has become used up, i.e. the tube is ‘hard.’ It is 
‘ softened ’ by heating with a bunsen flame the palladium tube, 
D, whicli, when hot, allows hydrogen to pass through into the bulb. 

In 1913, CooLiDQE revolutionized X-ray technique by the intro- 
duction of a bulb fitted with a hot cathode. Fig. 61*6 shows a 
modern form of such a bulb furnished wdth two arms and exhausted 
as completely as possible. The one arm carries the wares conveying 



the current necessary to heat a tungsten filament F. When this 
is heated to about 2,000° C. a copious supply of electrons is emitted. 
A few centimetres away from the filament is the anticathode A, 
inclined at 45° to the axis of the tube. The filament constitutes 
the cathode. It is surrounded by a hemispherical cap to focus 
the cathode rays on the target. When a large p.d. is applied to 
the tube the electrons are hurled with enormous velocity upon the 
anticathode where they are suddenly brought to rest and some 
of their energy emitted in the form of X-rays. A considerable 
amount of thermal energy is dissipated at the anticathode ; this 
heat is conducted along the thick copper rod, C, supporting the 
anticathode, to the radiating fans B. 

A transformer supplying a high alternating p.d. may be used 
with this latter tube which only allows the current to pass when 
A is positive with respect to F, i.e. the tube acts as its own rectifier. 

Hard and Soft X-rays. — ^The penetrating power of the X-rays 
from a gas-filled X-ray bulb is greatest when the amount of gas 
in it is very small. The highly penetrating radiations from such 
a tube are often termed ‘ hard ’ X-rays ; the rays from a tube 
in which the degree of vacuum is not so high, and which requires 
a lower potential difference across it to work, are termed ‘ soft ’ 
X-rays. In the tube with a hot cathode, the hardness of the rays 
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depends upon the potential difference across the tube ; i.e. the 
higher the volt.age the more penetrating is the radiation. 

An X-ray Installation. — An installation for tho working of an 
X-ray tube of tlio hot filamont tyi)o is shown in Vig. 51*7. P is tlu' 
primary of an intluction coil, and Tj being tho tcnninals. Those 
are connected to an a.c. source of supply, tho current being controlled 
by a suitable resistance, or, more economically, by nii'ans of a choke. 
One lead from tho secondary vS is earthed and ooiuieeted through a 
milliametcr, MA, to the antiealhodo end of the t ube. Tho other lead 
from tho secondary is connc'cted to the cathode. The cathoik^ is a 
tungsten wire nianu'iit heatcnl by tho bal^lery lb Tho filament current 
is controlled by a resistances li, and its \aluo indicated by the amnn'Ler 
A. Two j)iec(^s of metal, in the form of l.riaiiglos, are eoimectetl to 
Tj and Tg and adjusted so that tluo'r yroints art* about I mm. apart. 
If any liigh freqiK'iicy o.m.fs. are inducrtl in the in’imary a s])ark 
irassos between these points owing to tho high imx>edanco of tht' 



primary circuit for high-frequency eurrt'iiis. Tins i^rov(3nts a possible 
breakdown in the xu-imary circuit. With this arrangt*mcnt no rt'ctifying 
dovict) is necessary since the tube acts as its own roctifior. 

To protect tho ox)erator from X-rays tho tubo should be enclosed 
in a wooden box covered witli lead at k*asl 3 mm. tliick. An axjcrturo 
in the sido of tho box onablos a portion of tlit* rays to bo used for 
experimental purposes. 

Suppose that tho filament ceases to omit electrons. The trans- 
former is then suppljdng no current so that tho f)otential dilTeronco 
across the tubo rises. To prevent this from fracturing the tube a 
spark gap G is placed in parallel with the tubo. The distance between 
its extremities is such that a discharge takes place across it when tho 
potential difference applied to tho tube tends to increase beyond its 
working limits. 

Some Properties and Applications of Rontgen Rays. — 
X-rays render a photographic plate sensitive to a developer. If, 
therefore, an object, such as a human hand, is held between a 
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source of X-rays and a photographic plate, wliich is afterwards 
developed, a radiograph is obtained, i.e. there is produced an X-ray 
picture of the object. The X-rays are absorbed more by bone than 
by flesh, tliereforo the rays which traverse the bone are much reduced 
in intensity, so that their effects on the salts in the photographic 
plate are similarly diminished. If the subject which is under 
examination contains foreign metallic bodies, e.g. bullets, or coins 
and buttons which may have been swallowed, then the absorption 
of the X-rays is still more marked, so that the position of the 
metal can be located. In order to ascertain the depth at which 
such objects lie, two radiographs are taken at right angles to each 
other. If trouble is suspected along the alimentary canal, a large 
dose of bismuth is administered before a patient is examined. 
Bismuth compounds absorb Rontgen rays very easily, so that tho 
alimentary canal, which contains the bismuth, stands in high 
relief against the rest of the picture. Nowadays, owing to the 
high cost of bismuth, barium sulphate is often used. 

Some Further Uses of X-rays. — Rontgen rays find much 
application in detecting the presence of flaws, such as cracks and 
blow-holes, in metallic bodies. Where such faults occur the rays 
are transmitted more easily than elsewhere, so that a photograph 
reveals the defect easily. During the last few years, Rontgen 
radiation has boon used to discover the arrangement of the atoms 
in crystals. Under certain conditions X-rays are reflected from the 
layers of atoms in the crystal so that, by measuring the angle of 
deflexion, the distance between the atoms can bo calculated. In 
this way it has been sliown that sodium chloride consists of small 
cubes at the corners of which the atoms are placed. Diamond and 
graphite are both allotropic modifications of the same element, 
but X-rays have shown that their structures are different. In 
diamond the carbon atoms are packed very closely together— 
hence its hardness ; in graphite the atoms are so arranged that a 
certain plane of atoms is easily moved parallel to itself — hence 
the use of graphite as a lubricant. 

The Ionization of air by X-Rays. -In general air does not 
conduct electricity. If this had not been so it would not have been 
possible to charge a body which w'as in contact with the air, nor 
for it to retain its charge for a considerable time. Ibwards the 
end of the last century it was noted that air, and other gases, 
could become conductors. In 1882 Giese first recognized that the 
conductivity was duo to the fact that the gas atoms had become 
ionized, i.e. the creation of positive and negative ions in tho air 
renders it a conductor. Gases, however, never ionize spontaneously 
— an external agent such as X-rays (or a radioactive material) is 
necessary. 



RADIO-ACTIVE SUBSTANCES 1001 

Let us suppose that the air between two metal j)lates is ionized 
by X-rays and that the current between tlie jdates is measured for 
different potential diff'erenees across them — ef. Fig. IhS-G. A curve 
similar to that in Fig. 5 1-8 Avill be obtained. At small potential 
diflerenees tlic ions move slowly towards tlie approj)ri*ito plate 
and it the X-rays continue to act there will be a euri'ont between 
tlie plates. But all the ions formed will not reach the pHte for 
recombination occurs, i.e. neutral atoms are formed. When the 
potential is increased a stage is soon reaelud at N\liich the ions 
move so quickly that only a negligilile ainoiint of recombination 



occurs. When this ]ia[)})cns the current is a mc^asinv of the iiilensity 
of the ionizing agent for Ihe jiumber of ions n-ac^iung tin; electrodes 
ill unit time is equal to the number of ions j)r()duccd jxt unit time 
by the agent. Increasing the* pi>tenlial earmot inonvisc the current, 
wliich has ±eaehed its saturation value. But if the incT(?aso in 
potential is considerable the itjiis may a<*(piire sutlicient velocity for 
them to create now inns hy collision. When this occurs the ciiirniiit 
rises rapidly, the conductivity increases enormously and if the 
applied potential difference is suffieienlly high a S])ark passes. 
The variation of euj rent with potential when ah is iouizctl by any 
ionizing agent does not obey Ohm’s law. 

Radium and Radio-active Substances. — ^Tho discovery of 
radioactive substances arose out of an attempt to find out wdiether 
naturally occurring substances emitted ajiy penetrating radiations 
similar to that which had been discovered by R5ntgen in 1895. 
Now the Rontgen or X-rays are characterized by the fact that they 
are able to penetrate considerable thicknesses of matter, ionize a 
gas, i.e. render it conducting, and cause luminescence on a fluorescent 
soreon, both before and after passuig through matter, although 
their efficiency in this respect is then considerably reduced. It is 
not surprising, therefore, to find that the substances which were 
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ozamined were those capable of glowing [i.e. phosphorescing] under 
the influence of light. Professor Henri Becquebel placed a salt 
of uranium near to a photographic plate. After several hours a 
distinct mark was discerned on the developed plate — such a mark 
still persisted even when a thin silver screen was placed between 
the uranium and the plate, so that the darkening could not bo due 
to any action between the silver salts in the film and any possible 
vapours emitted by the uranium. In addition, it was fomid that 
the radiation from uranium had properties similar to the above 
mentioned properties of X-rays. The Curies suspected that the 
uranium they were using might contain a constituent far surpassing 
in activity that of the luanium itself. In 1898 Mme Curie isolated 
one of the salts of radium showing these remarkable properties to 
a very high degree, in fact its radiations were far more intense than 
those from the original mixture. It is now realized that radium 
is a by-product in the process of the emission of radiation from 
uranium. In 1903 Rutherford and Soddy advanced the view 
that these phenomena must be attfibuted to the spontaneous dis- 
integration of the atoms themselves ; in this process new elements 
were formed which had properties dififorent from the primary sub- 
stances in which they had their origin. In the case of radium one 
of the products of the atomic explosion is the so-called alpha^ 
particle — ^tbis consists of a helium atom which has lost two elec- 
trons and which is hurled forth with a velocity approaching that 
of light. These particles possess an enormous amount of energy, 
so that when they impinge upon a screen of zinc sulphide the 
arrival of each alpha-particle manifests itself as a momentary flash 
upon the screen. 

Soon after the discovery of these substances it was observed that 
the emitted radiations caused flesh to decay — ^it was hoped that 
such substances would be useful in checking and perhaps retarding 
some of the malignant growths to which mankind is subject. But 
whilst such experiments are still in progress and the results are 
promising, no definite conclusion has yet been reached. 

Alpha-, Beta-, and Gamma-rays. — In 1809 Rutherford 
showed that three distinct kinds of rays were emitted by radio- 
active substances. Fig. 51*9 shows schematically the action of a 
strong magnetic field normal to the plane of the paper ois a narrow 
pencil of rays emitted from a small quantity of radium placed at 
the bottom of a narrow hole drilled in a block of lead. [The direction 
of the field is indicated in the conventional manner shown at the 
side of the diagram.] The a-rays are deviated slightly to the left 
while the /J-rays suffer a much larger deviation to the right. The 
y-rays are not influenced by the magnetic field. From the 
deviations thus produced we conclude that the a-rays carry 



RADIO-ACTIVE SUBSTANCES 1003 

positive charges whilst the ^-rays carry negative charges. From 
similar experiments made to discover the action of an electric 

field on tliese rays tlie ratio — for the a and B rays has been deter- 

m ' 

mined. The a-rays are now known to be swiftly moving helium 
atoms which have lost two electrons, i.e. they 
are positively charged. These ra 3'8 are able 
to pass through tliin sheets of metal or glass, 
but they are comidetely absorbed by an 
aluminium plate 5 mm. thick. The /i-rays 
are nothing else than electrons moving with 
enormous velocities, i.e. they arc cathode rays 
moving with vcilocities much greater than 
those of the cathode rays we have previously 
studied. They are able to pass throiigli the 
above aluminium plate. The y-rays are now 
known to be very penetrating X-rays, i.e. 
their wave-lengths are about 1^0 times less than those from an 
X-ray bulb. These ra^’S have remarkable penetrating powers and 
the intensity of the most penetrating y-rays is only reduced to one- 
half by sheets of load 1*4 cm. thick. 

In the section of this book dealing with optics a short discussion 
of the Newtonian corpuscular theory and of ILuyghcns’ wave theory 
of light was given. The former asserted that light consisted of a 
swarm of rapidly moving material particles, whereas Huyghens 
maintained that in optics we had to deal with the propagation of 
a state of motion. Now X-rays are a forju of radiation having 
definite wave-lengths, whereas cathode rays are material particles 
moving with high velocities. In the instiince of radioactive sub- 
stances both types of radiation arc found, i.e. some is corjjuscular 
while the other is a form of light with a very short wave-length — 
far shorter than that of the rays emanating from an X-ray tube : 
even so, these radiations are grouped together undei* a common 
heading, for they transmit energy with great velocity through space. 

A remarkable fact about radium ia tlie enormous amount of 
energy which it emits as radiation. In the early days of radio- 
active discovery much speculation arose concerning radium os a 
possible perpetual source of energy, but the emission of radiation 
from a radioactive body is accomi:)anied b\^ a diminution in its 
mass, so that the ideal of the old alchemist remains as great an 
enigma as ever. A natural consequence of this largo emission of 
energy from a radioactive material is that if a radium salt, con- 
tained in a tube, is placed in water, the temperature of the water 
rises. Callendar succeeded in measuring the small heating effect 
due to 0-001 gm. of radium (in the form of radium chloride) by 
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means of an apparatus which ho designed. The heating effect of 
the nulioactive substance under examination is neutralized by the 
absorption of energy which oecurs when an electric current is 
passed across the junction of two metals^ — the dii*ection of the 
current must bo such that energy is absorbed. The radioactive 
substance and the thermo junction were enclosed in a copper 
cylinder, and the electric current adjusted until there was no 
differenco of temperature between the cylinder and an outer copper 
sj)hcre. It was found that 1 gm. of radium emits energy at a 
rate of 130 cal. hr.”^ This it continues to do for centuries. 

The Nature of a -rays. — ^Tho direction of the deflexion of a- 
rays in a magnetic field shows that they are positively charged 

particles. The value of ^ for tlicse rays and their velocity may 

be obtained by compensating the deflexion of the rays in a mag- 
netic field by an electric field arranged at right angles to the magnetic 
field and measuring the deflexion in either field alone as described 
on p. 995. For our present purpose it is convenient to take as 
our unit of electric charge that of a mono-valont positive ion, viz. 
4*77 X e.s.u., and as the unit mass that of a hydrogen atom, 

viz. 1-66 X 10^24 gm. In terms of these units — for a-rays is 

Hence an a-ray is either a particle having a single elementary 
charge and an atomic weight 2, or else one with a charge 2 and a 
mass 4, Other possibilities naturally suggest themselves. Let us 
see how the problem was solved. 

In an earlier section it has been mentioned that a-rays produce 
luminescence whenever they strike a fluorescent screen. If this 
screen is examined with the aid of a low-power microscope, it is 
found that the arrival of every a-particle is accompanied by a 
momcntaiy flash of light, a fact indicating that these rays are dis- 
crete particles. These flashes of light are termed scintillations, 
and by counting the number of these occurring in a measured 
time interval it is possible to determine the number of particles 
sent out from a speck of radium at the apex of a cone whoso base 
is the screen on which the a-rays impinge. It is only the <x-particles 
lying within this cone that are counted. The total number omitted 
per gramme of radium per second in all directions is easily deduced. 
If we are able to raoasmro the total charge associated with the same 
number of particles, the charge on each particle follows at once. 
To measure the total charge on a known number of particles a 
minute source of the a-rays is placed in a vacuum and a charge 
collected in a given time by a metal plate, situated in the same 
vessel as the radioactive material, determined with the aid of an 
electrometer. Since an electrometer measures changes in potential 
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it is necessary to know the capacity of the instrument and its 
connections if the rate at which its charge changes is to be deduced 
from the rate at which the potential dilference of the quadrants 
varies. The number of rays striking the plate is derived from the 
geometry of the system, etc. The charge on each particle was 
found to be 9-548 X lO^^® e.s.u. or 2e, where e is tlie charge 
carried by a hydrogen ion in electrolysis, and — e the charge on 

g 

an electron. Since — is equal to 4, it follows that the mass of the 
m 

a-particle must bo 4, i.o. four times the mass of a hydrogen atom. 
It therefore seems tliat alpha particles might be ionized atoms of 
helium. To test this possibility, Rutherford allowed the alpha 
particles to penetrate through the walls of a very thin glass chamber 
into a discharge tube where the gas pressure was so low that no 
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discliarge could bo pnsscd through. At first no change occurred, 
i.e. no discharge of electricity took place when the electrodes were 
connected to the terminals of an induction coil. After a few Jiours 
sufficient a-particles had penetrated into the tube for a discharge 
to occur and the helium lines appeared when this was examined 
spectroscopically. The intensity of the lines in this spectrum in- 
creased as more a-particlos penetrated into the discharge tube. The 
alpha particle is therefore an atom of helium which has lost two 
electrons, and therefore carries a charges 2c. According to modern 
atomic theory an alpha particle is the nucleus of a helium atom, i.o. 
it is that part of a helium atom rcmaiTiing when the latter has been 
deprived of its two outer electrons. 

Alpha particles are characterized by the fact that after they 
have proceeded a certain distance in air they are no longer able 
to ionize the air. This phenomenon was discovered by Sir W. H. 
Bragg in 1904. His apparatus is shown diagrammatically in 
Fig. 61-10 (a). A layer of radioactive material is placed at 0, a 
point on the bottom of a lead-lined box and some of the alpha 
particles emerge from a hole A in the lid of the box. B and C 
are the plates of a condenser, B consisting of a piece of wire gauze 
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80 that the a-partiolos may pass into the condenser. By means 
of an electrometer the current between the condenser plates is 
measured. Tills is done for various distances of the condenser 
from the source. Since all the a-particles in the nan'ow pencil pass 
into the region between B and C, the variation of the current with 
distance is a direct measure of the ionization produced by the 
a-rays at diflFerent points of their path in air. The manner in 
which the current varied is indicated in Fig. 51*10 (ft). At first 
the ionization current is almost independent of the distance. Then 
it increases to a maximum and finally falls very shar^ily almost 
to zero. If /S and y rays are present there is always a small residual 
ionization ; this remains practically unchanged as the condenser 
is moved beyond the range of the a-particlos under investigation. 
The distance OR is taken to bo the range of the a-rays in air under 
the prevailing pressure conditions. 

The a-particlea emitted from a radioactive source have a very 
high energy content. When they collide with an atom they may 
knock out one of the extra-nuclear electrons of this atom. In 
doing this, the energy of the a-iiJirticle is decreased, but as it 
proceeds more and more collisions occur. A trail of positive and 
negative ions is therefore left behind, and the a-particle continues 
to operate in this manner until its velocity falls below a certain 
critical value when it is no longer able to eject an electron from an 
atom with which it may collide. 

The Nature of /9-rays. — From the deflexion of these rays in 
magnetic and electric fields it was soon apparent that /S-raya were 

• c 

high-speed olecirons. By means of methods already described ~ 

and the velocity of those rays were determined. The values ob- 

tained for however, w'cre not constant but the maximum value 
m 

was the same as that for the electrons in a discharge tube across 
which the potential difference was not very great. The rays for 
which the specific charge was a maximum were the slowest. Now 
according to the theory of relativity the mass, m, of a body is 
related to its mass, mo, when it is stationary — its so-called * rest- 
mass ’ — ^by the equation 


m = 


mo 




whore /5 — — (c is the velocity of light in a vacuum). Hence 
c 


m 

Buohebeb investigated the validity of this formula and his 
results were in agreement with it. 
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/S-rays, unlike the a-rays, are not characterized by a definite 
range in air. This is because they are lilectroris and altliough 
their speed may bo high tlieir mass is small compart'd with that of 
an a-particlo. When they ionize a gas atom by colliding with it 
they are deviated from their paths. The path of a /J-ray in a gas 
at atmo.S])heric pressure is tlierefore an irregular and devious one. 

The Nature of y-rays. — Since y-rays arc not doflectovl when 
subjected to the action of magnetic aiul electric fields they are 
regarded as being X-rays of very sliort wavo-lengtli. We have 
seen that X-rays are ]m)ducod when swiftly moving electrons arc 
stopped. It is believed that the y-rays have tln*ir origin when a 
p-ray is Htopi)ed by the material resx)oneible for its origin. 

Helium from Radio -.active Minerals. The st()p-co(!lvs 11 and 
K of tho apparatus show/i in Vig. 51- 1 1 aro opi iu'il so that the 
apx)aratus is ('xliaustcd. Tho tubo H oontahiiTig a small (pianLity of 
freshly ignited charcoal is then cooled to liquid air tr-m[)era.turo so 
that traeciS of gases and va])oui\s still in the ap])anilus are absorbed. 
When this occurs an hiduedion coil connect(‘(l t<o tiu* ( lecl-rodes '\\ 
and T 2 fails to excilo the tube C to hiinine,sc<'jic('. A siuall i|U{iiiiity 
of cleveitc! — a nidio-aetivo riun<'ral - previously j^laeod in A is tluai 
heated when gases are evolv(*d. T’heso pass ov('r the charcoal which, 
at tho tomp«Taturo of li(]uid air, y)oss(‘sses tho i)rojKT'iy of rapidly 


I To Pump 



absorbing such gases as air, carbon dioxide*, otc. As the heating is 
continued and tho induction coil kept in oj;oration a faint yellow glow 
appears in tho discharge tuln'. Tho intensity of this glow increases 
as the exporimorit continues. It is duo to helium which, together 
with other gasos, has been occluded in tho mineral — the charcoal 
absorbs these other gasos but not the helium. This holium is produced 
when tho alpha particles ejected from tho radio-active rnatlcjr lose 
their positive charges and tho normal holi\im atoms y^roduced remain 
embedded in tho clovcito. When tho mineral is h('ated this helium, 
which is radio-active in origin, is exj) 0 lled along with other gases which 
are always occluded in solids. 
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Cosmic Rays. — ^For a long time evidence has gradually been 
accumulating to show that at the earth’s surface there is highly 
penetrating radiation very similar to y-rays. For example, a gold- 
leaf electroscope slowly loses its charge even when the leak along 
the support of the leaves is prevented. The rate at which this 
charge is lost increases when the observations are made at high 
altitiides. This suggests that this radiation comes from space. 
Millikan has recently carried out a number of experiments in 
this connection and he has found that the rate of leak of the 
electroscope from this cause decreases when it is sunk to dif- 
ferent depths in lakes. The origin of these cosmic rays is un- 
certain. 

Thermionlcs. — When certain inorganic salts are heated positive 
ions, i.e. atoms or molecules charged positively, are emitted. Thus 
impime aluminium phosphate emits sodium ions. Metal wires 
emit both positive and negative ions when heated, but at temper- 
atures above 1,000° C. the emission consists almost entirely of 
electrons and are termed thermions. 

The Diode. — This (consists of a highly exluuiHied glass v^esscl 
with a tungsten iilarnent F ajul a collecting plate (or anode) 1\ 
A diode and its connections are shown in Fig. 51-12 (a). TJa^ 
filament is hosted by current from a cell, 0, controlled by an adjust- 
able resistance, R, ’fhe negative end of the filament (by convention) 


a 



Co/ivention^f current 



Fjo. 51-12. — ^Tho Diode. 

is connected through a millianinieter, MA, to the negative end of 
the battery B. The plate P is kept at a positive potential, measured 
by a very Jiigli resistance voltmeter V, with respect to the filament. 
When the temperature of the filament is sufiieieiitly high electrons 
are emitted from it and most of these are collected at P. By 
varying the accelerating voltage, while the current through and 
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hence the temperjitnro of tlie. filament are niaintainetl eonslant, 
and measurinir the anode enrrent, curves similar to (i), Fi^^ 51*12 (h), 
will be obtaijied. Curve (ii) is obtained wJien the filament tempera- 
ture is increased. 'Fhey constitute the characteristic curves of 
the diode. The first part of each curve obeys a ij powder law, 
i.e. IocV3, but eventually each becomes ])a nil I el to ther-axis showiiig 
that the current approaches a saturation value. 'Fliis state of 
affairs is reached w^hen all the electrons arrive at the collect ini^ ])late. 
It is most readily obtainiHl when the plate 1* is cylindrical and 
entirely surrounfls the filament. If, as fiu'quently occurs, the 
filame»it is in the form of a loop cxlendinu; beyond the ends of the 
cylindrical eh'ctrodi*, saturation is not. so easily obtained. The 
dotted curve's in the diajfrarn arc typical and it will be not(*d that 
the saturat ion current is a])proachcd more' e le)se'ly when the te'uipera- 
ture of the filameuit is low. When the fihiment is hot, its tip, which 
is cooler than the re'st since it is held in a. sup])ort, is also ('milting 
electron.:} and high voltages are* rcepiire'd If) bring all these to the 
])late'. . 

It will be noted that the' relation betwe'en voltage* anti currt'nt is 
not a linear ohe, so that Ohm's law is not valid in this instane*e. 

If the plate P is connected to the negative end of the high-tension 
battery no plate current is obtained. It therefore follows that 
when such a tube is connected to a source of alternating current 
the current will only pass in one direction, i.e. the current has been 
rectified. 

Example.- -'Vlloalvons from a hot filamoiit aro shot across a vacuous 
space to a collecting plate maintained at a potential of -f 100 
volts relative to the filament. Assuming that the specific charge for 
electrons is 1*77 X 10’ e.in.u. gni.-b calculate the velocity of the 
electrons when they reach the plate. 

1*77 X 10’ €).m.u. gin.-' 

Now 1 o.m.u. of quantity = 3 X 10'® ('.s.u. of quantity. 

.•. — = 1*77 X 3 X 10'’ c.K.u. gra.-' 
m 

Also 100 volts = J e.s.ii. of potential difference. 

Let V be the velocity required. Then kinetic energy = But 

this is equal to the work done by the field on the elect ron, viz. eV ergs 
where e and V are in o.s.u. Hence 
= pN. 

^ /r.'TTv 

.-. V - \/ = \/3*54 X 10'’ 

= 0 X 10® cm. soc.“'. 

[N.B . — B = - — 0 02, i.e. the velocity of the above electrons is one- 
c 

fiftieth that of light across space.] 
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Photoelectricity. — Hebtz and others in their experiments on 
the discharge of electricity through gases noticed that the discharge 
between two terminals took place more easily when the spark gap 
was illuminated. In this respect ultra-violet light was more 
effective than rays from the visible or infra-red regions of the 
spectrum. Hallwaohs soon afterwards showed that tliis pheno- 
menon depended on illumination of the cathode. Fui’ther investiga- 
tions by Elsteb and Geitel, and by Lenabd, proved that when 
metals are illuminated they emit electrons — the so-called photo- 
electrons. 

Experiment . — Connect a zinc plate to an electroscope and oliarge 
it negatively. Then allow light from an arc lamp (rich in ultra-violet 
rays) to fall on the plate. Its potential diminishes rapidly, duo to 
the escape of electrons from its surface. 

Repeat the above with the plate charged positively. Its potential 
does not change since the positive charge on the plate prevents the 
electrons from escaping. 

A more exact study of the photoelectric effect may be made 
with the apparatus shown in Fig. 51*13. The plates A and B are 



enclosed in an (jxhausted glass tube fitted with a quartz window W 
and connected to the positive polo of a high-tension battery and to 
the insulated quadrants of an electrometer, Q, respectively. The 
negative pole of the battery is earthed. The key, K, enables the 
electrometer to be discharged before commencing the experiment. 
When this is removed and ultra-violet light allowed to fall on B 
the electrometer needle begins to move, showing that electrons are 
emitted from B. 

It is now known that no photoelectrons are omitted sinless the 
frequency of the incident radiation is greater than a certain value 
characteristic for each metal. Thus for sodium there is no photo- 
electric effect unless the incident light has a frequency greater than 
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al)out 6 X 10'^ (green light). Thua blue light (shorter wave-length 
and therefore greater frequency than green light) falling on sodium 
causes the emission of many photoelectrons. If red light, however, 
is used no such emissicn occurs even if th.e light is incident for 
years — theory suggests it to be impossible. 

Three important generalizations with reference to the emission 
of photoelectrons are as follows : — 

(а) Thf 3 number of ele<‘.trons emitted per second is directly pro- 
portional to the intensity of the incident radiation. 

(б) The kinetic energy of the electrons is indepciidont of the 
intensity of the light. 

(c) The kinetic energy of the electrons increases with the 
freqiKJiicy of tlie incidtuit light according to tlie following law due 
to Einstein : — If rn is the mass and y tlie velocity of an electron, 
V the frequency of the incident light, and Vo the cluiracteristic 
frequency for the particular metal uridcr investigation, then 

^ Ji(v - 

where h is a iiniveryal consianf, termed rierM'k'y coieilarit. it is 
equal to 6*55 X 10"^^ erg. sec. 


EXAMPLES LI 

1. Give a sketch of two types of X-ray bulh and explain how tlu^ 
rays are produced. What are the chief pro];.'r<ie^j of X-ru>tt T 

2. Describe how cathode rays and Rontgen rays may bo produced. 
What are the essontial ditfercncea between these two types of rays T 

3. Give a short accoiuit of the more impoitant oiiianatious Irorn a 
radio-active substance. 

i. - Electrons onior a uniform magnetic, field of inieiisily 2(hT oersted 
in a direction at right angles to the linos of force. In what time do the 
electrons describe a complete circle T 

5 , — A beam of electrons is omitted from a hot filament in an easterly 
direction. Tlie horizontal component of tho earth’s magnetic field 
(0-2 oersted) deflects tlie bcjam into a circular arc of radius 2 metros. 
Calculate a value for the velocity of tho elections. Through what p.d. 
must the electrons full in order to acquire this velocity, assuming that 
the velocity of escape is zero T 

0. — A drop of oil, density 2 0 gra. cm. * and radius 0 0001 cm., carries 
a charge of four electrons. W^hat p.d. must be applied between tho 
plates of the condenser in Millikan’s experiment in ordi^r that the drop 
may float if the platf'S are 6 mm. apart ? Also calculate the maximum 
rate of fall of the drop when tho electric field is removed, if tho viscosity 
of air at 16® C., the temperature at which the experiment is carried 
out, is 1*80 X 10^ gm. cm.“* sec.*^ 




ANSWERS TO THE EXAMPLES 

I; 5 ® ®’° 1*'- w 31* ft- (6) 24-» cm. 

*° *^'- (3) ®‘33 ft. Bcc.-*, 6-0 sec. (4) 8 cm. seo.-» 

(6) 4-79 sec., 367 ft. (0) 2-7 sec. (7) 48mL hp.-^ (8) 67*9 ft. sec.-^ 102 ft. 
(9) 20 cm., 40 cm. (10) 110 ft.lb.-wt. (11) 0*447, 1. (12) 207r/3, 40»rV9. 
(13) 1*01 to n.-wt. ( 14) 2ir/7 sec. (16) 4*3 X 10* erg. 

(16) 10 mVlg (2— -v/S) gm. cm. sec.'"^ 60 mlg(2— v'3) erg. 

III. (1) 139 ft., 324 Ib.ft.aec.-i (2) 11*7 Ib.-wt., 3*34 ft. sec.-* 

(4) 0*29 cm. from the centre. (6) 42-2 Ib.-wt. (6) 28 Ib.-wt., 1 : 3. 
(8) 20-67 gm. (9) 1*66 ft. from the fulcrum. (10) 78*7 gm. (11) 62® 65'. 

(13) Any point in a vertical line 0*5 in. from the median through C, and 
on the Bide nearer to B. (17) 86 ft. (18) 16-8 ft. (19) 26'. 

IV. (1) 20*4 gm. (2) 40*6 cm. (3) J60-3 atmos., 1521 ton.-wt. ft.'* 
(4) 211 gm.-wt. cm.-* (6) 0*73 ft. (6) 6*88 in. (10) 4*96 cm.* 

(11) 29*2 in. of mercury. (12) 261*1 gm. (13) 0*0779 cm., 1*297 gm. cm.“* 

(14) 13-7 cm. of water. (16) 12*5 cm.* (16) 3,809 lb. yd.-* (18) 0*604 : 1 
by volume. (19) 0*0169 gm. too heavy. (20) 7*57 cm. (21) 1*014. 
(22) 76 cm. (23) 67 cm. (25) 29*54 in. (26) 29*5 in. 

V. (3) 30*6 dyne, cm.-^ (4) 2*7 gm. cm.-‘ sec.-^ 

(8) 30*7 dyne.cm.-i (13) 1*26 X 10* dyne, cm.-* (16) 2*50 cm. 

(16) 1*3 cm. (17) 16*1 cm. 

VI. (1) 2. (2) 311 Ib.-wt. in.-* (3) 8 kgm. (4) 0*085 cm.* 

(6) 6*68 X 10* erg. (6) 2*03 X lO^* d 3 me. cm.-* (7) 32 kgm. 

(9) 4*06 X 10** dyne, cm.-* (10) 1*0007 gm. cm.“® 

(11) 1*29 X lOMb.-wt. in.-* (12) 1*'16 soc. (14) 179*6 cm. 

VII. (1) 99*69® C., 4- 0*39° C. 

VIII. (1) 0*0000075 deg.- 1 C. (3) 0*9098 sec. (4) 3*82 X 10"* deg.-* C. 
3*77 X 10-* deg.-^ C. 

IX. (1) 13*35 gm. cm.-* (2) 0*00014 dog.-» C. (3) 0*0664 cm.® at 0® C. 
(4) 241*6 cm.*, 420 cm.® (5) 83° C. (6) 80*7 cm. of mercury. 

(8) 1*064 X 10-* deg.-iC. (9) 0*00018 deg.-i C. (10) 0*340 gm. 

(13) 0*00216 deg.-^F., or 0*00387 deg.-^ C„ i.e. 1*06 times too large. 

(14) 0*128 of the internal volume. (16) 0*27 cm. (17) 321*6® C. 

(19) 0*00072. (21) 761*7 mm. (22) 0*00031 deg.-i C. (24) 225° 0. 

(25) 2*29 X 10-* deg.-^C. 

X. (1)6*74 X 10* cal. (2) 13*4 cal. dog.-» C. (3) 0*092 cal. gm.-^ dog.-^ C. 

(4) 11*2 gm. (6) 0*141 cal. gm.-i dog.-i C. (6) 0*077 cal. gm.~» deg.-^ C. 

(7) 0*046 cal. gm.-^ deg.-^ C, (14) 0*072 cal. gm.-^ deg.-^ C., 0*63 cal. deg.-^ C. 
(16) 138*9 cal.deg.-^C. (16) 62 lb. 

MI. (1) 7*8 cm. of mercury. (2) 0*42 atmos. (3) 0*8 and 1*2 cm. of 
mercury respectively. (4) 23*7 cm. 

XIV. ' (1) 71 per cent. (2) 349 metre, sec.-^ (3) 2*11 X 10* cm. sec.-^ 

(5) 0*0088° C. 

XV. (1) 0*118 cal.cm.-»8ec.-»deg.-iC. (3) 2 X 10* cal. 

(4) 1*67 X 10* cal. 800 .-^ (8) 1*6 X 10-* cal. cm.-*^ sec.“^ deg.-* C. 

(9) 0*93 cal. cm.-* sec.-* deg,-* C. (10) 464 watt. 

XVI. (3) 3*83 X 10-» cal.cm.-*aec.-Meg.-iC. (4) 0*17 cal.sec.-i 

(6) 73*1 cal. sec.-* (6) 8:1, equal. (8) 3*71 deg. C, min.-* (9) Temp, 
rises at a constant rate 0*06 deg. C. sec.-* (11) 6*9 X 10- * dog. C. sec.-* 

^ 

XVII. (1) 1 : 1*82! (2)^81 om. (3) 1*04 (or 0*96). (4) 14*3 cm. 
(6) 1*06 or 18*94 metres from the brighter source. (6) 41*9 om. from spot. 

XVIII. (1) 62°. 

XIX. (1) 12 om. (2) — 11-3 cm. (3) 2-7 ft. in front of mirror. 
( 4 ) 3*26 in. behind convex mirror. (6) — 2-2 in. (0) — 6-2 om. (7) 52-5 cm. 

(8) 2-67 ft. 

XX. (2) 28° 16'. (3) 1-01. (4) 48° 33', 62° 44'. (5) 1-605, 38° 33'. 
(6) 1*529, 39° 44'. (8) 0*38 in. (9) 33*2 cm. behind the front surface. 

(10) 34° 51'. (11) 4*81 cm. (12) 68° 38'. (13) 69° 42'. 

XXL (1) - 22*3 cm. (2) + 8-4 cm., 0-41. (3) 41*4 cm. (4) 20 cm. 
behind second lens ; unity. (6) — 17-7 cm. (6) 41*0 cm. (7) 3*2 cm. from 
I.P. 1013 o o 
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mirror ; 0*92 cm. (10) 20-6 cm. (11) 1*53. (12) 2*6 cm. from the surface. 

(13) 36 cm., 25 cm., 10*4 cm., l-Sl. 

XXIII. (6) + 10 cm., - 6-7 cm. (7) f^ = - 37-6 cm., fa = + 60 cm. 
(8) 19*8 cm., 19*8 cm., — 408 cm, (9) 67*5 cm., 42*6 cm. or 24*4 cm., 67-6 cm. 

XXIV. (1) - 6-4 in. (2) 6 ft. (3) 24 in. ; 1-64. (4) - 39-4 in. 

(5) 4*2 cm., 6. 

XXV. (3) 10*6 in., 4*9 ft. square. (7) 9*7. (10) 3*69 cm.. 14*4. 

XXIX. (1) 6*87 X 10-» cm. (2) 2*2 X lO"* radian. (7) 341 cm. 

(8) 5-73 X 10-® cm. (9) = - 46°, ^ 20° 19', 9, = 0° 44', 

21° 54', ^4 =s 47° 8' and all negative orders c^e absent. 

(10) (o) 1*09 X 10“* cm., (6) 0*55 X 10“* cm. (11) 0-367 cm. ; ring system 
has a bright centre. (12) 0-020 cm. (13; 1-46 cm. (14) 1', 3'. (16) 1-72, 
1-60 cm. on one side of the green line, 5-71 cm. and 5*80 cm. on the other side. 

XXX. (1) 1*624. 

XXXII. (1) 494 cycle. sec.“^ (2) c, where c = velocity of light. 

(3) 669 cycle. eec.~^, 469 cycle. seo,“* 

XXXIII. (1) (a) 16-7, 60*0, 83*3, 116-7, 160 cm. (6) 17-2, 61-5, 86*9, 
120*3 cm. (3) 8*3 gm. cm."^ (4) Increase tension 2-78 times ; reduce 
length 0-60 times. (6) 6-4. (10) 3-46 X 10* cm. sec.“^ (11) 469*3 cycle, sec."^ 
(12) 10 kgm.-wt. (13) f //, = lOVio. (14) (266 ± iV) cycle, sec.-* 

(16) 160-2 cycle. sec.“^ 

XXXV. (2) 28-6 e.8.u. (3) 0-30 dyne. (4) 0*92 dyne. 

XXXVI. (1) 3*37 cm., 6-91 e.s.u. (2) 7*6 e.s.u., 2250 volt. (3) 28 cm. 

(4) 0-79 e.s.u. less. (7) 0-040 e.8.u., 0-10 erg. (9) 31-4 erg. 

(16) 1-26 X 10» erg.. 40 volt., 1 00 X 10* erg. (18) 28*3, 20, 20 ; 8-33, 0, 
0 e.s.u. 

XXXVII. (2) 1-77 dyne., 6*19 dyne. (3) - 2-66 e.s.u. of charge, 
4-42 X 10"’ dyne, cm.-* (4) k •— 27rt(ic 4* !)• (5) Ow dyne. cm.“* 

(6) 8*3 X 10-« cm. 

XXXVIII. (3) 1-62 X 10-w amp. (4) 3-1 X 10* dyne. 

XXXIX. (1) - 4*7 dyne. (2) 0-71 dyne. (3) 2-99 cm. (4) 63-6 or 
31-7 erg. oersted.-^ (8) 90 erg. oersted.^* 

XL. (1) 0*0225 oersted. (2) 0-14 oersted. >(3) 37-2 unit-polos. 

744 unit-pole. cm. (4) 9-7 dyne. cm. (6) 7-4 sec. (6) 73*9 unit-pole. cm. 

(7) 125-3 dyne, cm., 66-2 erg. (16) 8*6. (16) 158 erg. oersted.-^ 

(17) 22-7 unit-pole. 

XLI. (2) 229 erg. oersted."*, 0-17 oersted. 

XLIV. (4) 0-169 amp. (6) 19-98ir oersted. (6) 0-4r-* oersted. 

(7) 14-1 cycle, min.-* 

XLV. (1) 110-2 volt. (2) 6-76 volt. (3) 0-097 amp. (4) 1*76 volt., 
1*62 volt. (5) 3-6 ohm. (6) 9 ohm., 0-92 ohm., 0-23 amp., 2*25 amp. 
(7) 10 ohm. (8) 1101 olim. (9) 118*2 ohm. (10) 1-43 ohm., 2 ohm. 

(11) 0-16 oersted. (12) 2-18 volt. (13) 1 : 1*83. 

(14) 6 ohm., 18-8 X 10-®ohm. cm. (16) 0*24 amp. (17) 4*66 volt. ; 10 volt. 

(18) 9.000 ohm. series resistance. (19) 9,900 ohm. series resistance. 

(20) 6-90 ohm. (22) 19-1 ohm. ; 1-01. (23) Shunt with 10*1 ohm. 

XLVI. (1) 1*984. (2) 1-51. (3) 1-015 amp. (6) 1-77 X 10-® ohm. cm. 
(10) 21*3 erg. (II) 6 ohm., 4*66 cm. (12) 60 divisions, 2 X 10* ohm. 

XLVII. (1) 0-28 gm. (2) 8 turns. (3) 2*16 hour. (6) 13 ohm. 

(7) 1-26 amp. (9) 1-16 amp. 0-068 gm. (16) 2-69 X 10**. 

(17) 1*60 X 10-i» coulomb. 

XLVIII. (1) 4*08. (2) 0-98. (3) 4-7 ohm. (6) 100 : 10 : 18-2 : 1-82 or 

1 : 10 : 5*6 : 66. (7) Maximum output when R = 2 ohm. = internal resist- 

ance of battery. (9) 7*23 ohm. 

XLIX. (6) 7*1 X 10-» volt. (6) 0-050 amp. (7) 4 X 10“* volt. 

(8) 1*3 X 10-9 volt. (9) 1-3 X 10-9 volt. (13) 2* X 10» oersted. 

(14) 4ir;iA-*n*«. (16) 2 X lO'^ henry. (16) 6ir X 10“* volt. 

(17) 9-5 X 10* linkages. 

L. (2)60,4*7. (3) 26*3 unit-pole. (4) 0-196 oersted. (6) 2*37 X 10» gauss. 
(6) 180 gauss. (7) 18*4 unit-pole., 368 gauss, 4-62 X 10* gauss, 0-82 X 10*. 

LI. (4) 0-66 X 10-* sec. (6) 7-08 X 10* cm. sec.-*, 139 volt. 

(6) 6*46 X 10* volt. ; 2-4 X 10"* cm. sec.-* 
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* A ’ position of Gauss» 764 
Abba's immersion objective, 528 
Aberration, chromatic, 462 
spherical, 389 
Abney, 357, 362, 459 
Absolute determination of earth's 
magnetic field, 781, 824, 982 
Absolute expansion of liqui(^, 172 
Absolute expansion of mercury and 
other liquids, direct determina- 
tion, 176 et seq. 

— ind^rect determination, 112 Bt 
seq. 

units of force, 27 
zero of temperature, 191 
Absorption spectra, 456 
Absorptive power, 340 
Acceleration, 23 
due to gravity, 25, 38 
of falling bodies, 25 
Accommo&tion of the eye, 488 
Accumulators, 903 
Achromatic combination of two thin 
lenses in contact, 463 et aeq, 
image in a simple microscope, 505 
lens, 463 
prisms, 466 
Achromatism, 462 
Aclinic line, 784 
Action of points, 701 
Acuity, visual, 498 
Adam, N. K., 113 
Addition of S.H.Ms, 580 el aeq. 
Adiabatic change, 280 
elasticity, 593 
Adjustable resistor, 84fi 
Air pumps, 93-7 
thermometers, 187 et aeq. 
Alcoholometry, 81 
Alloys, eutectic, 242 
low melting-point, 243 
Alpha rays, 873 et aeq. 

Alternating current, 622 
supply, frequency of, 622 
^temator, 955 
AmicVa prism, 467 
Ammeter, 857 
Ampere, the, 839 
Amplitude of a wave, 580 


Analysis of polarized light, 577 
spectrum, 465 et aeq. 

Anatomy of the ear, 651 
of the eye, 484 
Andrade, 338, 639 
Andrews, 289 

Angle between nearly parallel plates, 
optical determination of, 568 
critical, 401^, 411-13 
of contact, 117 
of declination, 777 
, ofdip, 776, 962 

of minimum deviation, 409, 455 
of prism, refracting, 410, 454 
of rej^ae, 65 
polarizing, 673 
solid, 362 
visual, 498 

Angular dispersion, 461 
— in an Amici prism, 408 
magnification, 499 et aeq. 

Anion, 800 
Anode, 885 

Anomalous expansion of water, 180 
Anticathode, 997 
Antinodes, 608 
Aplanatic foci, 528 
Apparent depth, 398 
expansion of liquids, 170 
thickness, 397 
Aqueous humour, 485 
vapour in the atmosphere, 262 et 
aeq. 

Arago's disc, 949 
Arc, electric, 917-18 
spectrum, 456 
Archimedes’ principle, 73 
Arrhenius, 894 
Artificial horizon, 378 
ma^aets, 739 

Astatic galvanometer, 820 
Astigmatic pencil, 391 
Astigmatism, 491 
Astronomical telescope, 513 et aeq. 
Atmosphere, standard, 150 
Atmospheric refraction, 417 
Atomic heats, 232 
Attracted disc electrometer, 727 
Atwood’s machine, 30^2 
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Audibility, limits of, 661 
Audition, 661 et aeq. 

Axis, optic, of a nicol, 676 
secondary, of a lens, 428 


* B * position of Gauss, 764 
Back e.m.f. in electrolytes, 890 

— in motors, 836 
-lash, 8 

Bacon, 143, 322, 346 
Balance, 62 
magnetic, 746 
micro-, 66 
physical, 62 
sensitivity of, 63-6 
theory of, 63 
torsion, 663 et seq., 747 
Balance-wheel, compensation of, 167 
Balancing columns of liquids, 87, 176 
Ballistic galvanometer, 834 
Band spectra, 466 
Barlow’s wheel, 828 
Barometers, 84 

Barometric reading, correction for* 
temperature, 186, 186 
Barr and Stroud,'" 526 
Bateman, 634, 746 
Bates, 825 
Boats, 610 

Beckmann thermometer, 158 
Becquerel, 480, 1002 
Bell, electric, 807 
Bench, optical, 435 
Beiget, 306 

Berkeley and Hartley, 109 
Bernoulli, 61 

Berthelot's apparatus for latent heats 
of vapoui’s, 223 
Beta rays, 1002 
Bichromate cell, 805 
Bifilar electrometer, 727 
Binocular vision, 520 
Biot and Savart, 817 
Biprism, 566 

Black body radiation, 336 

frost, 270 

Blackburn’s pendulum, 686 
Blind spot, 486-7 
Blindness, colour, 495 
Boilii^, 261 
-point, 163 

— effect of pressure on, 253 
Boltzmann, 338, 732 

Bomb calorimeter, 233 
Bouquet, phantom, 387 
Boyla tube, 292 
Boyle’s law, 86-7, 1 96 
Boys, 443 

Boys’ radiomiorometer, 934 
Brewster, 478 
Brewster’s law, 673 


Bragg, 997 
Bramidi press, 92 
Brightness, 362 
Brinkworth, 219 
British thermal unit, 203 
Broadside-on position, 766 
Brook Taylor, 618 
Brownian movement, 102 
Bubble, excess pressure inside, 115 
Bulk modulus of elasticity, 142 
of an ideal gas, 144 
Bmiseri, 455 
Bunsen’s coll, 806 
ice calorimeter, 228, 926 
grease-spot pliotometor, 365 
Buoyancy in gases, 88 
correction for, 88 

Butterfly net experiment, Faraday’s, 
673 


Cadmium cell, 806 
Cafeite, 478, 675 

Calibration of a mercury tlior- 
mometer, 153 

Calkmdar, 179, 213, 217, 229, 276, 
277, 307, 334, 874 
Callipers, slide, 7 
Caloric theory, 271 
Calorie, definition of, 203 
Calorific value of coni, 233 
Calorimetry, 203 et 
Camera, photographic. 530 
pinhole, 530 
Canal rays, 997 
Candle power, 361, 363 
Canton, 143 

Capacitance, of condensers, 689 et 
aeq,, 731 et aeq., 878 
of an electrometer, 730 
Capacity, specific inductive, 693 
Capillarity, 119 ef aeq. 

Capillary tube, rise of liquid in, 119 
Carbon dioxide, isothermals for, 291 
Carbon filament lamp, 917 
Carey Foster bridge, 872 
Caries, 497 

Cascade, condensers in, 693 
Cathode, 886 

rays, 478, 993 et aeq. 

Cation, 798 

Caustic curve by refiexion at a con- 
cave s'-^rface, 389 

by refraction at a plane surface, 407 
Cavendish, 722 
Cells, voltaic, 797 et aeq, 
grouping of, 881 
resistance of, 866, 870 
Centigrade heat unit, 203 
scale, 160, 874 
Centro of curvature, 380 
of gravity, 48 
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Centre of the eye lens, 498 
optical, of a lens, 420 
Centrifugal force, 35 
Centripetal force, 36 
c.g.8. system of units, 3 
Change of volume with change of 
state, 238 

Characteristio curve for an electro- 
lyte, 891 

equation for an ideal gas, 193 
of a conductor, 843 
of a diode, 1009 
Charge inside a conductor, 675 
Charged conductor, stress at surface 
of, 716 

Charles' law, 189 
Chemical hygrometer, 266 
Chromatic aberration, 462 
Chromosphere, 458 
Ciliary muscle, 485 
Circle of least confusion, 391 
uniform motion in, 35 
Circular curront, magnetic field due 
to a, 815 

Circularly polarized light, 577 
Clinical thermometer, 156 
Closed magnetic chains, 988 
pipe or tube, 630, 632 
Clouds, 269, 533 

Coefficient of absolute expansion of a 
liquid, 171 U aeq, 

apparent expansion of a liquid, 170 
cubical expansion of a solid, 162 
diffusion, 104 
friction, kinetic, 66 
„ static, 65 
viscosity, 131 

Coefficient of increase in pressure at 
constant volume, 189 at seq. 

— in volume at constant pressure, 
188 et 9^. 

— in resistance with temperature, 
876 

linear expansion, 162 at aeq, 
mean of expansion, 171 
self-induction, 963 
Coercivity, 984 
Coherent rays, 553 
Coil, moving, instruments, 854 et aeq. 
Coil-ignition set, 971 
Cold- worked metal, 139 
Colladon and Sturm, 697 
Collimator, 451 
CoUoids, 112 
Colour, 459 
blindhesB, 495 
complementary, 400 
due to absorption, 470 
mixture, 459 

ioT ^ectnoity, ^62 
CoJoim of thiu GUna, 500 et seq. 


Column of liquid, pressure due to, 72 
Combination of thin lenses, 429 
Comparator, 165 

Comparison of magnetic fields, 771 

— moments, 768, 772 
Compensated pendulum, 168 
Complementa^ colours, 459, 460 
Composite nature of white light, 447 
Composition of S.H.M8, 580 et aeq. 
Compound microscope, 453 
Compressibility, 143 

apparent, 144 
of liquids, 143 

Concave (or diverging) lens, 423, 426, 
441 

mirror, 381, 388, 645 
surface, refraction at, 421 
Concord, 655 

Condenser, action of a, 688 
capacitance of a plate, 692, 724 
energy of, 699 
guard ring, 698 
spherical, 691, 719 
t 3 q>e 8 of, 696 
* variable, 696 
Condensers in parallel, 692 
in series, 693 

Condensing electroscope, 736 
Conductance, 841 
Conductivity, electrical, 861 
electronic and electrolytic, 886 
thermal, 297 et aeq. 

Conductors, conjugate, 851 
Cones, rods and, 486 
Conjugate conductors, 851 
foci, 428 

Conservation of energy, 34, 943 
Constant deviation spectrometer, 413 
pressure gas thermometers, 187, 
198-9 

volume gas thermometers, 195, 199 
Construction of a barometer, 84 
mefcury-in-glass thermometer, 162 
Contact, angle of, 117 
Continuity of state, 293 
Continuous spectrum, 466 
Convection currents, 316 
Convention, optical sign, 380 
Converging lenses, 423, 438 et aeq. 
Convex mirrors, 382, 436 
surface, reflexion at, 382, 436 

— refraction at, 422 
Coolidge X-ray tube, 998 
Cooling correction, 206 

due to a reversible adiabatic ex- 
pansion, 284 

Newton's law of, 213, 317, 335 
Cooling curve method for determin- 
ing melting-points, 237 

— 9^0^ WXA 0)1 Vl, 

method of, 210 at aeq, 

Corkecrew rule. Maxwell h, 810 
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Cornea, 484 

CorpuscleB, negative (cathode rays), 
994 

Corpuscular theory of light, New- 
ton’s, 541 

Correction and error, 8, 16 
Correction of barometric reading for 
temperature, 185 
for heat exchange, 206 
for stem exposure, 186, 

Corrosion, 307 
Coulomb, 663, 747 
the, 839 

Coulomb’s theorem, 714 
torsion balance, 663, 665, 747 
Couple, 48 

on a coil in a magnetic field, 832 
Critical angle, 401 aeq. 
pressure, 291 
temperature, 290 
Crossed nicols, 572 
prisms, Newton’s, 448 
Cryophonw, 260 
Crystalline lens, 485 
Crystalloids, 112 . 

Curie, 987, 1002 

Current, accurate measurement of, 867 
efficiency, 900 
electric, 795 et aeq, 
unit of, 814, 839 

Currents, force on, in a magnetic field, 
827 

Curve of magnetization, 983 
Cylinder, ele<itrified. 715 
Cylindrical air condenser, 721 
lenses and astigmatism, 492 


D lines, 455, 457 
Dalton, 496 
Daltonism, 496 

Dalton’s law of partial pressures, 247, 
254 

Daniell cell, 801 
Daniell’s hygrometer, 263 
Davy safety lamp, 297 
Davy’s experiments on the nature of 
heat, 272 

Dead beat galvanometer, 834 
Debye, 710 

Declination, angle of, 777 
measurement of, 780 
Defects of vision, common, 489 e/ aeq. 
Deflexion magnetometer, 762 
— adjustments of, 768 
Demagnetizing effect of magnetic 
poles, 741 

the mainspring of a watch, 743 
Density, 70, 74 et aeq., 87 

of material of a wire, detomiina- 
tion of, 621 
vapour, 256 et aeq. 


Depolarizing agents, 908 
Depth, apparent, 398-0 
Derived quantities and units, 3 
Determination of electro-chemical 
equivalents, 888 
of e.m.f. of cell, direct, 900 
of frequency, acoustic, 621, 641 

Deviation, minimum, angle of, 409, 
456 

Deviations from Boyle’s law, 289 
Dew, formation of, 269 
Dewar flask, 299, 342 
Dewpoint, 262 
Diagram, thermal, 242 
Dialysis, 112 

Diamagnetic substances, 744, 987 
Diascope, 525 
Diathermancy, 328 
Dielectric, 690 

constant, 693, 709, 732 et aeq. 
constant of gases, variation with 
temperature, 709 
strength, 694 

Dielectrics, theory of isotropic, 706 
et aeq. 

Difference between the two principal 
specific heats of a gas, 216, 285 
of potential (electric), 680 

— potential (magnetic), 792 
Differential pulley, Weston’s, 58 

steam calorimeter, Joly’s, 231 
Diffraction grating, 556 
Diffusion, of dissolved substances, 
gases, solids, 102-6 
of metals, 106 
Dilatometer, volume, 173 
weight, 172 

Dimensional equations, 41 
Dimensions, theory of, 40 
applications of, 43 
Dines’ hygrometer, 264 
Diode, 1008 
Dioptre, 430 

Dip, angle of, 776, 794, 952 
circle, 777 

— errors of a, 778 et aeq. 
determination of angle of, 777, 

952 

needle, forces on a, 777 
Dipole, electric, 706 
Direct vision spectroscope, 468-9 
Directional loci in a magnetic field, 
756, 816 

Discharge of electricity through 
gases, 992 et aeq. 

Discord, 665 

Disintegration, radioactive, 1002 
Dispersion, 447 et aeq. 

angular, 461 
Dispersive power, 461 
Dii^lacement, 18 
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Displacement due to viewing object 
through a glass plate, 399 
electric, 708 

method, focal length by, 439 
Displacements, composition of, 19 
Dissociation theory, 894 
Distribution of electricity on conduc- 
tors, 672 

of energy in a spectrum, 327, 336 
Diverging lenses, 423, 425, 443 
Dolezalek electrometer, 729 
Qomestio hot water supply, 298 
Doppler effect, 612 
Double refraction, 674 
Dropping plate apparatus, 644 
Drops, formation of, 127 
liquid, between plates, 128 
Dry cell, 804 

Dulong and Petit, 176, 232, 334 
Dumas, 268 

vapour density apparatus, 268 
Dust-tube, Kundt’s, 637 
Dynamo, 946 et aeq. 

Dynamometer, friction, 67 
D3me, 27 
Dyson, 182 


Ear, its anatomy, 651 
Earphone, 974 
Earth inductor, 961 
Earth's gravitational field, 680 
magnetic field, 776 et aeq., 824, 962 
Eclipses, 348 
Eddy currents, 948 
Ed^-tone, 636 
Edi^n, 667 

Effective current, 919, 964 
Efficiency of a machine, 60 
luminous, of a source, 363 
Effusion, 104 
Einstein, 1011 
Elastic fatigue, 147 
limit, 138 

Elasticity, 136 ej aeq, 
volume of a gas, 144, 692 
Electric bell, 810 

charge, unit of (electrostatic), 666 
current, small, measurement of, 
733 

displacement, 703 
doublet, 706 
field, 667 

— strength, 667 

— stresses in, 717 
intensity, 667, 709 
polarization, 706 
potential, 679 
susceptibility, 708 

Electrical determination of the me- 
chanical equivalent of heat, 277, 
913 et seq. 


Electrically maintained tuning fork, 
626 

Electrification by friction, 660 
by induction, 669 . 
theories of, 672 

Electrochemical equivalent, 888 
Electrode potential, 798 
Electrolysis, 886 et aeq, 

Faraday's laws of, 887 
Electrolytes, 886 
and Ohm's law, 890 
Electrolytic oxidation and reduction, 
860 

solution pressure, 798 
Electromagnet, 742 
Electrometer, attracted disc, 727 
bifilar, 727 
quadrant, 729 

Electromotive force, 840, 864 et aeq., 
914 

Electron, 672, 994 et aeq. 

Electron emission from hot wires, 
917, 1008 

Electrophorus, 734 

^Electroscope charged by induction, 
671 

condensing, 736 
gold leaf, 661, 671, 681 
Electrostatic unit of charge, 665 

— of potential difference, 680 
Elinvar, 760 

Emission of electrons from hot wires, 
917, 1008 

theory of light, 541 
Emissive power, 341 
Emissivity of a surface, thermal, 342, 
920 

End correction, open and closed 
648 

pipes, 632 et seq. 

— metre bridge, 869 
End-on position, 766 
Energy, 34 

of a charged conductor, 699 
losses in a transformer, 968 
principle of conservation of, 36, 
strain, 145 
surface, 113 

Engine, simple hot air, 279 
Epidiascope, 525 

Equality of charges produced by 
ffiction, 676 
Equation, ideal gas, 193 
Equations, dimensional, 41 
Equilibrium, types of, 49 
Equipotential surface, 686 

— due to a point charge, 686 
Equivalent conductivity, 896 

focal length of two thin lenses in 
contact, 429 

Joule's, 272 et aeq., 911 et aeq. 
magnetic idxell, 813 
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Erecting prism, 623 
Erg, 34 

Ergostorol, 497 
Error, 8, 16 
due to parallax, 16 
Errors of observation, 16 

of a mercury thermometer, 154 
Evaporation, 245 et aeq, 
cooling by, 260 
Ewing, 988 

Exchanges, Prevost’s theory of, 330 
et aeq. 

Expansion of gases, 187 et aeq. 
of liquids, 170 et aeq. 
of solids, 161 et aeq. 
some consequences of, 167 
Extraordinary ray, 674 
Eye, its anatomy, 484 et aeq. 

-ring, 611 


Fahrenheit scale of temperature, 151 
Falling bodies, 26 

plate apparatus, 644 « 

Far-poinfc, 489 
Farad, 878 

Faraday’s butterfly net experiment, 
673 

experiments on induced currents, 
936 et aeq. 

ice-pail experiment, 674 
law of electromagnetic induction, 
942 

laws of electrolysis, 887 
quantitative study of, 947 
ring-transformer, 964 
unit-tube, 668 
Fatigue, elastic, 147 
retinal, 494 
Ferguson, 216, 860 
Ferromagnetic substances, 744, 978 
et aeq., 988 

Ferry, correction for heat exchange, 
206-7, ,220 
Fick’s law, 104 
Filter pump, 93 
Fizoau, 536 
Fleming, 828, 941 
Flicker photometers, 359 et aeq. 

Flint and crown glass, 464 
Floating bodies, stability of, 82 
Flotation, principle of, 74 
Flow of heat across composite plates, 
313 

Fluids, 70 

Fluorescence, 477 et aeq. 

Flux, magnetic, 791, 940 
of light, 363 

Focal length of mirrors, 382, 436 et 
aeq. 

— of a lens combination, 429 


Focal ^length of lenses, 424, 428 
et aeq. 
lines, 390 
planes, 386, 428 
Foci, conjugate, 428 
principal, 382, 424 
Foot-candle, 350, 364 
Foot-poimd, 34 
Foot-poundal, 34 

Forbe’s experiment on thermal con- 
ductivitv of iron, 303 
Force, 26-7 * 

on conductors in magnetic fields, 
827 et aeq. 

Forces, composition of, 46 
Fortin barometer, 84 
Foucault, and the velocity of light, 
637 

— in material media, 539 
currents (eddy), 948 . 

Fourier, 652 
f.p.s. system of units, 3 
Franklin, 701 
Fraunhofer lines, 458, 474 
Frequency, 588 

measurement of, 621, 641 et seq. 
of an a.c. supply, 622 
Fresnel's biprism, 555 
Friction, 64 et aeq. 

dynamometer, 67 
Frost, 269 
Full radiation, 336 
Fundamental interval, 152 
law of magnotometry, 761 
mode of vibration, 622 
paraxial equation, 423 
units, 3 

Fusion, laws of, 238 


Galilean telescope, 519 
Galileo, 26, 345 
Galton’s whistle, 608, 636 
Galvanometer constant, 821 
Galvanometers, 820 et aeq. 

Gamma rays, 1002 

Gas constant, per gram, 109, 194 

— universal, 109, 110, 194 
equation, characteristic, 193 
regulator, 186 

Gases, dielectric constants of, 709 
specific heats of, 216, 231, 285, 289 
Gauss, ‘ A * and * B ’ positions of, 764 
proof of inverse square law, 766 
the, 791 

theorem of, 711, 791 
Gay-Lussac, 189 
Gilbert, 740 

Geometric construction for refracted 
ray, 396, 407 

— of images formed by lenses, 426 
mirrors, 383 
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Gold leaf electroscope, 661, 671, 681 
action of, 681 * 

Graduation of a xnercury-in-glass 
thermometer, 163 et aeq, 
Graham's law of diffusion, 106 
Gram-atom, 896 
-equivalent, 896 
-ion, 896 
-molecule, 896 
Gramme armature, 958 
Gramc^hone, 667 

Graphical construction for caustic 
curve, 407 

focal lengths, 436, 441-2 
Gravimetric hygrometer, 266 
Gravitational units of force, 27 
Gravity, intensity of, 25, 27, 30 ei aeq. 
Grease spot photometer, 355 
Greely, 696 

Gridiron pendulum, 168 
Grotthus, 894 
Guard-ring condenser, 608 

methods, thermal conductivity, 
312 ct aeq. 


‘ Ho * — determination of, 781, 824, 
952 

Hail, 269 

Hard and soft X-rays, 998 
Hare’s apparatus, 87 
Harmonic motion, simple, 36-40 
Harmonics, 623 
Heat, a form of energy, 272 
theories of, 211 et aeq. 

Heating effect of a current, 911 
Hebb, 596 
Helium, 456 

Helmholtz, 488, 495, 652, 656 
and free surface energy, 115 
galvanometer, 822 ef aeq, 
resonators, 662 et aeq. 
theory of colour visloh, 495 
Helmholtz’s wheel, 488 
Herschel, 473, 474 
Heterochromatic photometry, 369 
Heusler’s alloys, 746, 986 
Hibbert magnetic balance, 746 
High frequency sound waves, 648 
Hoar frost, 270 
Hofmann, 267 
Hooke’s law, 138 
Hope’s experiment, 180 et aeq. 
Horizontal variometer, 787 
Horse power, 34 
Hot surface thermometers, 169 
Hot wires, electron emission from, 
917, 1008 

Hot wire X-ray tube, 998 
instruments, 918 
'Humidity, 262 
Huyghena, 26, 642, 574 


Hydraulic press, 92 
Hydrometers, 11 et aeq. 
Hygrometry, 262 et aeq. 
Hypermetropia, 491 
Hypochromatic vision, 495 
H 3 rpsometer, 153, 264 
Hysteresis, magnetic, .963 


Ice calorimeter, Bunsen’s, 228 
— Black’s, 227 
— Lavoisier and Laplace, 228 
Iceland spar, 673 
Ice-lino, 256 
Ice-pail, Faraday’s, 674 
Ideal gas, 288 

characteristic equation for an, 193 
Ignition set for a motor car, 971 
Illumination, intensity of, 350, 364 
Image by reflexion in a plane mirror, 
370-1 

formation of, (lens), 423 et aeq. 

— (mirrors, curved), 380 et aeq. 
produced by a prism, 409 

f refraction at a plane surface, 397 
Images, multiple, 372, 415 
real and virtual, 383, 439 
retinal, 487 

Immersion objective, 528 
Incandescent filament lamp, 917 
Inclined mirrors, 371 
plane, 69 

Index of refraction, 393 
of material of a lens, 442 

— prism, 408, 410 et aeq., 454 
Indoor and street lighting, 366 
Induced charges, electrostutic,^669 

currents, 936 et aeq. 
magnetization, 741, 978 
Inductance, effects of, 963 
self, 962 

Induction coil, 968 
electromagnetic, 936 et aeq. 
magnetic, 791 
Inductor, earth, 951 
Inertia, moment of. 769 
Infra-red radiations, 327, 336, 473 et 
aeq. 

Ingen Hausz, 305 
Insulators, electric, 661 
thermal, 299-300, 308 et aeq. 
Integrating photometer. 365 
Intensity luminous, 351, 363 
' of gravity, 25, 27, 30 etaeq. 

— earth’s horizontal magnetic 
field, 775 et aeq., 824, 952 

— electric field, 667 

— magnetic field, 748, 979 

— magnetization, 758, 790, 978 

— sound waves, 601 
Interference (light waves), 552 et aeq, 

(sound waves), 609 et aeq. 
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Interference* colours of thin films, 660 
et seq. 

fringes, localization of, 569 
Internal energy, 288 
resistance of a cell, 864, 871, 881 
International ampere, 839 
candle, 360 
ohm, 841 
volt, 842 

Interval, musical, 666 
Invar steel, 168 
Inverse-rate curve, 237 
Inverse square law for electric fields, 
664 

illumination, 361 
magnetic fields, 746 
— verification of, 746, 766, 766, 
791 

radiant energy, 324 
Ionization currents, 733-4 
of air, 1000 
Ions, 798, 840, 894 
mobility of, 897 
Iris, the, 486 

Irradiation, 494 ^ 

Isoclinic, 784 
Isogonal, 784 
Isothermal change, 280 
curve, 280 

Isothermals for carbon dioxide, 
289-292 

Isotonic solutions. 111 


‘ J,’ 272 et seq,, 912 
Jaeger, 123 
Jar, Leyden, 694, 701 
Jeans, 329, 661 

Joly's steam calorimeters, 230-2 
Joule, 156, 272 et eeq., 287, 911 
on the heating effect of a current, 
911 

the, 34 

Joule’s equivalent, 272, 912 
experiment on maximum density 
of water, 183 

experiments on expanding gases, 
286 

law, 272, 913 


Kelvin, 239, 287, 346, 943 
Kelvin’s absolute attracted disc 
electrometer, 727 

method for resistance of galvano- 
meter, 869 

moving magnet galvanometer, 835 
Kew magnetometer, 782 
Ealogram, international prototype, 4 
-calorie, 203 
Kinetic friction, 66 
Kirchoff, 465, 848 


Kohlrausch bridge, 892 
Konig, 639 

Kundt’s interference tube, 637 


Lambert, the, 352 
Lamp, incandescent, 917 
Langley, 339 
Langmuir, 113 

liOntem, optical, or diascopo, 464 
Laplace, 692 
Laplace’s law, 830 
Latent image, 532 
heat of fusion, 219 

— vaporization, 219, 222 

Law, inverse square, of electric field, 
664, 746, 755, 766, 791 

— illumination, 350, 364 

— magnetic field, 746 

of cooling, Newton’s, 317, 336 
Snell’s, 393, 547 
Stefan’s, 334, 338 
Laws of electrolysis, 887 
fusion, 236 

graphical determination of, 14 
heating, 914 

induced currents, 941 et aeq, 
motion, 26 

reflexion, 368, 396, 641 et aeq, 
refraction, 393, 542, 647 
thermoelectricity, 929 
Least confusion, circle of, 391 
distance of distinct vision, 489, 601 
et aeq. 

Loclanch6 cell, 803 
Loos* disc apparatus, 309 
Left-hand rule, Fleming’s, 828 
Lenord, 481 
Lens, 423 
achromatic, 463 
action of a, 425 
combination, 429 
focal length of a, 425, 438 et aeq. 
optical centre of a, 426 
power of a, 430 
principal foci of a, 424 
refraction through a, 423, 660 
refractive (index of material of a, 
443 

Lenses, types of, 424 

Lenz’s law of induced currents, 941 

Leslie, 331, 473 

Levers, 61 

Leyden jar, 694, 701 
Lift pump, 90 

Light filters, photographic, 632 
theories of, 345, 541 et aeq. 

Limit of perfect elasticity, 138 
Limits of accuracy, 16 
audibility, 661 

Linear current, magnetic field due 
to a, 816 
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Linear thermopile, 323 
Lines of force, 667, 712, 748 
Linkages, 941 
Liquefaction of gases, 294 
Liquid, rise of, in a capillary tube, 119 
Lissajous' figures, 588, 646 
Local action, 807 
Localized fringes, 550 
Location of images, 435 
Loci, directional, 756, 816 
Longitudinal vibrations of a rod, 627, 
637 

waves, 590 et seq. 

Long sight, 492 
Loschmidt’s number, 996 
Loss of energy on connecting two 
charged condensers in parallel, 
700 

of heat by radiation, 334 
Loudness, 601 

Lower fixed-point of thermometer, 
154 »eq. 

Lumen, 350, 363 
Luminous efficiency, 363 
flux, 350, 363 
intensity, 351, 363 
Lummer-Brodhun photometer, 358 
and Pringsheim, 337 
Lux, 361, 364 


Machines, 49 et seq, 

McLeod Gauge, 98 
Magnetic balance, 746 
elements, 775 

field due to electric currents, 
et seq, 

— inside a solenoid, 819 

— of a bar magnet, 761 

— of a vertical magnet, 764 

— strength, 748 
flux, 940 

induction, 791, 978 
lines of force, 748 
maps, 784 

moment, 753, 759, 768 
permeability, 791 
potential, 792 
shells, 811 
stoims, 788 
susceptibility, 791 
Magnetism, induced, 741, 978 
removal of, 743 
Magnetization, theories of, 987 
Magnetographs, 786 et seq. 
Magnetometer, deflexion, 762 
Schuster, 824 
vibration, Searle’s, 770 
Magnets, molecular, 988 
natural and artificial, 739, 742 
Magnification, angular, 499 
due to curved mirrors, 385 


Magnification, due to lenses, 430 
linear, 385, 430 

due to optical instruments, 499 
et seq. 

Magnifying glcuss, 601 
power of a lens, 501 et aeq. 

— compound microscope, 608 et aeq. 

— telescopes, 514 et aeq. 

— or angifiar magnification, 499 
Major chord, 666 

Mance*8 method for determining re- 
sistance of a cell, 859 
Manometer, 98 
Manometrio flame, 636 
Mass and weight, 27 
measurement of, 16 
Matter, three states of, 244 
Maximum and minimum thermom- 
eters, 157 

density of water, temperature of, 
180 et aeq. 

Maxwell, 244, 346, 722, 810, 818, 849, 
941, 988 

Maxwell's cyclic currents, 849 
^Vlaxwell-turn, 941 
Mean spherical candle power, 365 
value, 10 

Measurement of resistance, 844 et 
aeq.t 868 et aeq. 

temperature, 150, 191 et aeq., 874 
Mechanical advantage, 49 

equivalent of heat, 272 et seq., 912 
MehW^e, 186 
Melde*s experiment, 623 
Melloni, 328 

Melting-point, change with pressure, 
239 

curves, 237 

determination of, 236 et aeq. 
Membrane, semi-permeable, 107 
Meniscus lens, 424 

Mercury, thermal expansion of, 177 
et aeq. 

interrupter, 972 
pumps, 93 et aeq. 
vapour lamp, 471 
-in-glass thermometer, 162 
Meridian, magnetic and geographic, 
777, 780 
Mersenne, 618 
Metacentre, 83 

Metals, behaviour when stretched be- 
yond limit of perfect elasticity, 
146 et aeq. 

Method of cooling, specific heats by, 
210 et aeq. 

Metre bridge, 746 

— end corrections of a, 859 
candle, 350, 364 
Btandaixl, 4 

Michelson, 540 
Microfarad, 878 



INDEX 


1027 


Micrometer screw gauge, 7 
Microphone, 974 

Microscope, angular magnification of, 
601 

compound, 608 et eeq, 
magnifying power of, 610 
simple, 600 
vernier, 9 

Migration of ions, 897 et seq. 
Millilitre, the, 184 
Miner’s lamp, 298 

Minimum deviation, angle of, 409, 
466 

distance between image and object 
(converging lens), 430 
Mirage, 417 

Mirror galvanometer, 833 et acq. 
Mirrors, curved, 380 et aeq. 
inclined, 371 
parabolic, 391 
parallel, 373 
plane, 370 
Mist, 269 

Mixed colours, 469 
Modes of vibration of columns of gas. 
630 et aeq, 

— rods, 626, 638 

— strings, 618 
Modulus bulk, 142, 144 

of elasticity, 139 
of rigidity. 139 
Young’s, 139 et aeq,, 638 
Mole, 110 

Molecular theory of magnetization, 
987 

heats, 233 

Moment of a couple, 48 
force, 48 
inertia, 769 

magnet, 763, 768 et aeq. 
Momentum, 26 

Monochord (or sonometer), 618-19 
Monochromatic light, 449, 471 
Moon, image of, in a concave mirror, 
388 

— thick plane mirror, 417 
Motor, electric, 959 

Moving coil galvanometer, 833 
magnet galvanometer, 836 
Multiple images, 372, 416 
Musical intervals, and scales, 666 
temperament, 667 

Mutual action between currents, 830 
inductfiuice, 960 
Myopia, 491 


Natural light, 447 
magnets, 739 
Near-point, 489 
Negative, photographic, 632 
Nemst, 798 


Neumann, 942 
Neutral equilibrium, 49 
point, 762, 766, 816 
temperature, 931 

Newton, 1, 26, 28, 213, 317, 336, 346, 
432, 447 6<^., 621, 641, 663, 691 
and the velocity of sound in air, 691 
Newton’s equation, 432 

experiments on the spectrum, 447 
— with crossed prisms, 448 
explanation of rofioxion and re- 
fraction of light, 641 
law of cooling, 213, 317, 336 
laws of motion, 26 
rings, 663 et aeq. 
telescope, 621 
Nicol prism, 676 
Nodes and antinodes, 607-8 
pressure variation at, 637 
Nomograph, 186 

Normal adjustment, telescopes in, 
614, 618-19 

Null methods in magnetometry, 769 


Object of finite dimensions, 383, 426 
Objectives, telescope and microscope, 
627-8 

Occlusion, 99 
Octave, 623, 655 
Oersted, 143 
the, 748 

Ohm’s law, 841 et seq. 

for electrolytes, 890 
Oil, viscosity of, 133 
Open tube, 630, 633 
Optic axis of a crystal, 576 
— the eye, 498 
Optical bench, 435 
centre of a lens, 426 
illusions, 494 
lantern or diascope, 626 
lover, 164 

sign conventions, 380 
Optically active substance, 677 
Ordinary ray, 674 
Organ pipes, 635 
Orthochromatic plates, 632 
Osborne Reynolds, 603 
Osmosis, 106 et aeq. 

Osmotic pressure, 107 et aeq. 
Overtones, 623 
Owen, 766 


Panchromatic plates, 633 
Parabolic mirror, 391 
Parallel forces, 47 
Paramagnetic substances, 744, 987 
Paraxial equation, fundamental, 423 
rays, 381 

Parallax, 16, 399, 436 
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Parallelogram of forces, and of 
vectors, 20, 46 

Parallel plate air condenser, 692 

— with guard-ring, 698 

— condenser, 724 
Partial eclipse, 348 

pressures, Dalton’s law of, 247, 264 
Paths of ra 3 rB, in microscopes, 600 et 
seq. 

in telescopw, 614 et seq. 
tracing of, in optical systems, 384, 
396, 427, 600 et seq. 

Peltier effect, 923 et seq. 

Pencil of light, 347 
Pendulmn, Blackburn’s, 686 
simple, 37 
Pentane lamp, 349 
Penumbra, 347 
Perfectly black body, 336 
Periscope, 623 

Permeability, magnetic, 791, 980 
Permittivity, 693 
Perry, 66 

Persistence of vision, 488 
Personal equation, 694 
Petrol pump, 91 
Phantom bouquet, 387 
Phase, 266, 680 

Phenomena in a discharge tube, 992 
et seq. 

Phonic wheel, 643 
Phonograph, 667 
Phosphorescence, 477 et seq. 
Phosphorescope, 480-1 
Photoelectric effect, 477, 1010 
Photographic objective, 531 
Photometer, Bunsen’s grease q)ot, 
366 

flicker, 369-62 
integrating, 366 
Lummer-Brodhun, 358 

Kumford’s shadow, 353-5 
Simmance-Abady, 360 
variable sector, Abney’s, 357 
Pictet, 333 

Piezoelectric effect, 647 
Piezometer, 143 
Pin-hole camera, 630 
Pitch, 601 

Plane surface, caustic by refraction 
at, 407 

polarized light, 671 
of polarization, 672 
of vibration, 672 
Plasma membrane, 111 
Plasmolysis, 111 
Plateau’s spherule, 127 
Platinum resistance thermometer, 
876 et seq, 

Playfair, 183 
Points, action of, 701 
Poise, the, 131 


Poisenille, 131 
Poisson’s ratio, 142 
Polarimeter, 677 
Polarization by reflexion, 673 
electric, 707 
of cells, 801 
of light, 671 et seq. 

Polo of a curved mirror, 380 
Poles, magnetic, 747, 763, 776 
Positive and negative charges equal 
in amount, 675 
Ta3r8, 997 

Post Office box, 847 
Potential difference, 677 

— and electromotive force, 840, 
864 

— between the two sides of a 
magnetic riiell, 814 

— due to a point charge, 683 

— magnetic shell, 811 

due to a charged metal disc, 687 

— sphere, 687 
electric, 679 

— free and induced, 682 
energy, giavitational, 34 

— of a charged condenser, 699 

— due to a shell, 811 

— due to a small magnet, 793 
gradient, 686 

magnetic, 792, 811 
Potentiometer, 866 
Rayleigh’s, 870 
Poundal, 27 
Power, 34 
of a lens, 430 
magnifying, 490 et seq. 
measurement of, 919 
units of, 34 

Practical unit of capacitance, 878 
current, 839 
energy, 34 

force, 27 

potential difference, 840 
power, 34 
resistance, 841 
Presbyopia, 489 

Pressure at a point in a liquid, 72 
and the velocity of sound in an 
ideal gas, 693 
atmospheric, 84 
effect on boiling-points, 263 

— melting-point, 239 
excess, inside a bubble, 116 
gauge, McLeod, 98 

low, measurement of, 97 et seq. 
osmotic, 107 et seq. 
variation at a node, 637 
Prevost’s theory of exchanges, 330-3 
Primary cells, 801 et seq., 903 
spectrum, 462 

Principal foci of a lens, 424-6 
focus of a curved surface, 382 
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Principal plane of a crystal, 676 

— of a lens, 429 
~ of a mirror, 383 

Principle, Archimedes*, 73 
of least heat, 916 

— superposition, 662 

— virtual work, 60 
Priam, 408 

achromatic, 466 

adjustment of, Schuster's method, 
462 

binoculars, 620 
erecting, 623 

measurement of angle of, 410, 464 
refracting angle of a, 408 
refractive index of material of, 410 
small, 413 

Production of pure spectra, 450 
Proof plane, 673 
spirit, 82 

Propagation of light, on corpuscular 
theory, 641 
on wave theory, 642 
rectilinear, 347 
Protoplast, ill 
Pseudo-neutral point, 762 
Psychrometer, 26o 
Pulfiich refractometor, 406 
Pulleys, 66 tt seq. 

Pumps, air, 93 et seq, 
diffusion, 96 
lift, 90 
petrol, 90 
suction, 89 
Pupil of the eye, 486 
Pure spectrum, 460, 668 
Pyrometer, 876, 933 


Quadrant electrometer, 729 
Quality of sounds, 601 et seq,, 662 
Quantity of electricity, 662, 839 
Quincke, 610, 718 
Quincke's tube, 610 


‘ ^,* the gas constant per greun, 109, 
194 

K, the universal gas constant per 
mole, 109, 194 
Radial magnetic field, 760 
Radiation, measuring instruments, 
322 et seq,, 934 
of cold, 333 

of thermal energy, 321 et seq. 
Radioactivity, 1001 et seq. 
Radiomicrometer, Boys', 934 
Radius of curvature of a lens surface, 
436, 443 

mirror surface, 436 
Rain, 269 
Rainbows, 481 


Ramsay and Young, 249 
Ramsden circle, 611 
Range finder, 626 

of an alpha-ray particle, 1006 
Ratio of the principal specific heats 
of a gas, 281, 288, 692 
Ray, 346 

tracing of, 386 
Rayleigh, 603, 873 

Recalescence temperature in iron, 986 
Recombination of spectral colours, 
458 

Rectification of a.c., 966 
Roctilinoar propagation of light, 347 

— radiant energy, 324 
Reduction factor of a galvanometer, 

821 

Rofiecting galvanometer, 833 et seq. 
magnetometer, 763 
power, 352 

telescope, Newton’s, 521 
Reflexion in a plane mirror, 368 et 
seq., 643 

at a spherical mirror or surface, 380 
et seq., 544 
laws of, 368, 396 

of plane waves from a moving 
mirror, 616 
of radiant energy, 326 
of sound, 604 

— at a wall, 606 et seq. 

— with change of phase, 608. 
polarization by, 572 

total internal, 401 
Refracting telescopes, 513 et seq. 
Refraction at a concave surface, 421, 
648 

— convex surface, 422 

— plane surface, 393 et seq., 647 
double, 574 

laws of, 393, 548 
of sound-waves, 606 

— by a wind, 605 

of radiant energy, 327 
through a thin lens, 423, 650 

— plate, 399 

— prism, 408 

— several media, 396 
Refractive index, 393 

by polarizing angle, 673 
by the method of apparent depth, 
398 

by the method of total internal 
refiexion, 402 et seq., 411 seq. 
of liquid available in bulk, 398 
of material of a lens, 443 

— prism, 410-12, 466 

— thick mirror, 399 

on Huyghens* wave-theory, 547 
on Newton’s corpuscular theory, 
642 

Refractivity, 394 
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Befraotometer, 405 
Begelation, 240 

Regnault’s experiments on compres- 
sibility, 144 

— expansion of gases, 108 

— expansion of mercury, 177 

— saturated vapours, 247-9 

— solids and liquids, 206 

— specific heats of gases at con- 
stant pressure, 216, 288 

— the method of cooling, 213 

— velocity of sound, 694 
hygrometer, 263, 268 

Relative humidity, 262 
Remanence, 984 
Residual charge, 701 
Resistance box, 844 
by substitution, 844 
electrical, 841 

of a cell, Mance's method, 869 
of a galvanometer, Kelvin’s 
method, 869 
of an electrolyte, 890 
scale of temperature, 874 et aeq, 
shunt method, 863 
small, determination of, 873 
variation with temperature, 873 et 
aeq. 

Resistances, comparison of, 846, 868 
in series and in parallel, 843 
Resistivity, 861 
Resolving power, 627 
Resonance, 628 et aeq. 

tubes, 632 
Resonators, 652 

Resultant of two non-collinear forces, 
46 

Retardation, 22 

Retentivity, 984 

Retina, 485^, 488 

Retinal fatigue, 494 

Reversible charge, 281 

Ri£^t-hand rule, Fleming’s, 941 

Rigidity, modulus of, 139 

Rise of liquid in a capillary tube, 119 

— between vertical plates, 121 
Ritchie’s apparatus, 341 

Rods, longitudinal vibrations of, 637-8 
transverse vibrations of, 625 
Rods and cones, 486 
R5mer, 634 
Rdntgen, 997 

Root-mean-square current, 919, 954 
Rose’s metal, 243 

Rotating plane mirror, refiexion from, 
374 

Rowland, 276, 797 
Rubens* tube, 637 

Rumford’s experiments on the nature 
of heat, 271 

method, correction for heat ex- 
change by, 206 


Rumfoid’s shadow photometer, 363 
Rutherford, 1002 


Saturated vapours, 245 et aeq. 
Saturation pressure of a vapour, 246 
et aeq. 

Savart’s wheel, 602 
Scalars, 19 
Schuster, 452, 824 
magnetometer, 824 
Sclerotic, 484 
Screws, 8, 60 

velocity ratio and efficiency of, 61 
Sea-water, velocity of sound in, 597 
et aeq. 

Searle, 141, 288, 301 
Seat of electrical energy, 700 
Secondary axes of a lens, 428 
cells, 903 
spectrum, 463 
Second, mean, 5 

principal focus of a lens, 424 
Sector photometer, Abney’s, 357 
(Secular variation, magnetic, 788 
Seebeck, 474 
effect, 922 

. Self-inductance, 962 
Semi-permeable membrane, 107 
Sensitive jets and flames, 603 
Sensitivity of a balance, 53-6 
Series-wound electrical machines, 967 
Sextant, Hadley’s, 376 et aeq. 

Shadow photometer, 353 
Shadows, 347 

S.H.Ms., composition of, 580 et aeq. 
Shear stress and strain, 137-8 
Shelford Bidwell, 986 
Shells, magnetic, 811 
Short sight, 492 
Shunts, 861 
universal, 852 

Shunt-wound electrical machines, 957 
Sidereal day, 6 
Siemens, 875 

Signs, convention of, in optical 
problems, 380 

Simmance-Abady flicker photometer^ 
360 

Simple harmonic motion, 36, 579 
pendulum, 37 
voltaic cell, 797 
Sine galvanometer, 822 
Singing flames, 640 
Siphon, 91 
Siren, 641 

Small deflexions, measurement of, 378- 
Snell’s law of refraction, 393, 547 
^ow, 269 

Soap bubble, excess pressure ihside,. 
116 

Soddy, 873 
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Sodium flame, 465, 566 
lines, 455, 467 
Solar constant, 339 
ma^etics, 789 
radiation, 339 
spectrum, 458 

Solenoid, magnetic fleld inside, 818 
Solid, specific beat of, 205, 213, 
227-31 

Solids, thermal expansion of, 161 eL 
seq. 

Solution pressure, 798 
Sonometer, 618-19, 622 
Sound, nature of, 579 et acq. 
propagation of, 587 et seq. 
ranging, 599 
reproduction of, 657 
velocity of, 591 et seq., 638 
South-seeking pole, 740 
Spark, 963 
discharge, 992 
spectrum, 456 

Specific charge of an electron, 996 
heat, 204, 

— of liquids, 206, 210 

— of soUds, 206, 213, 227-31 

— steam, 219 

heats of a gas, two principal, 215- 
18, 231, 288 

— ■ difference between, 216, 285 

— ratio of, 281, 288 
inductive capacity, 693 
resistance (resistivity), 861 
rotation, 677 

volume, 171 
Spectrometer, 450, 558 
adjustments, 452 
constant deviation, 413 
Spectrum analysis, 455 

— on a screen, 449 
production of a pure, 450 

Speed, 20 

Spherical aberration, 389 
air condenser, 691, 721 
mirrors, reflexion in, 380 et seq. 
surface, refraction at, 421-3, 548 
Spheromoter, 11 
Sprengel piunp, 95 
Spring, helical, 40 
StabiUty of floating bodies, 82 
Stable equilibrium, 49 
Standard atmosphere, 150 
candle, 349-50 
cell, 806 

gas thermometers, 197 seq. 
source of light, 348 
Standardization of a mercury-in-glass 
thermometer, 153 
Static friction, 64 

Stationary (or standing) vibrations, 
608, 631 

Steady flow calorimetry, 207 


Steady state, 300 
Steam calorimeters, 230-2 
latent heat of, 223 et seq. 

-line, 256 

specific heat of, superheated, 219 
Stefan’s law of radiation, 334, 338 
Steelyards, 62-3 

Stem exposure, correction for, 186 
Stokes’ law (phosphorescence), 478 

— (viscosity), 132 

— method for detecting fluores- 
cence, 479 

Stone, 695 

Strain, compressive and tensile, 136-7 
energy, 145 

influence of, on polarized light, 578 
thermometer, 159 
Stream-line motion, 603 
Strength of a magnetic shell, 811 
ultimate, 147 
Stress, 136 

at surface of conductor, 716 
Stresses in an electric field, 717 
Stretched string, frequency of vibra- 
tion, 44, 618 
Stroboscope, 642 
Sub-standard lamp, 360 
Suction pump, 89 

Sum and difference method of com- 
paring e.m.fs., 865 

Sun’s altitude, determination of, 378 
Sunvalve, 299 
Supercooling, 238 
Supersonics, 667 
Surface density of charge, 675 
emissivity, 342 
energy, 113 
films on water, 129 
tension, 113 et seq. 

Susceptibility, electric, 708 
magnetic, 791, 980 
Suspended coil galvanometer, 833 
magnet galvanometer. 835 


Tangent * A ’ and * B ’ positions of 
Gauss, 764 et seq. 
galvanometer, 722 

— n’sistance of a, 853 

— sensitivity of a, 822 
magnetometer, 671 

to a curve, method for drawing, 215 
Telegraphy, 810 
Telemeter, 526 
Telephone, 973 

Telescope, astronomical, 513 seq. 
Galileo’s, 619 

magnifying power of, 514 et seq. 
reflecting, 521 
terrestri^, 617 
Temperament, musical, 657 
Temperature, absolute zero of, 191 
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Temperature and the velocity of 
sound in an ideal gas, 593 

— in air, ezperimentid study of, 
634, 639 

definition of, 149 et aeq, 
of recaleacence, 985 
scales, 160, 874 
Temper^ scales, 657 
Tensile stress, 136 
Tension, surface, 113 et aeq. 
Terrestrial telescope, 517 
Theories of electrolysis, 894 
heat, 271 el aeq. 
light, 641 el aeq. 

Theory of exchanges, 330 
fits, Newton's, 346, 542 
magnetization, 987 
Thermal capacity, 204 
conductivity, 299 el aeq. 

— of a bar (iron), Forbes’ method, 
303 

— of copper, Searle's method, 301 

— of ebonite, Lees’ method, 309 

— of gases, 316 

— of glass, 310 

— of liquids, 314 

— of mercury, 306 

— of solids, badly conducting, 
Callendar’s method, 307 

effects of a current, 911 
Thermionic current, 1008 
Thermodynamics, &st law of, 272 
Thermoelectric curve, 931 
inversion, 931 

Thermometer, calibration of a mer- 
cury-in-glass, 153 
clinical, 156 

corrections to a mercury^in-glass, 
164 

gas, 189 6l aeq. 

maximum and minimum, 157 
Paris standard, 156 
platinum resistance, 875 
weight, 172 

Thermometric substance, essentials 
of, 163 • 

Thermopile, 323, 924 

Thermostat, 186 

Thin films, colours in, 560 

lens, refraction through, 423, 550 

— refractive index of material of, 
442 

lenses, in contact, 429 
Thomson effect, 926 
Timbre, 601, 652 
Time, 4 

measurement of, 15 
Toepler pump, 93 
Torricellian vacuum, 84 
Torsion balance, 663, 665 
Total eclipse, 348 
internal r^exion, 401 


Tourmcdine, 671 

Tracing rays, 371, 384, 427 el aeq., 
451 el aeq. 

Track, banki^ of a, 36 
Transformer, 964 el aeq. 

Transmission of electrical energy, 966 
speech, 976 

Trimsmitter, microphone, 974 
Transverse vibrations of rods, 6i$6 
— strings, 617 el aeq. 
wave-motion, 588 et aeq. 
Triple-point, 256 
Tubes of force, 586, 627 
magnetic induction, 791 
Tuning forks, 625 

electrically maintained, 626 
two notes to unison, 620 
Tungsten filaments, 998, 1008 
Turbulent motion, 603 
Tyndall, 334, 476 
Tjqies of barometer, 84 
cell, 801 el aeq. 
hy^ometer, 77 el aeq. 
lens, 423-4 


U-tube method, inverted, density by 
Hare’s, 87 

Ultra-violet radiations, 472, 476 
in therapeutics, 496 
Umbra, 347 

Uniform magnetic field, 750 
Unit charge of electricity, 664 
current, 814, 839 
electromotive force, 840 
fundamental, 3 
of energy, 34 
of force, 27 
of length, 3 

of potential difference, 840 
of power, 34 
of work, 34 
magnetic pole, 747 
mass, 4 
resistance, 841 
Unsaturated vapour, 245 
Unstable conditions, 238 
equilibrium, 49 


Vacua, 96 el aeq. 

Yacuiim junction, 954 
pump, rotary, 96 
— Sprengel, 95 
— Toepler, 93 
van’t Hoff, 109 
Vapour density, 256 
pressure, 245 el aeq. 

Ramsay’s method of determining 
saturation, 249 

R^gnault’s method of determining 
saturation, 247-9 
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Variation of boiling-point with pres- 
sure, 253 

freezing-point with pressure, 239 
Variations, magnetic, 788 et seq. 
Vectors, 19 
Velocity, 21 
ionic, 899 

^ of light, 634 et aeq. 
of sound, 591 et aeq., 638 

— in an ideal gae, variation with 
temperature and pressure, 593 

of transverse waves, 617 
ratio, 49 
-time curve, 21 

Verification of Joule’s law, 913 
Ohm's law, for conductors, metal- 
lic, 842 

— electrolytes, 891 
Vernier, 6 

circular, 13 
microscope, 9 

Vertical component of earth's mag- 
netic field, 776, 831 
Vibration magnetometer, Securle's, 770 
Vibrations, forced and free, 628 
of columns of gas, 630 et aeq. 
of rods, 625 et aeq., 638 
of strings, 618 aeri. 
stationary, 608, 631 
Virtual current, 919, 954 
imago, 385, 427 
Viscosity, 130 et aeq. 

Vision, defects of, 489 et aeq. 
least distance of distinct, 489, 498 
persistence of, 488 
through a lens, 492 et aeq. 

Visual acuity, 498-9 
angle, 498 

Vitreous humour, 485 
Volt, the, 840 
Voltaic cell, 797 
Voltameter, 889 
Voltmotors, 867 

Volume expansion, 162, 170 et aeq, 

elasticity, 142 


Water, maximum density of, 4, 180 
et aeq. 

thermal conductivity of, 314 
Watson’s magnetograph, 787 
Watt, the, 34, 912 
Wattmeter, 919 
Wave-equation, 590 
-length, 552, 588 
-motion, 587 

-theory of light, 346, 542 et aeq. 
Waves, 587 

longitudinal, 690 
transverse, 588 
Wehnelt interrupter, 972 
Weighing machine, 61 
Weight, 27 

thermometer, 172 
Welandar, 32 
Weston cadmium cell, 806 
Weston's differential pulley, 68 
Wet and dry bulb hygrometer, 266 
et aeq. 

Wotting of surfaces, 128 
Wheatstone bridge, 845, 860 
Wheel, balance, 167 
White light, recomposition of, 447, 
458 

Wien's displacement law, 338 
Wimshurst machine, 736 
Wood's metal, 243 
M’^ork, definition of, 33 

done by an ideal gas, during re- 
versible expansion, 281 
Wurtel plate, 139 


X-rays, 997 

Xeroderma pigmcntosuni, 496 


Yard, imperial standard, 3 
Yield point, 146 
stress, 146 

Young, 473, 562 

Young's modulus, 139 

theory of colour vision, 495 


Waltenhofen's pendulum, 960 

Waran, 96, 98, 427 Zeeman effect, 789 

Water equivalent, 204 Zero, absolute, of temperature, 191 

in the atmosphere, 262 et aeq, of potential, 679 













